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Preface 

This book has grown out of our teaching and research activities in the field 
of digital-signal processing. It is designed, primarily, as a text for a senior or 
first-year graduate level course. The notes on which this book is based have 
been used for a one-semester introductory course in the M.IT. Department 
of Electrical Engineering as well as for a continuing education course at Bell 
Laboratories. The notes were also used for three years in a condensed two-

week summer course at M.I.T. and, in latter stages of development, at a 

number of universities around the country for one-semester courses. 
A typical one-semester course would cover Chapters 1, 2, and 3, in depth, 

and selected fundamental topics from Chapters 4, 5, 6, and 7. The remainder 
of the text, in conjunction with supplemental reading, forms the basis for a 
second-semester course on advanced topics and applications. 

Essential to learning a subject of this nature is the actual practice in 
working out new results and the application of the results to the solutions of 
real problems. Therefore, an important part of the text is a collection of 
approximately 250 homework problems. These problems are designed to 
extend results developed in the text, to develop some results that were referred 
to in the text, and to illustrate applications to practical problems. Solutions 
to the problems are available to instructors through the publisher. A. self-

study course consisting of a set of video-tape lectures and a study guide have 
been developed to accompany this text. Further information about the 
lecture tapes and study guide may be obtained through the M.I.T. Center for 
Advanced Engineering Study. 



 

           

          

        

         

          

       
     

            

          

            

           

           

          

            

        

            

            

        

          

         

          

          

         

          

        

           

          

           

           

           

           

     

            

           

           

  
        

          

         

        

            

          

      

  

            
           

         
          

           
        

      

             
           

            
            

            

          
             

         
             

             
         

           
         

           
           

         
 

           
         

            
          

            
           

            
            

      
             

            
            

  
         

          
          

         
             

           

       

xii Preface 

It is assumed that the reader has a background of advanced calculus, 
including an introduction to complex variable theory and an exposure to 
linear system theory for continuous-time signals, including Laplace and 
Fourier transforms, as taught in most electrical and mechanical engineering 
curricula. With this background the book is self-contained. In particular, no 
prior experience with discrete-time signals, z-transforms, discrete Fourier 
transforms and the like is assumed. 

In Chapter 1, we begin with the definition of discrete-time signals and the 
class of linear shift-invariant systems. The representation of this class of 
systems in both the time domain, using the convolution sum, and the fre-

quency domain, using the Fourier transform, is presented. In Chapter 2, we 
generalize the treatment of the Fourier transform to a discussion of the 

representation of discrete-time systems and signals in terms of the z-trans-

form. Most of Chapter 2 deals with the definition and properties of the 
z-transform and the system function representation of linear shift-invariant 
systems. In both Chapters 1 and 2, we conclude with a brief generalization 
of the one-dimensional ideas and results to two dimensions. In Chapter 3, we 
introduce the discrete Fourier transform. This transformation forms the 

basis for many digital signal processing techniques and is inherently a 
discrete-time concept. In addition to developing the discrete Fourier trans-

form and its properties, we introduce the notion of implementing discrete 
convolution explicitly by means of the discrete Fourier transform. Thus, the 
first three chapters present the fundamental ideas in discrete-time signal

representation. 
The discussion in Chapter 1 introduces the class of linear shift-invariant 

systems which are representable by linear constant coeflicient difference 
equations. In Chapter 4, we discuss the implementation of this class of 
systems as digital networks composed of adders, delay elements, and coeffi-

cient multipliers. Much of the chapter is concerned with developing a variety 
of the important digital filter structures. The flow graph and matrix repre-

sentations introduced in this chapter lead to a theory of digital networks. 
Included is a discussion of Tellegen’s theorem for digital networks and some 
of the resulting network sensitivity relations. 

fn Chapter 5 we present the basic issues involved in digital filter design 
and also present the more common and useful digital filter design methods. 
These include a number of analytical methods as well as algorithmic or 

computer-aided design techniques.
fn continuous-time linear system theory, the Fourier transform is 

primarily an analytical tool for representing signals and systems. In con-

trast, in the discrete-time domain, many signal processing systems and 
algorithms involve the explicit computation of the Fourier transform. 
Chapter 6 is directed toward a discussion of the computation of the discrete 
Fourier transform. Most of the discussion centers on fast Fourier transform 

algorithms for both one-dimensional and multi-dimensional sequences. 



 

          

         

          

         

         

 

             

          

          

        

         

          

           

              

             

          

           

          

         

            

            

            

      

          

         

          

              

             

          

          

            

          

            

   
         

          

          

              

            

  
          

          

          

           

  

           
          

           
          

          
  

             
           

           
         

          
           
            

               
              
           

            
           

          
             

            
             

       
           

          
           

               
              

           
           

             
           

             
   

          
           

           
               

             

   
           

          
           

            

Preface xiii 

In Chapter 7, we introduce the discrete Hilbert transform. This transform 
arises in a variety of practical applications, including inverse filtering, 
complex representations for real bandpass signals, and many others. It also 
has particular significance for a class of signal processing techniques 
referred to as homomorphic signal processing that is discussed in 
Chapter 10. 

[n the discussion in the first seven chapters, it is assumed that the discrete-

time signals with which we are dealing are deterministic signals. Another 
important class of discrete-time signals is the class of random signals 
characterized primarily by the properties of averages—such as correlation 
functions and their Fourier transforms, spectral density functions. Thus, in 
Chapter 8 we introduce some of the basic concepts concerning discrete 
random signals. While random signals arise in a variety of situations, we 
make particular use of the results of Chapter 8 in Chapter 9. For most of 
the discussion up to Chapter 9, signals are assumed to be discrete in time, 
but continuous in amplitude. In representing signals in a digital computer 
or with digital hardware, it is necessary to quantize the amplitudes. The 
effect of this amplitude quantization depends strongly on the choice of 
arithmetic and word-length as well as the signal processing application. 
Many of the finite register length effects can be characterized using the results 
of Chapter 8. Thus, in Chapter 9, we consider the representation of quantiza-

tion effects in terms of additive noise and analyze these effects for both 
digital filtering and fast Fourier transform algorithms. 

[n Chapter 10, we introduce a class of signal processing techniques 
referred to as homomorphic signal processing. This class of techniques, 
although nonlinear, is based upon a generalization of the linear techniques 
that was the focus of the early chapters of this book, and can be understood 
in terms of the ideas presented in the earlier chapters. Thus, in addition to 
introducing a new class of signal processing techniques, this chapter serves 
as a vehicle for utilizing—in a sophisticated way—many of the previous 
results developed in this book. In addition, we present in this chapter a 
number of applications of homomorphic signal processing that we hope will 
give the reader a strong indication of the breadth of applications of digital 
signal processing in general.

The final chapter introduces another important class of applications of 
digital signal processing techniques; the estimation of the spectrum of a 
random signal. Many of the techniques discussed throughout this book are 
useful in this class of problems. In Chapter 11, we do not attempt to treat 
this topic exhaustively, but rather offer it as an elementary introduction to a 

very complicated subject. 
In the selection and preparation of the material presented, we have 

attempted to focus on fundamental principles that will be widely ap-

plicable to the diverse fields where signal processing is required and 
have avoided details that we felt to be inappropriate for this textbook. 



 

          

       

          

            

           

             

            

             

            

               

            

           

              

            

           

             

          

             

         

           

          

           

          

            

         

          

             

            

    
          

            

              

         

         

         

 
           

          

          

  

    

             

     

  

           
        

           
             

            
              

             
             

             
               

             
            

               
             

            
              
          

              
          

            
           

            
           

             
          

           
              

             
    

           
             

               
          

          
          

 
            

           
           

   
     

              
      

xiv Preface 

Many of these details, together with additional applications, can be found 
in the companion book by Rabiner and Gold. 

Throughout the preparation of this book, we have enjoyed a close 
collaboration with a number of people who we feel fortunate to count as 

both colleagues and friends. In particular, much of this book has been 
greatly influenced by a close association with Dr. B. Gold and Mr. C. M. 
Rader of the M.LT. Lincoln Laboratory; Dr. J. L. Flanagan, Dr. J. F. 
Kaiser, and Dr. L. R. Rabiner, of Bell Laboratories; and Prof. T. G. Stock-

ham, Jr. of the University of Utah. Drs. Gold and Flanagan, in particular, 
have not only had a direct influence on this book but have also had a pro-

found effect upon the personal and professional growth of A. V. O. and 
R. W. S. respectively. Our debt to them is gratefully acknowledged. Also, 
one of us (R. W. S.), has enjoyed a long and fruitful collaboration in research 
with Dr. L. R. Rabiner that has influenced the book in many ways. 

Our students, too, have had a significant impact on this book. Specifically, 
Dr. R. Mersereau has helped in teaching the course at M.LLT. and has been 
our best critic. His thoughtful comments have improved the book signifi-

cantly. Dr. R. E. Crochiere has also aided in teaching the course and has 
made numerous helpful suggestions. In addition, his doctoral research has 
significantly influenced Chapter 4. D. Johnson, M. R. Portnoff, and V. Zue 
have served as teaching assistants and have offered many criticisms and 
corrections that have improved the book. H. Hersey, in addition to serving 
as a teaching assistant, has prepared solutions to accompany the text. 

Many of our own students, as well as students and professors at other 
institutions, have read and criticized versions of the manuscript. Their 
comments have been most helpful and are greatly appreciated. We also 
wish to thank S. Bates, J. Dubnowski, R. Kuc, G. Kopec, J. McClellan, E. 
Singer, B. Stuck, and a number of the people mentioned above for assisting 
in reading final page proofs.

We wish to thank M.L.T. and Bell Laboratories for providing support 
and a stimulating environment in which the ideas of this book could be 
developed. Part of the book was written while one of the authors (A. V. O.) 
was a Guggenheim Fellow at the Speech Communication Laboratory in 
Grenoble, France. The support of the Guggenheim Foundation and the 
hospitality of the Speech Communication Laboratory during this period is 
gratefully acknowledged.

Finally, we express thanks to Miss Judy Johnson for help in preparing 
the manuscript and to Miss Monica Edelman, Mrs. Anita Caswell, and 
Mrs. Monica Pettyjohn for their contributions to typing of various drafts 
of the book. 

ALAN V. OPPENHEIM/RONALD W. SCHAFER 

t L. R. Rabiner and B. Gold, Theory and Application of Digital Signal Processing 
Prentice-Hall, Inc., Englewood Cliffs, N.J., 1975. 
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Introduction 

Digital signal processing, a field which has its roots in 17th and 18th century 
mathematics, has become an important modern tool in a multitude of diverse 
fields of science and technology. The techniques and applications of this 
field are as old as Newton and Gauss and as new as digital computers and 

integrated circuits. 
Digital signal processing is concerned with the representation of signals 

by sequences of numbers or symbols and the processing of these sequences. 
The purpose of such processing may be to estimate characteristic parameters 
of a signal or to transform a signal into a form which is in some sense more 

desirable. The classical numerical analysis formulas, such as those designed 
for interpolation, integration, and differentiation, are certainly digital

signal processing algorithms. On the other hand, the availability of high

speed digital computers has fostered the development of increasingly complex

and sophisticated signal processing algorithms. and recent advances in 
integrated circuit technology promise economical implementations of very

complex digital signal processing systems.
Signal processing, in general, has a rich history, and its importance is 

evident in such diverse fields as biomedical engineering, acoustics, sonar, 
radar, seismology, speech communication, data communication, nuclear 
science, and many others. In many applications, as, for example, in EEG and 
EKG analysis or in systems for speech transmission and speech recognition, 
we may wish to extract some characteristic parameters. Alternatively, we 
may wish to remove interference, such as noise, from the signal or to modify 



 

              

         

           

           

            

     

         

          

          

         

            

        

         

       

  
         

          

        

             

            

             

          

           

            

         

           

            

             

            

          

       

         

          

         

           

       

            

           

        

          

             

         

  

               
          
           
            

            

      
         

          
          

          
             
         

          
        

  
          

           
         

              
             

             
           

            
             

          

            
             

             

             
           

        
          

           

          
            

        
             

            
         

          
              

          

2 Introduction 

the signal to present it in a form which is more easily interpreted by an 
expert. As another example, a signal transmitted over a communications 
channel is generally perturbed in a variety of ways, including channel dis-

tortion, fading, and the insertion of background noise. One of the objectives 
at the receiver is to compensate for these disturbances. In each case, pro-

cessing of the signal is required. 
Signal processing problems are not confined, of course, to one-dimen-

sional signals. Many picture processing applications require the use of two-

dimensional signal processing techniques. This is the case, in x-ray en-

hancement, the enhancement and analysis of aerial photographs for detection 
of forest fires or crop damage, the analysis of satellite weather photos, and 
the enhancement of television transmissions from lunar and deep-space 
probes. Seismic data analysis as required in oil exploration, earthquake 
measurements and nuclear test monitoring also utilizes multidimensional 

signal processing techniques.
Until recently, signal processing has typically been carried out using 

analog equipment. Some exceptions to this were evident in the 1950s, 
particularly in areas where sophisticated signal processing was required. 
This was the case, for example, in the analysis of some geophysical data which 
could be recorded on magnetic tape for later processing on a large digital 
computer. This class of problems was one of the first examples of signal pro-

cessing using digital computers. This type of signal processing could not 
generally be done in real-time; for example, minutes or even hours of 
computer time were often required to process only seconds of data. Even so, 
the flexibility of the digital computer made this alternative extremely 
inviting.

During this same period the use of digital computers in signal processing 
also arose in a different way. Because of the flexibility of digital computers, 
it was often useful to simulate a signal processing system on a digital com-

puter before implementing it in analog hardware. In this way, a new signal 
processing algorithm, or system, could be studied in a flexible experimental 
environment before committing economic and engineering resources to 
constructing it. Typical examples of such simulations were the vocoder 
simulations carried out at Lincoln Laboratory and at Bell Laboratories. In 

the implementation of an analog channel vocoder, the filter characteristics 
often affect the quality of the resulting speech signal in unpredictable ways. 
Through computer simulations, these filter characteristics were adjusted 
and the quality of a system evaluated prior to construction of the analog 

equipment.
In all of the above examples of signal processing using digital computers, 

the computer offered tremendous advantages in flexibility. However, the 
processing could not always be done in real-time. Consequently, a prev-

alent attitude at that time was that the digital computer was being used to 

approximate, or simulate, an analog signal processing system. In keeping 



 

            

             

         

        

           

           

           

           

              

   

           

       
            

         

          

           

            

          

          

       

         

           

          

         

        

           

         

          

           

            

           

            

           

         

          

           

            

         

           

       
         

         

          

  

             
              
          

        
            

            
           

            
               

    
            

       
             

         
           

            
            

           
          

        
          

            
           

          
         

            
         

           

            
             

            
             

            
         

           
            

             
         

           
       

          
          

           

3 Introduction 

with that style, early work on digital filtering was very much concerned with 
ways in which a filter could be programmed on a digital computer so that 
with analog-to-digital conversion of the signal, followed by the digital 
filtering, followed by digital-to-analog conversion, the overall system ap-

proximated a good analog filter. The notion that digital systems might, in 
fact, be practical for the actual implementation of signal processing in speech 
communication or radar processing or any of the variety of other applica-

tions seemed at the most optimistic times to be highly speculative. Speed, 
cost, and size were, of course, three of the important factors in favor of the 
ase of analog components. 

As signals were being processed on digital computers, there was a natural 
tendency to experiment with increasingly sophisticated signal processing
algorithms. Some of these algorithms grew out of the flexibility of the digital 
computer and had no apparent practical implementation in analog equip-

ment. Thus, many of these algorithms were treated as interesting, but 
somewhat impractical, ideas. An example of a class of algorithms of this 
type was the set of techniques referred to as cepstrum analysis and homo-

morphic filtering. It had been clearly demonstrated on digital computers that 
these techniques could be applied to advantage in speech bandwidth com-

pression systems, deconvolution, and echo removal. Implementation of 
these techniques requires the explicit evaluation of the inverse Fourier 
transform of the logarithm of the Fourier transform of the input. The 
required accuracy and resolution of the Fourier transform were such that 
analog spectrum analyzers were not practical. The development of such 
signal processing algorithms made the notion of all-digital implementation 
of signal processing systems even more tempting. Active work began on the 
investigation of digital vocoders, digital spectrum analyzers, and other all-

digital systems, with the hope that eventually such systems would become 
practical.

The evolution of a new point of view toward digital signal processing 
was further accelerated by the disclosure in 1965 of an efficient algorithm for 
computation of Fourier transforms. This class of algorithms has come to be 
known as the fast Fourier transform or FFT. The implications of the FFT 
were significant from a number of point§ of view. Many signal processing 
algorithms which had been developed on digital computers required pro-

cessing times several orders of magnitude greater than real-time. Often this 
was tied to the facts that spectrum analysis was an important component 

,of the signal processing and that no efficient means had been known for 
implementing it. The fast Fourier transform algorithm reduced the com-

putation time of the Fourier transform by orders of magnitude. This per-

mitted the implementation of increasingly sophisticated signal processing
algorithms with processing times that allowed interaction with the system. 
Furthermore, with the realization that the fast Fourier transform algorithm 
might, in fact, be implementable in special purpose digital hardware, many 



 

         

         

 

        

             

         

           

          

           

          

         

          

           

           

            

          

         

            

           

          

           

         

          

          

         

          

           

          

        

         

         

          

     

          

            

             

          

         

           

       

  
            

           

           

  

         
          
  

         
              

          
            

           
            

           
          

           
            

           
             
           
         
             

            
          

            
          

           
           

          
           
            

           
         
         

          
          

      
           

             
              

          
          

            
        

  
             

            
            

4 Introduction 

signal processing algorithms which previously had appeared to be impractical

began to appear to have practical implementations with special purpose 
digital hardware. 

Another important implication of the fast Fourier transform algorithm 
was tied to the fact that it was an inherently discrete-time concept. It was 
directed toward the computation of the Fourier transform of a discrete-time 
signal or sequence and involved a set of properties and mathematics that 
were exact in the discrete-time domain—it was not simply an approximation 
to a continuous-time Fourier transform. The importance of this was that it 

had the effect of stimulating a reformulation of many signal processing 
concepts and algorithms in terms of discrete-time mathematics and these 
techniques then formed an exact set of relationships in the discrete-time 
domain. This represented a shift away from the notion that signal processing 
on a digital computer was merely an approximation to analog signal pro-

cessing techniques. With this shift in point of view there emerged a strong 
interest in the new or reborn field of digital signal processing. 

The techniques and applications of digital signal processing are ex-

panding at a tremendous rate. With the advent of large scale integration and 
the resulting reduction in cost and size of digital components, together with 
increasing speed, the class of applications of digital signal processing tech-

niques is growing. Special purpose digital filters can now be implemented at 
sampling rates in the megahertz range. Special purpose processors for 
implementing the fast Fourier transform at high data rates are commercially 
available. Simple digital filters have been integrated on circuit chips. Almost 
all current discussions of speech bandwidth compression systems are directed 
toward all digital implementation because these are now the most practical. 
Digital processors also form an integral part of many modern radar and 
sonar systems. In addition to the development of special purpose digital 
signal processing hardware, there are available special programmable digital 
signal processing computers whose architecture is matched to signal pro-

cessing problems. Such computers are finding application in real-time signal 
processing as well as for real-time simulations directed toward the develop-

ment of special purpose digital hardware. 
The importance of digital signal processing appears to be increasing with 

no visible sign of saturation. Indeed, the future development of the field is 
likely to be even more dramatic than the course of development that we have 

just described. The impact of digital signal processing techniques will un-

doubtedly promote revolutionary advances in some fields of application. A 
notable example is in the area of telephony, where digital techniques promise 
dramatically increased economy and flexibility in implementing switching 
and transmission systems.

Because of the direction of the evolution of this field, we are convinced 

that digital signal processing techniques should be treated in their own right 
rather than as an approximation to analog signal processing. While we assume 



 

           

            

            

             

         

           

        

            

          

          

            

          

        

           

          

        

           

           

    
          

         

         

          

         

             

            

              

            

         

  

            
             

             
             

          
            

         
             
           
           

            
           

         
            

           
         

            
            

    
           

          
          

           
          

              
             

               
             
          

5 Introduction 

in this book that the reader is familiar with continuous-time linear system 
theory and signal representation, we begin in the first chapter by defining the 
set of signals and systems with which we are concerned and from there 
develop our techniques. Most of our emphasis is on the class of linear shift-

invariant systems, the counterpart of linear time-invariant systems in the 
continuous-time case. In Chapter 10, however, we will expand this set of 
ideas to a generalization of this class of systems. 

A conscious effort has been made in the presentation of the material to 
avoid forcing results from analog signal processing into the framework of 
digital signal processing. As will become evident from the first chapters, 
many of the ideas and results in digital signal processing have diréct counter-

parts in analog signal processing. For example, convolution is an important 
tool in representing linear shift-invariant systems. Similarly, the frequency 
domain and Fourier analysis play an essential role. While there are strong 
similarities between the analog and digital domains, there are also strong 
and important differences. Thus, although intuition developed in previous 
2xposure to analog signal processing theory and practice may at times be 
useful, we caution the reader against letting this intuition interfere with his 
understanding of digital signal processing.

While digital signal processing is a dynamic, rapidly growing field, its 
fundamentals are well formulated. Many of these fundamentals stem from 
the classical numerical analysis techniques developed in the 1600s. Important 
refinements of the techniques which provide the foundation for digital signal 
processing are evident in the development and treatment of sampled-data 
control systems in the 1940s and 1950s, and again in the development of the 
field of digital signal processing in its present form. We have chosen the 
set of topics presented in this book to enable the reader to develop a firm 
base in the fundamentals and to begin to develop an appreciation for the 
wide scope of applications and future directions for the field. 
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Discrete-Time Signals and Systems 

1.0 Introduction 

A signal can be defined as a function that conveys information, generally 
about the state or behavior of a physical system. Although signals can be 
represented in many ways, in all cases the information is contained in a 
pattern of variations of some form. For example, the signal may take the 
form of a pattern of time variations or a spatially varying pattern. Signals 
are represented mathematically as functions of one or more independent 

variables. For example, a speech signal would be represented mathematic-

ally as a function of time and a picture would be represented as a brightness 
function of two spatial variables. It is a common convention, and one that 

will be followed in this book, to refer to the independent variable of the 
mathematical representation of a signal as time, although it may in fact not 
represent time. 

The independent variable of the mathematical representation of a signal 
may be either continuous or discrete. Continuous-time signals are signals 
that are defined at a continuum of times and thus are represented by contin-

uous variable functions. Discrete-time signals are defined at discrete times 

and thus the independent variable takes on only discrete values; i.e., discrete-

time signals are represented as sequences of numbers. As we will see, 
signals such as speech or pictures may have either a continuous or a discrete 

variable representation, and if certain conditions hold, these representations 
are entirely equivalent, 



  

           

          

           

     

  
           

          

         
             

             

           

            

               

           

          

         

          

            

             

          

             

           

           

         

          

         

          

         

           

         

         

     
         

         
          

           

           

            

         

            

          

           

            

          

   

            
           

            
      

  
            

           
          

              
              

            
            

                

            
           

          
           

             
              

           
              

            
            

          
           

          
           

          
            

          
          

     
          

          
           

            

            
            

          
             

           
            

             

           

1.0 Introduction 7 

In addition to the fact that the independent variables can be either 
continuous or discrete, the signal amplitude may be either continuous or 
discrete. Digital signals are those for which both time and amplitude are 
discrete. Continuous-time, continuous-amplitude signals are sometimes 

called analog signals.
In almost every area of science and technology, signals must be processed 

lo facilitate the extraction of information. Thus, the development of signal 
processing techniques and systems is of great importance. These techniques 
usually take the form of a transformation of a signal into another signal that 
is in some sense more desirable than the original. For example, we may wish 

to design transformations for separating two or more signals that have been 
combined in some way; we may wish to enhance some component or para-

meter of a signal; or we may wish to estimate one or more parameters of a 

signal. Signal processing systems may be classified along the same lines as 
signals. That is, continuous-time systems are systems for which both the 
input and output are continuous-time signals and discrete-time systems are 
those for which the input and output are discrete-time signals. Similarly 
analog systems are systems for which the input and output are analog signals 
and digital systems are those for which the input and output are digital signals. 
Digital signal processing, then, deals with transformations of signals that are 
discrete in both amplitude and time. This chapter, and in fact the major part 
of this book, deals with discrete-time rather than digital signals and systems. 
The effects of discrete amplitude are considered in detail in Chapter 9. 

Discrete-time signals may arise by sampling a continuous-time signal or 
they may be generated directly by some discrete-time process. Whatever the 
origin of the discrete-time signals, digital signal processing systems have 
many attractive features. They can be realized with great flexibility using 
general-purpose digital computers, or they can be realized with digital 
hardware. They can, if necessary, be used to simulate analog systems or, 
more importantly, to realize signal transformations impossible to realize with 
analog hardware. Thus, digital representations of signals are often desirable 
when sophisticated signal processing is required.

In this chapter we consider the fundamental concepts of discrete-time 
signals and signal processing systems first for one-dimensional signals and 
then for two-dimensional signals. We shall place the most emphasis on 
the class of linear shift-invariant discrete-time systems. It will be true in 

this chapter and succeeding ones that many of the properties and results 
that we derive will be similar to properties and results for linear time-

invariant continuous-time systems as presented in a variety of excellent 
texts [1-3]. In fact, it is possible to approach the discussion of discrete-time 
systems by treating sequences as analog signals that are impulse trains. 
This approach, if implemented carefully, can lead to correct results and in 
fact forms the basis for much of the classical discussion of sampled data 

systems (see, for example, [4-6]). In many present digital signal processing 



    

         

        

       

           

           

         

    

  

          

            

          

      

 

  

  

       

         

             

           

            

         

           

             

                

               

   

          

        

 

     

         
         

        
            

            
          

     

   

           
             

           

        

  

 

  

   
        

          
              

            
            

          
            

             
                 

               
    

           
         

 

8 Discrete-Time Signals and Systems 

applications, however, not all sequences arise from sampling a continuous-

time signal. Furthermore, many discrete-time systems are not simply 
approximations to corresponding analog systems. Therefore, rather than 
attempt to force results from analog system theory into a discrete framework, 
we shall derive similar results starting within a framework and with notation 
suitable to discrete-time systems. Discrete-time signals will be related to 
analog signals only when necessary. 

1.1 Discrete-Time Signals—Sequences 

In discrete-time system theory, we are concerned with processing signals that 
are represented by sequences. A sequence of numbers x, in which the nth 
number in the sequence is denoted x(n), is formally written as 

x = {x(n}, —00 &lt;n &lt;&lt; Ww (1.1) 

} =) 

_. xO)

Sei| peof 

29-8=7-6-5- © .045661] Feit 
Fig. 1.1 Graphical representation of a discrete-time signal. 

Although sequences do not always arise from sampling analog waveforms, 
for convenience we shall refer to x(n) as the “nth sample” of the sequence. 
Also, although strictly speaking x(n) denotes the nth number in the sequence, 
the notation of Eq. (1.1) is often unnecessarily cumbersome, and it is con-

venient and unambiguous to refer to “‘the sequence x(n).” Discrete-time 
signals (i.e., sequences) are often depicted graphically as shown in Fig. 1.1. 
Although the abscissa is drawn as a continuous line, it is important to recog-

nize that x(n) is only defined for integer values of n. It is not correct to think 
of x(n) as being zero for n not an integer; x(n) is simply undefined for non-

integer values of n. 
Some examples of sequences are shown in Fig. 1.2. The unit-sample 

sequence, 6(n), is defined as the sequence with values 

w={017 



  

 

 

 

 

          

        

   

             

           

        

              

            

        

          

 
   

    

  

  

 

 

 

  

           
        

    

             
           

         
               

            
         

           

     

1.1 Discrete-Time Signals-Sequences J 

Unit sample 

Unit step 

TT 

Ty
Real exponential

Sinusoidal 

$0 Te : 

Fig. 1.2 Some examples of sequences. The sequences shown play an 
important role in the analysis and representation of discrete-

time signals and systems. 

As we will see shortly, the unit-sample sequence plays the same role for dis-

crete-time signals and systems that the unit impulse function does for con-

tinuous-time signals and systems. For convenience the unit-sample sequence 
is often referred to as a discrete-time impulse, or simply as an impulse. It is 

important to note that a discrete-time impulse does not suffer from the mathe-

matical complications that a continuous-time impulse suffers from. Its 
definition is simple and precise. The unit-step sequence, u(n), has values 

1, n&gt;0
um = |; n&lt;0 



    

         

   

           

      

             

             

             

             

              

             

             

              

         

              

          

           

              

             

         

               

          

            

        

   

         

           

             

   

    

           

  

                 

 

    

    

     

          

    

            

     

              
              

              
              

               
              

              
               

          
               
           

            
               

              

          
                

           
             

         

  

          
            

              

    

     

            

   

                  
  

     

     

10 Discrete-Time Signals and Systems 

The unit step is related to the unit sample as 

u(n) =2 o(k) 1.20 

Similarly, the unit sample can be related to the unit step as 

on) = un) — un — 1) (1.3) 

A real exponential sequence is any sequence whose values are of the form a”, 
where a is a real number. A sinusoidal sequence has values of the form 
A cos (won + ¢). A complex exponential sequence is of the form e!**7@0", 

A sequence x(n) is defined to be periodic with period N if x(n) = 
x(n + N) for all n. The complex exponential with ¢ = 0 and sinusoidal 
sequences have a period of 27/w, only when this real number is an integer. 
If 27r/w, is not an integer but a rational number, the sinusoidal sequence will 
be periodic but with a period longer than 27/w,. If 27/w, is not a rational 
number, the sinusoidal and complex exponential sequences will not be 
periodic at all. The parameter w, will be referred to as the frequency of the 
sinusoid or complex exponential whether or not they are periodic. The 
frequency w, can be chosen from a continuous range of values. However, 
there is no loss of generality in restricting w, to be continuous in the range 
0 &lt; wy &lt;27 (or equivalently —= &lt; wy, &lt;) since the sinusoidal or 

complex exponential sequences obtained by varying w, in the range 
27k &lt; wy &lt; 2w(k + 1) are exactly identical for any k to those obtained 
by varying w, in the range 0 &lt; wy &lt; 27. 

It is sometimes convenient to refer to the energy in a sequence. The 
energy &amp; in a sequence x(n) is defined as 

6 = 3 xP 

In the analysis of discrete-time signal processing systems, sequences are 
manipulated in several basic ways. The product and sum of two sequences 
x and v are defined as the sample by sample product and sum. respectively; 

© y= {xy} (product) 

Coby= {x() + ym) (sum) 

Multiplication of a sequence x by a number « is defined as 

ax = {oax(n)} 

A sequence y is said to be a delayed or shifted version of a sequence x if y 
has values 

y(n) = x(n — n,) 

vhere n, is an integer. 



    

 

 

            

 

            

            

          

        

      

   

          

            

 

  

       

  

          
     

         

          

          

          

            

       

           

             

         

           

            

            

            

     

  

  
 

 
  

 

           
  

             
             

           

         

     
 

    

           
             

  

   

        

   
          

      

          
           

           
           
             

        

            
            
          

            

             
             

             

1.2 Linear Shift-Invariant Systems 11 

pln) a4 

po 
— 

3 

f 
= 

n 
Na 

0 -

Fig. 1.3 Example ofasequenceto be expre:- 2 as a sum of scaled, delayed

unit samples. 

An arbitrary sequence can be expressed as a sum of scaled, delayed unit 
samples. For example, the sequence p(n) of Fig. 1.3 can be expressed as 

pny =a_s0(n+3)+ a, d(n—1)+ a, é(n —2) + a, 6(n —17) 

More generally, an arbitrary sequence can be expressed as 

dn) = 3 x(k) dn — k) (1.4)
f——on 

1.2 Linear Shift-Invariant Systems 

A system is defined mathematically as a unique transformation or operator 
that maps an input sequence x(n) into an output sequence y(n). This is 
denoted as 

y(n) = T[x(n)] 

and is often depicted as in Fig. 1.4. 

(tm) TT1 yt 
Fig. 1.4 Representation of a transformation that maps an input sequence

x(n) into an output sequence y(n). 

Classes of discrete-time systems are defined by placing constraints on 
the transformation 7 ]. Because they are relatively easy to characterize 
mathematically and because they can be designed to perform useful signal 
processing functions, the class of linear shift-invariant systems will be studied 
extensively. In Chapter 10 we shall discuss a more general class of systems, 
of which linear systems are a special case. 

The class of linear systems is defined by the principle of superposition. 
[fy1(n) and y,(n) are the responses when x,(n) and x,(n), respectively, are the 
inputs. then a system is linear if and only if 

[ax,(n) + bxy(n)] = aTlx,(n)] + bT[xy(n)] = ay,(n) + by.(n) (1.5) 

for arbitrary constants a and 5. We have seen that an arbitrary sequence 
x(n) can be represented as a sum of delayed and scaled unit-sample sequences 
as in Eq. (1.4). This representation together with Eq. (1.5) suggests that a 



    

         

              

         

       

     

          

            

              

             

              

   

          

                 

              

        

             

           

    

         

  
           

            

                

    

   

            

         

           

              

         
            

          

          

     

          
               

          

  

      

        

             
               

              
               

    

           
                  

               
        

              
            

     

          
  
            

             
                 

     

    

             

          

            
               

         
             

           
           

12 Discrete-Time Signals and Systems 

linear system can be completely characterized by its unit-sample response. 
Specifically, let h(n) be the response of the system to d(n — k), a unit 
sample occurring at n = k. Then from Eq. (1.4) 

Jn) = 73x0 Sn — k) 

Using Eq. (1.5) we can write 

on) = 3 XOTI80 — B] =3 x(Why(n) (16 

Thus, according to Eq. (1.6) the system response can be expressed in terms 
of the response of the system to d(r — k). If only linearity is imposed, 
h(n) will depend on both n and k, in which case the computational usefulness 
of Eq. (1.6) is limited. A more useful result is obtained if we impose the 
additional constraint of shift-invariance. 

The class of shift-invariant systems is characterized by the property that 
if y(n) is the response to x(n), then y(n — k) is the response to x(n — k), 
where k 1s a positive or negative integer. When the index n is associated with 
time, shift-invariance corresponds to time-invariance. The property of shift-

invariance implies that if h(n) is the response to (rn), then the response to 
d(n — k) is simply h(n — k). Thus, Eq. (1.6) becomes 

A)=3 *(k)h(n — Kk) (1.7) 

Any linear shift-invariant system, then, is completely characterized by its 
anit-sample response k(n).

Equation (1.7) is commonly called the convolution sum. If y(n) is a 
sequence whose values are related to the values of two sequences h(n) and 
x(n) as in Eq. (1.7), we say that y(n) is the convolution of x(n) with h(n) and 
denote this by the notation 

v(n) = x(n) * h(n) 

By a substitution of variables in Eq. (1.7) we obtain the alternative expression, 

jn) = 3h(k)x(n — K) = h(n) » x(n) (1.8) 

Thus the order in which two sequences are convolved is unimportant, and 
hence the system output is the same if the roles of the input and unit-sample 

responsearereversed? In other words, a linear shift-invariant system with 
“input x(n) and unit-sample response h(n) will have the same output as a 

~ linear shift-invariant system with input A(n) and unit-sample response x(n),— 
~~ Two linear shift-invariant systems in cascade form a linear shift-invariant 



    

   

    

 

 

        

            

          

           

          

           

           

           

           

           

        

          

            

         

            

           

             

            

         

 

  

    

         
 

     

     

      
 

    

         
 

            
           

           
           

            
            

            
            

            
        

           
             

          
             

            
              

             
          

  

  
  

 

      

          
  

1.2 Linear Shift-Invariant Systems 13 

= » y(n’((n) —&gt; rtm) |=]rgtr 

ir ha (n) | | (n) —yfn) 
LL 

«(n)— hy(n)*hy (n) —y(n) 

Fig. 1.5 Three linear shift-invariant systems with identical unit-sample 
responses. 

system with a unit-sample response which is the convolution of the two unit-

sample responses. Since the order in which two sequences are convolved 
is unimportant, it follows that the unit-sample response of a cascade com-

bination of linear shift-invariant systems is independent of the order in 
which they are cascaded. This property is summarized in Fig. 1.5, where 
the three systems shown all have the same unit-sample response. It also 
follows from Eq. (1.7) or (1.8) that two linear shift-invariant systems in 
parallel are equivalent to a single system whose unit-sample response is the 
sum of the individual unit-sample responses. This is depicted in Fig. 1.6. 

Although the convolution-sum expression is analogous to the convolu-

tion integral of continuous-time linear system theory, it must be emphasized 
that the convolution sum should not be thought of as an approximation to 

the convolution integral. In contrast to the convolution integral, which 
plays mainly a theoretical role in analog linear system theory, we shall see 
that in addition to its theoretical importance, the convolution sum may serve 
as a realization of a discrete-time linear system. Thus it is important to gain 
some insight into the properties of the convolution sum and a degree of 
manipulative skill in using the convolution sum in actual calculations. 

hy (n) 

gy}
) Bayin) 

hs (n) ' 
| 

Cai) —— hy (n) +hs(n) — y(n) 

Fig. 1.6 Parallel combination of linear shift-invariant systems and the 
equivalent system. 



    

      

 
  

          

      

  

 

 

 

         
        

               

              

              

                  

            

                    

                

 

       

       

     

       

    

            

   

 

 

 
 

   

 

 
  

 
 

 

          
         

                
              

               
                   

             
                     
                 

  
     

       

14 Discrete-Time Signals and Systems 

EXAMPLE. Consider a system with unit-sample response 

an, n&gt;0
he) |0. n&lt;0 

9)4 equivalently, h(n) = a"u(n). To find the response to an input, 

x(n) = ul®) — un — N) 

man 

(0—k) 

ett]
| 

” 

2-101 2 &gt; 

n—4 —k)

iil 
101 2. 

(4—k) 
j
» 

inp 

Fig. 1.7 Component sequences in evaluating the convolution sum with 
h(n — k) shown for several values of n. 

we note from Eq. (1.7) that to obtain the nth value of the output sequence we 
must form the product x(k)h(n — k) and sum the values of the resulting se-

quence. The two component sequences are shown in Fig. 1.7 as a function of k, 
with A(n — k) shown for several values of n. As we see in Fig. 1.7 for n &lt;0, 
h(n — k) and x(k) have no nonzero samples that overlap, and consequently 
y(n) = 0, n &lt; 0. For n greater than or equal to zero but less than N, h(n — k) 
and x(k) have nonzero samples that overlap from k = 0 to k = n: thus for 
0&lt;mn &lt;N, 

. n—k n l — gt 0 A 

ym = 3a =a “1 a1 &lt;n&lt; 



    

                 

     
  

     
   

       

  

           
       

   

           

           

           

    

            

           

  

               

         

          
 

               

            

      

 
  

  

            
        

  
    

   
         

     

                  

      
  

     
  

        

 
  

 

  

 

  
 

  

            
        

    

            
            

            
     

             
            

   
 

                
          

           
  

                
             

       

   
  

   

             
         

  
       

          

1.3 Stability and Causality 15 

For N — 1 &lt;n the nonzero samples that overlap extend from k = 0 to k = 

N — 1, and thus ~ 
1 _ N 

ym) = &gt; av iT N&lt;
k=0 1 —a 

The response y(n) is sketched in Fig. 1.8. 

+ 
* » 

Ph 

¥ y(n) 

ru 

ot | 
1 

"100... . 

Fig. 1.8 Response of the system with unit-sample response h(n) = a"u(n) 
to the input u(n) — u(n — N). 

1.3 Stability and Causality 

We have seen that the constraints of linearity and time-invariance define a 
class of systems that are represented by the convolution sum. The additional 
constraints of stability and causality define a more restricted class of linear 
time-invariant systems of practical importance. 

We define a stable system as one for which every bounded input produces 
a bounded output. Linear shift-invariant systems are stable if and only if 

SEY |hk)| &lt; 
k=—o0 

This can be shown as follows. If Eq. (1.9) is true and x is bounded, i.e., 
x(n) &lt; M, for all an. then from Eq. (1.8) 

pol =| $ hitgstn — 0] &lt;M 3 1h) &lt; oo 
Ir—=—aon Ir=—on 

Thus y is bounded. The converse is proved by showing that if S = co, then 
a bounded input can be found that will cause an unbounded output. Such 

an input is the sequence with values 

(Em my 20 
c(n) = 

fim)
lo. h(n) =0 

where h*(n) is the complex conjugate of h(n). x(n) is clearly bounded. The 
value of the output at n = 0 is 

5 2 |h(k)|?
v(0) = x(—k)h(k) = —_—=

2 (=k) 2 |h(k)] 
Thus if S = oo. the outnut sequence is unbounded. 



    

               

                  

              

               

            

                 

     

          

          

              

     

   

                  

             

    

          

           

         

    

 

      

             

   

      

              

              

               

                

           

         

          

           

             

          

              

             

             

     

                

                   
               
                

             
               

      
          
          
              

      

    

                   
              

     

           
            

          
     

 

       

              
    

       

               
              

               
                 

            
          

           
            

              
           

               

              
              

16 Discrete-Time Signals and Systems 

A causal system is one for which the output for any n = ny depends on 

the input for n &lt; n, only. Thus for a causal system, if x,(n) = x,(n), n &lt; ny, 
then y(n) = yo(n), n &lt; ny. A linear shift-invariant system is causal if and 
only if the unit-sample response is zero for n &lt;&lt; 0 (see Problem 11 of this 
chapter). For this reason it is sometimes convenient to refer to a sequence 
that is zero for n &lt; 0 as a causal sequence, meaning that itcouldbe the unit-

sample response of a causal system. 
As an example of stability and causality, consider the linear shift-in-

variant system with unit-sample response k(n) = a"u(n); since the unit-

sample response is zero for n &lt; 0, the system is causal. To determine sta-

bility we must compute the sum 

$= 3 hw] =Sal 

If |a] &lt; 1, the geometric series sums to S = 1/(1 — |a|). However, if [a] &gt; 1. 
the series diverges and hence the system is stable only for |a| &lt; 1. 

1.4 Linear Constant-Coefficient Difference Equations 

[n many applications a subclass of linear shift-invariant systems plays an 
important role. This subclass consists of those systems for which the input 
x(n) and the output y(n) satisfy an Nth-order linear constant-coefficient 
difference equation of the form 

N M 

Sayin — kK) = b(n — 1) (1.10) 

[n general, a system of this class need not be causal. For example, consider 
the first-order difference equation 

y(n) — ay(n — 1) = x(n) 

It is easily verified by direct substitution that if x(n) = d(n), Eq. (1.11) is 
satisfied by either y(n) = a"u(n) or y(n) = —a"u(—n — 1). The first solu-

tion corresponds to a causal filter that is stable if |a| &lt; 1. The second solu-

tion is noncausal and is stable only if |a| &gt; 1. It is common to interpret a 
difference equation such as Eq. (1.10) as characterizing a causal system, and 
we shall generally make this assumption unless we state otherwise. 

Without additional information, a difference equation of the form of Eq. 
(1.10) does not uniquely specify the input-output relation of a system. This 
is a consequence of the fact that, as with differential equations, a family of 
solutions exists. For the difference equation (1.11), for example, if y(n) 
satisfies the equation for x(n) = x,(n), then so does any solution of the form 

y(n) = y,(n) + ka", where k is an arbitrary constant. More generally, any 
solution of Eq. (1.10) can have added to it a component that satisfies the 



     

         
            

        

            

          

               

           

         

             

 

            

           

     

    

          

              

               

           

           

   

          
 

      

            

 

   

   

    

      

  

              

               

       

      

      

         
             
         

            
           

                
            

          
              

  
            
            

      

    

     

               
                
            

            
    

          
  

       

             
  

    

    

     

   

 
   

               
                

 

      

 
       

1.4 Linear Constant-Coefficient Difference Equations 17 

homogeneous difference equation (i.e., the difference equation with the right-
hand side equal to zero) and the sum will still satisfy Eq. (1.10). 

A system that satisfies a linear constant-coefficient difference equation 
will correspond to a linear shift-invariant system only if we choose the homo-

geneous component accordingly. If the system is causal, for example, we 
must specify initial rest conditions so that if x(n) = 0, n &lt; n,, then y(n) =0, 
n &lt; ng. Throughout our discussions we shall generally assume, unless stated 
otherwise, that if a system satisfies a linear constant-coefficient difference 
equation, it will also satisfy the necessary conditions for it to be a linear 
shift-invariant system. 

If we assume that the system is causal, a linear difference equation pro-

vides an explicit relationship between the input and output. This can be 
seen by rewriting Eq. (1.10) as 

. N a, M b, 

p(n) = ~3 = y(n —k) +2 =F xn — 1) (1.12) 

Thus the nth value of the output can be computed from the nth input value 
and the N and M past values of the output and input, respectively. As in the 
case of the convolution sum, the difference equation not only represents the 
system for theoretical purposes, but it may also serve as a computational 
realization of the system. 

EXAMPLE. The first-order difference equation of Eq. (1.11) yields the re-
cursion formula 

y(n) = ay(n — 1) + x(n) 

To obtain the unit-sample response, let x(n) = 6(n) and assume initial rest 
conditions. Then 

h(n) = 0, n&lt;0 

h(0) =ah(—1) +1 = 

h(1) = ah(0) = a 

h(n) = ah(n — 1) = a” 

Thus 
h(n) = aun) 

To obtain a different solution, let x(n) = (x), but assume now that y(n) =0 
for n &gt; 0. From the difference equation of Eq. (1.11) we can write the recursion 
relation 

yin — 1) = 2 ym — x(n) 

1 
vin) = “y= +1) — x(n + 1), 



    

 

     

      

     

      

    

          

              

           

           

             

               

             

  
            

           

     

 

   

             

                

 

   

  

           

           

            

     

 
   

      

       

      

   

 
     

          
               

           
            

              
                

              

   
             

            
      

   

    
              

                 
  

     
   

           
           

             

18 Discrete-Time Signals and Systems 

Then 
2(n) =0, n&gt;u 

BO) = ~[h(1) — x(D] = 

K(—1) = ~[4(0) — x(©)] = —a" 

h(—2) = 2h(—1) —x(=1] = —a™ 

hn) == h(n + 1) = —a 

Thus 
h(n) = —a™u(—n — 1) 

In general, a linear shift-invariant system may have a unit-sample re-

sponse that is of finite duration or it may be of infinite duration. Because of 
the properties of some digital processing techniques, it is useful to dis-

tinguish between these two classes. If the unit-sample response is of finite 
duration, it will be referred to as a finite impulse response (FIR) system, and 
if the unit sample response is of infinite duration, it will be referred to as an 
infinite impulse response (IIR) system. If N = 0 in Eq. (1.10) so that 

yon =L[3LSbxtn =n] 
then it corresponds to an FIR system. In fact, comparison with Eq. (1.8) 
shows that the above difference equation is identical to the convolution sum. 
and hence it follows directly that 

ba n=20 do. 

h(n) = 20. otherwise 
An FIR system can always be described by a difference equation of the form 
of Eq. (1.10) with N = 0. In contrast, for an IIR system, N must be greater 
than zero. 

{.5 Frequency-Domain Representation of Discrete-Time 
Systems and Signals 

In the previous sections we have introduced some of the fundamental con-

cepts of the theory of discrete-time signals and systems. For linear shift-

invariant systems we saw that a representation of the input sequence as a 



        

          

           

          

             

        

         

            

           

           

         

        

           

             

        

   

    

  

   

  

   

            

             

          

            

       

     

       

      

             

             

     

           

          

   

   

            

         

           
            

           
              

         
          

             
            
            

          
         

            
              

         
 

   
 

    
 

   

    
   

    

            
              

           
             

        

     

        

    

              
              
      

            
          

    
  

             

1.5 Frequency-Domain Representation of Discrete-Time Systems and Signals 19 

weighted sum of delayed unit-sample sequences leads to a representation of 
the output as a weighted sum of delayed unit-sample responses. Just as 
continuous-time signals may be represented in a number of different ways, 
so it is with discrete-time signals, and, just as for analog signals and systems, 
sinusoidal or complex exponential sequences play a particularly important 
role. This is because a fundamental property of linear shift-invariant 
systems is that the steady-state response to a sinusoidal input is sinusoidal of 
the same frequency as the input, with amplitude and phase determined by 
the system. It is this property of linear shift-invariant systems that makes 
representations of signals in terms of sinusoids or complex exponentials 
(i.e., Fourier representations) so useful in linear system theory. 

To see this for discrete-time systems, suppose that the input sequence is 
x(n) = &amp;’*™ for —o0 &lt;n &lt; 0, ie., a complex exponential of radian 
frequency w. Then using Eq. (1.8) the output is 

0 

y(n) — &gt; h(k)e'®n®
k=—oo 

i gion &gt; h(k)e7k 
=r 

If we define 

H(e'®) -3 h(k)e7 (1.13) 
we can write 

y(n) = H(e'®)e'o™ (1.14) 

From Eq. (1.14) we see that H(e’®) describes the change in complex ampli-

tude of a complex exponential as a function of the frequency w. The quantity 
H(e'®) is called the frequency response of the system whose unit-sample 
cesponse is (rn). In general, H(e’®) is complex and can be expressed in 
terms of its real and imaginary parts as 

H(e’®) = Hg(e’®) + jH (e'® 

or in terms of magnitude and phase as 

H(e'®) = | H(e'®)| e728H (7) 

Sometimes it will be convenient to refer to the group delay rather than the 
phase. The group delay is defined as the negative of the first derivative, with 
respect to w, of the phase. 

Since a sinusoid can be expressed as a linear combination of complex 
exponentials, the frequency response also expresses the response to a sinu-

soidal input. Specifically, consider 
A A _. . 

x(n) = A cos (won + ¢) = = e’®ei@o” L 2" pidgin 



    

       

     

               

           

      

       

         

              

           

            
            

             

         

       

          

     

   
  

       

    

     

 

          
    

                

             

            

         

           

     

        

     

               
            

    

        
 

          

               
            

            
             

              
          

        

          
      

   
   

        

    

      
 

  

 
 

 

           
     

                 

              
             
          
            

20 Discrete-Time Signals and Systems 

From Eq. (1.14) the response to (4/2)e’?e’®o" is 

yi(n) = H(e'*) 2 oigion 

[f h(n) is real, then from Eq. (1.7) the response to (4/2)e e790" js the com-

plex conjugate of the response to (4/2)e’?e’®". Thus the net response is 

. it : jo id 7 * 

An) = = [H(e een + Heo eto] 
n 

y(n) = A |H(e")| cos (won + ¢ + 6) 

where § = arg [H(e’?)] is the phase response of the system at frequency w,. 
H('®) is a continuous function of w. Furthermore, it is a periodic 

function of w with period 27. This property follows directly from Eq. (1.13)
since ¢’(®**"* = ¢/“* The fact that the frequency response has the same value 

at w and w + 27 simply means that the system responds identically to 
complex exponentials of these two frequencies. Since these two exponential 
sequences are indistinguishable, this behavior is eminently reasonable. 

EXAMPLE. As an example of the evaluation of the frequency response.

consider a system with unit-sample response 

(1.15)
hn) — 1, 0&lt;n&lt;N-—1
"= 0, elsewhere 

as depicted in Fig. 1.9. The system function is 

N-1 } 1 — eJoN 

He?) = &gt; e—jon — 0 
n=0 

(1.16)

sin(N/2)_in1jop2
sin (w/2) 

RIERA 
q 

Ly 

Fig. 1.9 Unit-sample response of the system for which the frequency 
response is to be computed. 

The magnitude and phase of H(e’®) are plotted in Fig. 1.10 for the case N = 5 

Since H(e'®) is a periodic function of w, it can be represented by a 
Fourier series. Equation (1.13) in fact, expresses H(e!”) in the form of a 
Fourier series where the Fourier coefficients correspond to the unit-sample 
response h(n). With that observation it follows that A(n) can be evaluated 



        

 

 

 

 

           
     

         

     

  

    
 

  

   

         

            

          

          

             

             

         

       

            

             

            

    

    

         

  

 
 

 
 

  

  

 
 

 

  

 

           
      

             

      
  

     
  

 

     

          
            

          
           

              
              

          
        

             
              
             
   

      

1.5 Frequency-Domain Representation of Discrete-Time Systems and Signals 21 

H (el@) 

'N 
(N=5) 

/\ 
\ 

er a 

‘arg [Hel 

r= 
&lt; 

Ny 

TY ~ 

—ri—= 

Fig. 1.10 Magnitude and phase of the frequency response of the system
with unit-sample response of Fig. 1.9. 

from H(e’*) by means of the relation used to obtain the Fourier coefficients 

of a periodic function, [1-3] i.e., 
1 ( on 

h(n) = — | H(e’®)elon (1.17)
27 Ja 

where 

HE) = 5 hime (1.18) 

These equations have an alternative interpretation as a representation of 
the sequence h(n). Specifically it is useful to consider Eq. (1.17) as repre-

senting the sequence k(n) as a superposition (integral) of exponential signals

whose complex amplitudes are determined by Eq. (1.18). Thus Eqs. (1.17) 
and (1.18) are a Fourier transform pair for the sequence A(n), with Eq. (1.18) 
playing the role of a direct (analysis) transform of the sequence k(n) and Eq. 
(1.17) being the inverse (synthesis) Fourier transform. Such a representation 
exists if the series in Eq. (1.18) converges. 

The representation of a sequence by the transform of Eq. (1.18) is not 
restricted to the unit-sample response of a system but can be applied to any 
sequence provided that the series of Eq. (1.18) converges. Thus for a general 
sequence x(n)wedefinetheFouriertransform as 

X(e'®) = &gt; x(n)e om “9 



    

     

    
 

              

              

            

       

   

             

           

         

             
     

   

            

            

    

 
  

            

             

          

             

 
            

          

            

            

             

         

            

           

           

   

     

      

     

      

     
  

               
              

             
        

    

              
            

          
            

      

    

             
             
     

 
   

             
             

           

              
  

             
           

             
            

             
          

            
           

            
    

 

       

22 Discrete-Time Signals and Systems 

and the inverse Fourier transform as 

x(n) = L X(e¥)e’*" dw (1.20)
2a —1T 

The series of Eq. (1.19) does not always converge, as, for example, if x(n) is 
a unit step or a real or complex exponential sequence for all n. The con-

vergence of the Fourier transform is subject to a variety of definitions and 
interpretations. If x(n) is absolutely summable, i.e., if 

2 x(n) &lt; © 

the series is said to be absolutely convergent and it converges uniformly to a 
continuous function of w. Thus the frequency response for a stable system 
will always converge. If a sequence is absolutely summable,itwillalso have 
finite energy; i.e., &gt; ,.2_ |x(n)|? will be finite. This follows in a straight-
forward manner from the fact that 

3x2 &lt; [3 [x(@)]]? 

It is not true, however, that a sequence with finite energy is absolutely 
summable. An example of a sequence that has finite energy but is not 
absolutely summable is the sequence 

Sin wyh
x(n) = — 

If a sequence is not absolutely summable but has finite energy, one may 
employ a type of convergence in which the series converges so that the mean-

square error is zero. The attendant Gibbs oscillations at a discontinuity 

[1-3] are of practical significance in filter design and will be discussed in a 
later chapter. 

The fact that a sequence can be represented as a superposition of complex 
exponentials is of great importance in the analysis of linear shift-invariant 
systems. This is because of the principle of superposition and the fact that 
the response of such a system to a complex exponential is completely deter-

mined by the frequency response, H(e’®). If we view Eq. (1.20) as a super-

position of complex exponentials of incremental amplitude, then the response 
of a linear shift-invariant system to an input x(n) is a corresponding super-

position of responses due to each complex exponential that goes into repre-

senting the input. Since the response to each complex exponential is obtained 
by multiplying by H(e’®), 

_ 1 ¥ io . .

y(n) = oe [ ee )X(e'®)e’®" dw 



        

       

  

          

            

      

    

         

           

             

  

          

 

         

                

      

    

 

   

 

 

 

         

             

            
              

  

       
  

         

             

             

           

             

             

         

        

    

           
             
       

   

         
            

              
   
           

  

          
                

       
     

  

 

      

  
 

          

              
             

               

   

       
   

          

              
             

            
              

              

1.5 Frequency-Domain Representation of Discrete-Time Systems and Signals 23 

Thus the Fourier transform of the output is 

Y('®) = HE)X('®) (1.21) 

This result has its counterpart in continuous-time linear system theory and 
can of course be derived in a more rigorous manner by simply evaluating 
the Fourier transform of the convolution sum 

=3 h(n — x(k) 

Although this more formal approach provides rigorous justification of Eq.

(1.21) (see Problem 17 of this chapter), the previous discussion is meant 
to emphasize that Eq. (1.21) is a direct result of the special properties of 
linear shift-invariant systems. 

To illustrate the results that we have been discussing, consider the 

following example. 

EXAMPLE. Ideal Lowpass Filter. The ideal discrete-time lowpass filter has 
frequency response H(e’®), as shown in Fig. 1.11. That is, for —7 &lt; 0 &lt; =, 

H (e7©) — 1 lo] &lt; Deo 
0, W,, &lt; |o| &lt;= 

HH (el) 

I "-

ta
2m -(2m—w,)  —we, ‘ uw 

T—Weq TT 

arg [HE] 
Al 

Fig. 1.11 Frequency response of an ideal discrete-time lowpass filter 

Since H(e’®) is periodic, this specifies the frequency response for all w. Such a 
system clearly removes all components of the input of frequency in the range 
w., &lt; |w| &lt; wm. The impulse response h(n) is found from Eq. (1.17) as 

1 Deo 1 

h(n) = =) elon dg — SIP eo”
27 _og, mn 

and is shown in Fig. 1.12 for w,, = =/2. 

The ideal lowpass filter is an example of a system that is very effectively 
described in the frequency domain. It is easy to see that the system com-

pletely removes all frequencies in the input above the cutoff frequency w,,. 
Clearly, the ideal lowpass filter is not causal; furthermore, it can be shown to 
be unstable in the strict sense of the definition of Sec. 1.3. Nevertheless. it 



    

 

 
 
 

      

  

          
  

         

            

     

       

            

            

           

           

            

           

             

     

    

    

    

            

             

            

 

           

     

    

    

     

     

  

  
 

  
  

     
  

          
   

         
             

      

        

             
             

            
            
             

           
              

      

     
 

     
 

      

             
             

             
  

            

      

      

 

     
 

      

24 Discrete-Time Signals and Systems 

5y h(n) 

we 7 
1 A 
5m Sm 

-3 3 

—-6-5-4 2 -1 01 2 5S 6 
= =r 3 

Fig. 1.12 Unit-sample response of ideal lowpass filter with cutoff frequency
Weo == w/2. 

is extremely important conceptually, and considerable effort will be ex-

pended in Chapter 5 in finding ways to design systems that approximate the 
behavior of the ideal lowpass filter. 

1.6 Some Symmetry Properties of the Fourier Transform 

There are a number of symmetry properties of the Fourier transform that are 
often very useful. In the following discussion a number of these properties are 
presented, and the proofs are considered in Problems 25-27 of this chapter. 

A conjugate symmetric sequence x(n) is defined as a sequence for which 
x,(n) = x3(—n) and a conjugate antisymmetric sequence x,(n) is defined as a 
sequence for which x,(n) = —x§ (—n) where * denotes complex conjugation. 
An arbitrary sequence x(n) can always be expressed as a sum of a conjugate 
symmetric and conjugate antisymmetric sequence as 

x(n) = x(n) + x,(n) 
where 

x(n) = }[x(n) + x*(—n)] (1.22b)
1nd 

X,(n) = }[x(n) — x*(—n)] (1.22¢) 

A real sequence which is conjugate symmetric so that x,(n) = x,(—n) is 
generally referred to as an even sequence, and a real sequence which is con-

jugate antisymmetric so that x,(n) = —x,(—n) is generally referred to as an 
odd sequence. 

A Fourier transform X(e’®) can be decomposed into a sum of conjugate 

symmetric and conjugate antisymmetric functions as 

X(e’®) = X,(e®) + X,(') (1.23a) 

where 

X,(e'®) = [X(e?) + X*(e**)] (1.23b)
ry] 

X('®) = L[X(e°) — X*(e®)] (1.23¢) 



        

         

   

    

            

            

    

          

            

            

                

             

           

          

            

         

          

          

            

 
          

         

        

         

       

   

    

     

             

            

   

      

             

                 

              

             

       

         

          
 

    
 

    

             
             
     

           
            

             
                 

              
            
           

             
         

           
           

             
 
           

          
         

          

        

    

     
 

      

              

             
    

       

              
                  

               

              
        

1.6 Some Symmetry Properties of the Fourier Transform 25 

where X,(¢’®) is conjugate symmetric and X,(e’®) is conjugate antisymmetric; 
.e., 

X.(7?) = X*(e 7?) 
and 

X (e/) = —Xe) 

As with sequences, if a real function is conjugate symmetric, it is generally 
referred to as an even function, and if conjugate antisymmetric it is generally 
referred to as an oddfunction. 

Let us first consider a general, complex sequence x(n) with Fourier 
transform X(¢’®). It can be shown (see Problem 25) that the Fourier trans-

form of x*(n) is X*(e~’®) and the Fourier transform of x*(—n) is X*(’'®). 
As a result of this, and using the fact that the Fourier transform of the sum of 
two sequences is the sum of the Fourier transforms, it follows that the Fourier 
transform of i[x(n) + x*(n)] or, equivalently, Re [x(n)] is }[X(’®) + 
X*(e’)] or, equivalently, the conjugate symmetric part of X(¢’“). In a 
similar manner, }[x(n) — x*(n)] or, equivalently, j Im [x(n)] has a Fourier 
transform that is the conjugate antisymmetric component X,(¢’“). By con-

sidering the Fourier transform of x,(n) and x,(n), the conjugate symmetric 
and conjugate antisymmetric components of x(n), it follows that the Fourier 
transform of x,(n) is Re [X(¢’®)] and the Fourier transform of x,(n) is 
jIm [X(e'“)].

If x(n) is a real sequence, these symmetry properties become particularly 
straightforward and useful. Specifically, for a real sequence, the Fourier 
transform is conjugate symmetric; i.e., X(’®) = X*(e’®). Expressing 
X(¢’®) in terms of its real and imaginary parts as 

X(e’*) = Re [X(e’®)] + j Im [X(e’®)] 

it then follows that 

Re [X(e’®)] = Re [X(e779)] 
and 

[Im [X(e'°)] = —Im [X(e 7)] 

l.e., the real part of the Fourier transform is an even function and the 

imaginary part is an odd function. In a similar manner, by expressing X(e’®) 
in palar coordinates as 

X(e'?) = | X(e™)| p28 X (679) 

it follows that for a real sequence x(n), the magnitude of the Fourier transform 
| X(e’)| is an even function of w and the phase given by arg [X(e’®)| is an odd 
function of w. Also for a real sequence, the even part of x(n) transforms to 

Re [X(e’®)] and the odd part of x(n) transforms to jIm [X(e’)]. All the 
above symmetry properties are summarized in Table 1.1. 



    

 

 

 

  
  

  
  

 

  

     

     

 

  

        

   

    

        

  
        

        

       

    

    

 

  

    

           

           

       

        

          

      

          

     

   

     

  

   

  

  

  
      

        

  
     

  
      

         
    

     

         

   

 

         

         

        

       

       

     

           
            

        
         

           
       

           

   

     

26 Discrete-Time Signals and Systems 

Table 1.1 

Sequence Fourier Transform 

(n) 
*() 

X(e7®) 

X* (Cadw) 

(=n) re 
X.(e’?) [conjugate symmetric part of X(e’?)] 

im [x(n)] X,(e7®) [conjugate antisymmetric part of X(e/®)] 

x.(n) [conjugate symmetric
part of x(n)] Re [X(e79)] 

xo(n) [conjugate antisymmetric
part of x(n)] j Im [X(e'®)] 

The following properties apply only when x(r) is real: 
I X(7?) = X*(e-®) 

(Fourier transform is conjugate symmetric) 

Re [X(e’®)] = Re [X(e~7®)] (real part is even) 

any real x(n) 

Re[x(n] 

Im [X(e’®)] = —Im [X(e~7?)] (imaginary part is odd) 

| X(e7®)] = | X(e~7®)| (magnitude is even) | 

arg [X(e?)] = —arg [X(e~#®)] (phase is odd) 

x(n) [even part of x(n)] Re [X(e'®)] 

X,(n) [odd part of x(n)] Im [X(e?®)] 

1.7 Sampling of Continuous-Time Signals 

In previous sections of this chapter we have refrained from relating discrete-

time and continuous-time signals and systems except for pointing out some of 
the similarities between important theoretical concepts. Often, however, 
discrete-time signals are derived from continuous-time signals by periodic 
sampling; consequently it is important to understand how the sequence so 
derived is related to the original signal. 

Consider an analog signal x,() that has the Fourier representation [1-3] 

wll) = += |[xea0 (1.242) 

£9) =| (1.24b)) ="xe dt 



     

             

           
              

             

          

         

    

     

         

   

    
 

              

         

   

     
   

              

        

 

          
   

           
             

 

           

        

               

     

             

    

      

           
  

   

         

      

              
           

             
             

           
          

     

      

          

   
    

  

               
          

    

     
  

               
         

 

          
    

            
              

  

            

         

                 
             

 

    

     

           
   

    

       

1.7 Sampling of Continuous-Time Signals 27 

The sequence x(n) with values x(n) = x,(nT) is said to be derived from 
x,(t) by periodic sampling, and T'is called the samplingperiod. The reciprocal 
of T is called the samplingfrequency or the sampling rate. In order to deter-

mine the sense in which x(n) represents the original signal x,(¢), it is con-

venient to relate X,(jQ), the continuous-time Fourier transform of x,(¢), to 
X(e’®), the discrete-time Fourier transform of the sequence x(n). From 
Eq. (1.24a) we note that 

((n) = 7 
A »xn)1"= [x(j@em (1.25) 

From the discrete-time Fourier transform we also obtain the representation 

1 7 or deh

x(n) = 1 Xe)" dw 
27 Jz 

T'o relate Eqs. (1.25) and (1.26) it is convenient to express Eq. (1.25) as a 
sum of integrals over intervals of length 27/7, as in 

1 = (2r+1)n/T . 

x(n) =— &gt; J X,(jQ)e’T dQ
27 r=—00J@r—1)z/T 

Each term in the sum can be reduced to an integral over the range —=/T 
to -+7/T by a change of variables to obtain 

0 7/T

x(n) — 1 &gt; | X, (se + j200)gant ger dQ
27 r=—o J—a/T T 

[f we interchange the order of integration and summation and note that 
e’?™" — 1 for all integer values of r and n, then we obtain 

z/T 0 

x(n) = = | 2 x,(jo +1270) eT dQ (1.27)27 J-2/T r=" T 

With the substitution Q = w/T, Eq. (1.27) becomes 

x(n) = — to ol = — |e wn 1 I'l;Jz. 5 x (5T +5770)T jan27 Tr&lt;—o J 

which is identical in form to Eq. (1.26). Therefore, we can make the identi-

fication 

; 1 2 jo 27r 

re =12,3 x(lim)TT +4 

Alternatively, we can express Eq. (1.28) in terms of the analog frequency
variable Q as 

; 1 &amp; 27r 
JX(T)) = =o&gt; x,( JQiQ +j2)= "9) 



    

          

         

            

               

 

 

 

   
 

        
        

         
        

           
       

             

           

           

           

             

              

     

           
          

            
                

 

 

 

 

  

 
 

 

 

 

 

  
   
  

 

        
        

         
         

           
        

              
            

            
           

              
               

28 Discrete-Time Signals and Systems 

Equations (1.28) and (1.29) make very clear the relationship between the 
continuous-time Fourier transform and the Fourier transform of a sequence 
derived by sampling. For example, if X,(jQ) is as depicted in Fig. 1.13(a),

then X(e’“) will be as shown in Fig. 1.13(b) if Q,/2 &gt; «/T. In Fig. 1.13(b) 

0; 

lJ 

L 

a) 

rol A 

r 
Nn 

N\ 

QoT 

'h) 

- ie,

"=Li 

\ A

NN 
iol [9] ol 
&gt; &gt; 

C 

Fig. 1.13 (a) Fourier transform of a continuous-time signal.
(b) Fourier transform of the discrete-time signal obtained by
periodic sampling. The sampling period is large, so the periodic
repetitions of the continuous-time transform overlap. (c) Same as 
(b), but with the sampling period small enough so that the periodic
repetitions of the continuous-time transform do not overlap. 

we note that if the sampling period is too large, the shifted versions of 
X.(jo[T) overlap. In this case the upper frequencies in X,(jQ) get reflected 
into the lower frequencies in X(e’®). This phenomenon, where in effect a 
high-frequency component in X,(jQ) takes on the identity of a lower fre-

quency, is called aliasing. From Fig. 1.13(c) it is clear that if Q,2.&lt; #/T, 
i.e., we sample at a rate at least twice the highest frequency of X,(j(2). then 



     

                 

           

         

     

             

  

       

    

   

    
 

       

   

       
 

      

    

    

         
  

       

   

      
   

    

     

  
         

          

            

           

           

   

    

          

   

  
  

      

                  

            
          

      
              

   
 

         

     

  

    
  

        
  

     
 

 
 

    
     

  

          

        

   
     

   

     

      

  
         

          
             

            
            

    

    

           

    
 

   
   

1.7 Sampling of Continuous-Time Signals 29 

X(e’®) is identical to X,(w/T) in the interval —7 &lt; w &lt; =. In this case it is 

reasonable to expect that x,(¢) can be recovered from the samples x,(nT) 
by an appropriate interpolation formula. This sampling rate is generally 
referred to as the Nyquist rate. 

To derive the interpolation formula let us assume that Q [2 &lt; #/T as 

in Fig. 1.13(c). 
Then 

X(T) = = X,(j0), —7|T &lt;Q &lt; «fT (1.30) 

From the continuous-time Fourier transform 

1 a! T }

i | X,(jQ)e’ dQ (1.31)
2 —r/T 

Combining Eqs. (1.30) and (1.31) we can write 
1 a/T } } 

Xq(t) = — | TX(eT)e™ dQ)
2 —x/T

Since 
0 

X (7) — &gt; x (kT)e "Tk 
it then follows that ee 

T n/T 0 } }

x,(1) = = | &gt; x(kTe | eM dQ)
2m J-a0/T Le=co 

or, interchanging the order of summation and integration, 

© rp a/T 7

Xo(1) = 3 x,(kT)= ET) JQ)
k=—oo 29 J-miT -

Evaluating the integral, we obtain 

— 5 sin [(w/T)t — kT)] 

(1.32)(= 2xD)= 
Equation (1.32) provides an interpolation formula for recovering the con-

linuous-time signal x,(¢) from its samples. The representation of a contin-

nous-time signal in the form of Eq. (1.32) is only valid for bandlimited 
‘unctions and with T chosen sufficiently small so that no aliasing occurs. 

Equation (1.32) can be thought of as an expansion of the continuous-time 
signal in the form 

x(t) -3 Ce Pu(®) (1.33) 

where the coefficients ¢; and the functions ¢,(¢) are given by 

Cr = X(kT) (1 34a)
1:1 

1.01) =SETI—KT) (1 34b)
(7/TYt — kT) 



    

               

          

        

              

          

           

             

         

             

            

           

            

          

          

        

           
     

            

         

           

        

    

           

          

           

         
           

           

             

          

 

          

           

          

        

           

      

           

     

             
           

        
               

           
            

              
          

             
            

            
             

           
           

         
            

      

             
         

            
         

     

            
           

            
         

            
            

              
          

  

           
            

           
         

            

   

            

30 Discrete-Time Signals and Systems 

In general there are many classes of functions¢,(7) that can be used to express 
a continuous-time function in the form of Eq. (1.33), including sinusoidal 
functions, Laguerre functions, and Legendre polynomials. In any representa-

tion of the form of Eq. (1.33) the sequence of coefficients ¢; can be regarded 
as a discrete-time signal that represents the continuous-time signal x,(¢) [7]. 
Not all such representations are equally useful. A strong advantage with the 
choice of the functions ¢,(r) of Eq. (1.34b) is that the coefficients are easily 
obtained simply by sampling the continuous-time signal. A second advantage 
is that it preserves convolution in the sense that if y,(¢) is the continuous-

time convolution of x,(¢) and A(t), then y,(nT) will be the discrete con-

volution ofx, (nT) and h,(nT) provided that the sampling period Tis chosen 
small enough to avoid aliasing, i.e., so that the representation of Eq. (1.32) 
is valid. The advantage of a representation that preserves convolution is 
that it permits the simulation or implementation of a continuous-time linear 
time-invariant system by a discrete-time linear shift-invariant system. The 
disadvantage of the representation using the functions of Eq. (1.34b) is that 
it is restricted to bandlimited functions. 

There are many other choices for the functions ¢,(f) of Eq. (1.33) that 
will provide a discrete representation of continuous-time signals which pre-

serves convolution [8]. A necessary and sufficient condition for this to be 
true is considered in Problem 32 of this chapter. 

1.8 Two-Dimensional Sequences and Systems 

In the previous sections we focused the discussion on the representation of 
one-dimensional signals and systems. In this section we shall concentrate on 
the extension of some of those results to two-dimensional signals and systems. 
Many important signal processing problems involve the processing of multi-
dimensional signals. All the properties of signals and systems that we have 
derived thus far in this chapter are easily extended to the multidimensional 
case. In the chapters that follow, however, it will generally not be the case 
that results for one-dimensional sequences and systems extend to the multi-

dimensional case. 

A two-dimensional sequence is a function of two integer variables and 
is often depicted graphically as shown in Fig. 1.14. Asin the one-dimensional 
case, it is useful to define the unit-sample, unit-step, exponential, and 
sinusoidal sequences. The two-dimensional unit-sample sequence d(m, n) is 
defined as the sequence that is zero except at the origin; i.e., 

S(m, n) = (" mr ~° 0 

The two-dimensional unit-step sequence u(m, n) is unity in the first quadrant 



     

 

 

       

       

    

           

      

        

             

             

   

        

            

    

        

           

      
 

            

           

              

            

       

      

  

 

 

        

        

     

           
       

         

             
              

 
    

         
             

     

         
            

      
  

            
            

               

      

        

1.8 Two-Dimensional Sequences and Systems 31 

tm. n) 

| q 

)-

I 

Fig. 1.14 Graphical representation of a two-dimensional sequence. 

of the (m, n)-plane and zero elsewhere; i.e., 

Am =|" m=&gt;0,n&gt;0’ 0. otherwise 

A two-dimensional exponential sequence is of the form a™b", and a two-

dimensional sinusoidal sequence is of the form 

A cos (wgm + ¢) cos (wn + 6). 

A separable sequence is one that can be expressed as a product of one-

dimensional sequences; i.e., x(m, n) is separable if it can be expressed in the 
form 

x(m, n) = x,(m)x,(n) 

The unit-sample, unit-step, exponential, and sinusoidal sequences are all 
separable. An example of a sequence that is not separable is the sequence 

x(m, n) = cos (wymn) 

As with the one-dimensional case, an arbitrary two-dimensional sequence 
can be expressed as a linear combination of shifted unit samples as 

x(m,n)= &gt; &gt; x(k,r)d(m — k,n —r)
k=—o00 r=—00 

On the basis of this equation a two-dimensional linear system can be de-

scribed in terms of its responses to shifted unit samples. Specifically with 
y(m, n) = T[x(m, n)], where TT ] is the transformation for a linear system, 

Aire, 11) = 733 xl Py 8G — B22 = 7) 

= 53 x(k, NTI(m — kon — 7] 



    

           

      

            

              

       

             

                

              

                   

           

          

            

 

 

       
 

          

           

        

          

        

            

            

           

   

  

             

            

               

         

              

          

       

           

    

   

     
   

     

            

        

            
               

        

              
                 

               
                    

 

            

          
             

  
 

       
  

           
            

         
          

         
             

             
            

    

      
              

             
                

          
               
           

        
            

     

 
     
    

32 Discrete-Time Signals and Systems 

With &amp;,,(m, n) denoting the system response to 6(m — k,n —r), 

pom m) = 33 x(k, hg (mm) (1.35) 

With only linearity imposed on the system A; (m,n) will depend on the 
four variables k, r, m, and n. It is useful, however, to impose the additional 
constraint of shift-invariance. The class of two-dimensional shift-invariant 

systems is characterized by the property that if y(m, n) is the response to 
x(m, n), then y(m — k,n —r) is the response to x(m — k,n — r). With 
this constraint on the system, if h(m, n) is the response to (m, n), then 
h(m — k,n — r) is the response to 6(m — k, n — r). In this case, Eq. (1.35) 

becomes 

y(m, n) = S S x(k, r)h(m — k,n — r) (1.36) 

Equation (1.36) is the convolution sum for a two-dimensional linear shift-

invariant system. By a substitution of variables in Eq. (1.36) we obtain the 
alternative expression 

0 0 

yimn)= 3 &gt; h(k,r)x(m — k,n —r) (1.37)
k=—00 r=—0© 

Thus, as in the one-dimensional case, the operation of convolving two 
sequences is commutative; i.e., the order in which they are convolved is 
unimportant. This implies, among other things, that the unit-sample 
response of a cascade combination of linear shift-invariant systems is inde-

pendent of the order in which they are cascaded. 
A stable system is one for which every bounded input produces a bounded 

output. Paralleling the argument in Sec. 1.3 (see Problem 39 of this chapter), 
it can be shown that a two-dimensional linear shift-invariant system is stable 

if and only if 

AS 2hk, r)] &lt; 0 (1.38)33 
A two-dimensional system is said to be causal if when two inputs x,(m, n) 
and x,(m, n) are equal for (m &lt;m,, n &lt;n), then the corresponding 
outputs y,(m, n) and y,(m, n) are equal for (m &lt; m,, n &lt;n). Fora linear, 
shift-invariant system, causality implies that the unit-sample response is zero 
for (m &lt; 0, n &lt; 0). Conversely, if the unit-sample response is zero for 
(m &lt; 0, n &lt; 0), then the system is causal. 

An important subclass of two-dimensional linear shift-invariant systems 
are those for which the input and output satisfy a linear constant-coefficient 
difference equation of the form 

M, N, M, N,

3 Sa,ym —k,n—r)=2 Db,x(m —k.n—r) (1.39)
L=0 7r=0 k=0 r=0 



     

             

                 

       

             

           

  
         

  

      
 

                 

                  

      

        

           

    

   

    

 

      
 

  

      
 

           

              

             

             

     

   
            

          

         

   

  

         
 

      

              
                  

        
              

            

  
       

  
  

      
  

 

   
                  

       
         

            
     

    

     

  

      
  

   
 

     
  

            
               

              
              

      

    
             

 

           

          
    

   

            
  

1.8 Two-Dimensional Sequences and Systems 33 

where, for linearity, we impose the additional constraint that if x(m, n) = 0 
for all m and n then y(m, n) = 0 for all m and n. As with one-dimensional 

difference equations, the two-dimensional difference equation (1.39) can 
correspond to a causal or a non-causal system. If we assume that the system 

is causal. Eq. (1.39) can be expressed as a recursion relation; i.e., 

1 My Ny
y(m, n) = 3 2 byx(m ~ kn -r)

Apo\k=0 r=0 
M Nv, 
oz py — lym — 2) (1.40)

k=0 r=0 
k.,r#0simultaneously 

For example, ifx(m, n) is zero form &lt; 0.n &lt; 0, then, as a result of causality, 
y(m, n) is zero for m &lt;&lt; 0, n &lt; 0. This then provides a set of initial con-

ditions to use in iterating Eq. (1.40). 
For two-dimensiondl linear shift-invariant systems the response to a 

complex exponential of the form e’“™e’*" is a complex exponential of the 
same complex frequencies. Specifically, with 

x(m, n) = e’@1meienn5 

then from the convolution sum. 

00 00 

pm, mn) = 3D hk, re’mei0rngmivtkgior 
k=—00 r=—o0 

H(e'® elo)piorm jnen 
where 

He) = 3 3 h(k, r)eiokgior
k=—00 r=—o00 

H(e'e1, e’@2) is the frequency response of the two-dimensional system. It is 
a continuous function of w, and w, and is a periodic function of each of 
these variables with period 27. It can be shown (see Problem 38 of this 
chapter) that if h(m, n) is separable, then H(e’®1, e’®2) is separable; i.e., it 
can be expressed in the form 

He, 7) = H,(¢°)Hy") 
The sequence h(m, n) can be recovered from the frequency response by the 
relation 

h(m, n) = 3 ( ( H(t, e?%)e?o1mpio doy. dw, (1.42) 

More generally we define the two-dimensional Fourier transform of a 
sequence x(m, n) as 

0 [co] . 

V( oJ elo?) — &gt; &gt; x(m, n)e form —ioen ( 7) 
Mim) N=——0) 



    

     

       
  

            

           

     

      

            

         

            

           

        

            

         

         

          

        

            

         

          

         

         

         

        
         

    
         

 

             
  

          

   
           

       
            

     
           

     

      

       
   

             
            

      

       

 

             
          

            
            

         
            

          
          

          
         

             
          

           
          

          
          

         
          

    
          

  
 

              
   

           
    

            
        

            
      

            
 

34 Discrete-Time Signals and Systems 

with the inverse relation given by 

x(m, n) =oo | [ X(e7*1, e®%)e!1meiodoy,dw, (1.44)
a —T JT 

By applying the transform of Eq. (1.43) to the convolution sum, it follows 
that the Fourier transforms of the input and output of a two-dimensional 
linear shift-invariant system are related by 

Y(e'1, ei) a H(e'1, elo)X(eet e’0?) (1.45) 

Summary 

In this chapter we have considered a number of basic definitions relating to 
discrete-time signals and systems. In particular, we considered the definition 
of a set of basic sequences, the definition and representation of linear shift-

invariant systems in terms of the convolution sum, and some implications of 
stability and causality. An important subclass of linear shift-invariant 
systems is that for which the input and output satisfy a linear constant-

coefficient difference equation. The iterative solution of such equations was 
discussed and the classes of FIR and IIR systems defined. 

An important means for the analysis and representation of linear shift-

invariant systems lies in their frequency-domain representation. The response 
of a system to a complex exponential input was considered, leading to the 
definition of the frequency response. The relation between impulse response 
and frequency response was then interpreted as the Fourier transform pair. 
Some properties of the Fourier transform pair were then developed. 

Although the material in this chapter was presented without direct 
reference to continuous-time signals, an important class of digital signal 
processing problems arise from sampling such signals. Consequently, in 
Sec. 1.7 we considered the relationship between continuous-time signals and 

sequences obtained by periodic sampling.
The chapter closed with a brief introduction to two-dimensional sequences 

and systems. 
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PROBLEMS 

I. Consider an arbitrary linear system with input x(n) and output y(n). Show that 
if x(n) = 0 for all n, then y(n) must also be zero for all n. 

2. For each of the sequences in Fig. P1.2, use discrete convolution to find the 
response to the input x(n) of the linear shift-invariant system with unit-sample 
response h(n). 

’ 

q 

{ 

i ‘. 

— 

) 

n 

Fig. P1.2 

3. By explicitly evaluating the convolution sum, evaluate the convolution y(n) = 
x(n) * h(n) of the sequences 

( a”, 0&lt;n&lt;AM 
0, elsewhere 
(Br, my &lt;n 
10, n &lt;n, 

A closed-form solution can be obtained. 



    

       

     

         

      

           
     

      

    

          

        

            

         

              

               

              

          

               

     

           

    

             

                

                 

               

   
            

         

   

          

     

              

   

            

          

   

              

          

               

           

     

        

      

           

       

            
      

       

     

           

         

             

         
               

                
               

           
                

      
           

     
              

                 
                  

                
   

             
          

    

            

     

               
 

   
 

             
           

 

    

               
          

                
            

36 Discrete-Time Signals and Systems 

4. Let e(n) be an exponential sequence, i.e., 

e(n) = a”, for all n 

and let x(n) and y(n) denote two arbitrary sequences. Show that 

[e(m)x(n)] * [e(m)y(n)] = e(m)[x(n) * y(n)] 

5. Let x(n), y(n), and w(n) denote three arbitrary sequences. Show that 
(a) discrete convolution is commutative; i.e., 

x(n) * y(n) = y(n) * x(n) 

aiscrete convolution is associative; i.e., 

x(n) * [y(n) * wn)] = [x(n) * y(m)] * w(n) 

discrete convolution is distributive with respect to addition; i.e., 

x(n) * [y(n) + wm)] = x(n) * y(n) + x(n) * wn) 

6. Consider a discrete-time linear shift-invariant system with unit-sample response

h(n). If the input x(n) is a periodic sequence with period N, ie., x(n) = 
x(n + N), show that the output y(n) is also a periodic sequence with period N. 
If the output of a system is the input function multiplied by a complex constant. 
then that input function is called an eigenfunction of the system. 
(a) Show that the function x(n) = z”, where z is a complex constant, is an 

eigenfunction of a linear shift-invariant system. 
(b) By constructing a counterexample, show that z"u(n) is not an eigenfunction

of a linear shift-invariant system. 
B. The unit-sample response of a linear shift-invariant system is known to be zero 

except in the interval Ny &lt;n &lt; N,. The input x(r) is known to be zero except 
in the interval N, &lt; rn &lt; N,. As a result, the output is constrained to be zero 
except in some interval Ny &lt;n &lt; N;. Determine N, and Nj in terms of N,, 
Ny, Ny, and Nj.
By direct evaluation of the convolution sum, determine the step response of a 
linear shift-invariant system whose unit-sample response a(n) is given by 

h(n) = a ™u(—n), 0&lt;acx&lt;l 

10. Consider a system with a finite-duration unit-sample response A(n) such that 

h(n) =0, n&lt;0,N &lt;n, whereN&gt;0 

Show that if |x(n)| &lt; B, then a bound on the output is given by 
N-1 

lym) &lt;B &gt; |h(k)|
r—0 

Show also that this bound can be attained; i.e., determine a sequence x(n) 
with |x(n)| &lt; B for which. for some value of n. 

N—1 

y(n) = BY |h(k)|. 

[1. Causality of a system was defined in Sec. 1.3. From this definition show that 
for a linear shift-invariant system, causality implies that the unit-sample re-

sponse k(n) is zero for n &lt; 0. Show also that if the unit-sample response is 
zero for n &lt; 0, then the system will necessarily be causal. 



 

              

      
   

    

    

     

  
     

  

            
             

        

      

      

           

              

   

         

    

            

   

            

            

               

               

           

        

            

              

 

 
 

 

 

             

      

    
  

   

  

              
       

    
 

    
 

    
 

     
   
      

   
            

              
         

       
       
            
               

    
         

 

     

             

    

             
             

               
                
            

         
             

              
  

     

   

              

 

        

       
  

Problems 37 

12. For each of the following systems, determine whether or not the system is (1)

stable, (2) causal, (3) linear, (4) shift-invariant. 
(@) Tlx(@n)] = g@)x(n). 

n 

(b) Tix] = &gt; x(k).
k=mng 

ntng

© Tlxm] = 32 x(k).
k=n—no 

(d) Tx] = x(n — ny).

(e) Tix(n)] =", 
(f) TIx(n)] = ax(n) + b. 
Justify your answer. 

13. Consider a system with input x(n) and output y(n). The input-output rela-
tion for the system is defined by the following two properties: (1) y(n) — 
ay(n — 1) = x(n); (2) (0) = 1. 

(a) Determine whether the system is shift-invariant. 
(b) Determine whether the system is linear. 
(c) Assume that the difference equation (property 1) remains the same but 
the value y(0) is specified to be zero. Does this change your answer to either 
part (a) or (b)? 

14. Consider the linear discrete-time shift-invariant system with unit-sample re-

sponse 

h(n) = (2) u(n), wherej=J-1 

Determine the steady-state response i.e., the response for large r to the excitation 

x(n) = [cos wnlu(n) 

15. A discrete-time system is shown Fig. P1.15. The system transformation y(n) = 
T[x(n)] is arbitrary and may be nonlinear and time varying. The only known 
property of the system is that it is well defined; i.e., the output for any given

input is unique. Suppose that the input x(n) is chosen as x(n) = Ae’“" and that 
some parameter P of the output is measured (e.g., the maximum amplitude). 
P will, in general, be a function of w. 

Let us consider P for different excitation frequencies. Show that P is periodic 
in o and determine the period. Will a similar result be true in the continuous-

time case? 

Arbitrary discrete-(pp —= y(n)
time system 

Fig of 48 

16. In Sec. 1.5 the Fourier transform pair for a sequence was given as 

0 

He?) = 3 hme on (Fourier transform) (P1.16-1) 

h(n) = J [ H(ei)el"dw (inverse Fourier transform) (P1.16-2)
27 J = 



    

           
         

          
        

  

            

          

     

           

   
           

                  

               

      
          

           

  

             

  

       
   

      

           

         

               

           

            

            
     

  

              

              

         
          

     
          

              

           
                 

    

            
               

          

     

           
          

          
         

    

             
          

 
 

      
 

            
   

            
                  

               
       

          
            

   

              

  

       
   

       

            

          

               
           

            
 

             
      

  

              

              
         

           
     

           
               

            
                  

     
             

                
           

38 Discrete-Time Signals and Systems 

(a) By substituting Eq. (P1.16-1) into Eq. (P1.16-2) and evaluating the integral
verify that the two equations are inverses of each other. 

(b) Repeat part (a) by substituting Eq. (P1.16-2) into Eq. (P1.16-1).
17. In Sec. 1.5 it was argued intuitively that 

Y(e'®) = H(e*)X(e'?) (P1.17-1) 

where Y(e’®), H(e?®), and X(e’®) are the Fourier transforms of the output y(n), 
unit-sample response /(n), and input x(n) of a linear time-invariant system;
i.e., 

0 

ym) = &gt; hn — k)x(k) 
N=—00 

Verify Eq. (P1.17-1) by applying the Fourier transform to the convolution sum 
given in Eq. (P1.17-2).

18. (a) Consider a linear shift-invariant system with unit-sample response a(n) = 
«"u(n), where « is real and 0 &lt; a &lt; 1. If the input is x(n) = pu(n). 
0 &lt; |B] &lt;1, determine the output y(n) in the form y(n) = (ka" + 
kof™u(n) by explicitly evaluating the convolution sum. 

(b) By explicitly evaluating the transforms X(e’®), H(e’®), and Y(e’®) corre-
sponding to x(n), h(n), and y(n) specified in part (a), show that 

Y(e’®) = H(e')X(e'®) 

19. Let x(n) and X(e’®) denote a sequence and its Fourier transform. Show that 

0 | : 

&gt; x(m)x*(n) = — | Xe)X*(?) dw 
n=—oo 2m —7 

This is one form of Parseval’s theorem. 

20. A causal linear shift-invariant system is described by the difference equation 

y(n) —ay(n — 1) = x(n) — bx(n — 1) 

Determine the value of b (b 7 a) such that this system is an allpass system;

i.e., the magnitude of its frequency response is constant, independent of fre-

quency.
21. Show that the sequence [sin (7n/2)]/=n is square summable but not absolutely

summable. 

22. f(n) and g(n) are real, causal, and stable sequences with Fourier transforms 
F(e’®) and G(e?®). respectively. Show that 

T T T 

L | F(e)G(e®) do = lL | Fei)dol | Ge)do27 J» 27 Jo 27 Jn 

23. In the design of either analog or digital filters, we often approximate a specified

magnitude characteristic, without particular regard to the phase. For example,
standard design techniques for lowpass and bandpass filters are derived from 
consideration of the magnitude characteristics only.

In many filtering problems, one would ideally like the phase characteristics 
to be zero or linear. For causal filters it is impossible to have zero phase. 
However, for many digital filtering applications, it is not necessary that the 
unit-sample response of the filter be zero for n &lt; 0 if the processing is not to be 
carried out in real time. 

One technique commonly used in digital filtering when the data to be filtered 
are of finite duration and stored, for example, on a disc or magnetic tape, is to 
process the data forward and then backward through the same filter. 



 

            

           

               

  

  

 

  

   

          
        

          

 
             

              

   

  

   

     

            

      
          

             
              

        
           

           

 

  

  

             
            

                
   

   

   

   

    

           
         

           
 

             
               
    

    

    
 

      

            
      

           
             

               
         

            
            

 

  

 

   

Problems 39 

Let h(n) be the unit-sample response of a causal filter with an arbitrary 
phase characteristic. Assume that h(n) is real and denote its Fourier transform 
by H(e’®). Let x(n) be the data that we want to filter. The filtering operation is 
performed as follows: 

(a) Method A: 

0 [pen gm)ie 

r(n)i EMT wm 

iii. s(n) = r(—n) 

(1) Determine the overall unit-sample response 4,(n) that relates x(n) and 
s(n), and show that it has a zero-phase characteristic. 

(2) Determine |H,(e’®)] and express it in terms of |H(e’®)] and 
arg [H(e’™)].

(b) Method B: Process x(n) through the filter 4(n) to get g(n). Also process
x(n) backward through h(n) to get r(n). The output y(n) is then taken as the 
sum g(n) plus r(—n) 

I x(n)RET) ] gm 

i, ZOO he LT® 
i 

iii. y(n) = gm) + r(—n) 

This composite set of operations can be represented by a filter, with input

x(n), output y(n), and unit-sample response hy(n).
(1) Show that the composite filter /,(n) has a zero-phase characteristic. 
(2) Determine |Hy(e’®)| and express it in terms of | H(e’®)| and arg [H(e’®)].

[c) Suppose that we are given a sequence of finite duration, on which we would 
like to perform a bandpass, zero-phase filtering operation. Furthermore, 
assume that we are given the bandpass filter 4(r), with frequency response 
as specified in Fig. P1.23, which has the magnitude characteristic that we 

(Hel) 

arg [H(e!)] 

ad 

Eig. D4 27 



    

            

          

          

          
         

     

             

                  

       

     

        

       

   

    

 

              

           

               

              

              

           

 

 

 

 

  

 

 
  

   

 
 

            

      

 
  
  

              

          

    

    

  

    

             

             

           

  
             

             

             

             

              

   

     

             
           

          
           

          
      

              
                 

        
      
         
        

   
    

  
               

           
                
               

               
            

   
   
  
   
    
    
     

             
       

 
  
  

              
           

     

     

   

     

              
             

           
  
             

            
             

             
               

    

40 Discrete-Time Signals and Systems 

desire but linear phase. To achieve zero phase, we could use either method 
(A) or (B). Determine and sketch |H;(e’®)| and |Hy(e’®)|. From these 
results which method would you use to achieve the desired bandpass

filtering operation? Explain why. More generally, if h(n) has the desired 
magnitude but a nonlinear phase characteristic which method is preferable 
to achieve a zero phase characteristic? 

24. Let x(n) and X(e’®) represent a sequence and its transform. Do not assume 
that x(n) is real or that x(n) is zero for n &lt; 0. Determine, in terms of X(e’?), 
the transform of each of the following sequences: 
(a) kx(n), k = any constant. 
(b) x(n — ny), n, = a real integer. 
(©) g(n) = x(2n). (This one is tricky!) 

__ |x(nf2), n even,

@) gn) I n odd. 
(e) x%*(n). 

25. In Sec. 1.6 we stated a number of symmetry properties of the Fourier transform. 
All these properties follow in a relatively straightforward way from the trans-

form pair. Below is a list of some of the properties stated. Prove that each is 
true. In carrying out the proof you may use the definition of the transform pair 
as given in Eqs. (1.19) and (1.20) and any previous property in the list. For 
example, in proving property 3 you may use properties 1 and 2. 

Sequence Fourier Transform 
[. x*(n) X*(e 7)
2. x*(—n) X*(e’®)
3. Re [x(n)] X,(1°)
4. j Im [x(n)] X,(e’®)
5. x,(n) Re [X(e'®)] 
6. x(n) i Im [X(e?®)] 

26. x(n) and X(e’?) denote a sequence and its Fourier transform. Determine, in 
terms of x(n), the sequence corresponding to 
(a) X(eil@—0)),
(b) Re [X(e’)].
(©) Im [X(e’)].

27. From the properties proved in Problem 25 above, show that for a real sequence

x(n). the following symmetry properties of the Fourier transform X(e’”) hold: 
Re [X(e’*)] = Re [X(e77%)] 

tm [X(e®)] = —Im [X(e77*)] 

LX(™)| = |X) 

arg [X(e?)] = —arg [X(e77*)] 

28. Consider a complex sequence h(n) = h(n) + jh,(n), where h(n) and h(n) 
are both real sequences, and let H(e’®) = Hg(e’®) + jH(¢’®) denote its trans-

form, where Hg(e’®) and H;(e’®) denote the real and imaginary parts, respec-

tively, of H(e’®).
Let Hgz(e?®) and H,r(e’®) denote the even and odd parts of Hg(e’?), and 

let Hg(e’®) and Hp(e’?) denote the even and odd parts of H(e’”). Further-

more, let H,(e’?) and Hp(e’®) denote the real and imaginary parts of the trans-

form of h,(n), and let H(e’®) and Hp(e’®) denote the real and imaginary parts

of the transform of h;(n). Express H4, Hp, Hp, and Hp, in terms of Hyg, 
Hop, Hyg, and Hyg. 



 

           

          

  

 

 

   

 

           

            

              

   

 

             

           

 
 

 

           

              

            

      

           

           

 

 

 
   

  

         
              

     
             

     
             

             

           
          

  

            
           

   
   

  

 
     

  

           
             

               

 
 

     

  

             
            

  
    

 

  

            
               

             
      

           
           
  

  
 

     
         

               
     

              
     

             
              

            
           

Problems 41 

29. Two operations that are often encountered in signal processing systems are 
depicted in Fig. P1.29-1. The sampler retains the even-numbered points and 

x(n), n evenx(n) 
Sampler &gt;y(n) = 

0, nodd 

xin) 
Compressor =» y(n) = x(2n) 

Fig, P1.29-1 

sets the odd-numbered points in the sequence to zero. The compressor gener-

ates a sequence that consists only of the even-numbered points from the input. 
In Fig. P1.29-2 is shown a system consisting of the cascade of a sampler, a 

x(n) 
pr 

y(n)Xgq (nN) on wmToL
Sampler Compressor 

Fig. P1.29-2 

digital filter (FA), and a compressor. In Fig. P1.29-3 is shown a system con-

sisting of the cascade of a compressor and a digital filter (FB). 

x(n) xp) : y(n) 
-_Compressor *+FB *: 

rE 

Fig. P1.29-3 

The digital filters FA and FB are linear, causal and shift-invariant. The 
frequency response for FA is H4(e’®) = 1/[1 — ae™7*], where 0 &lt;a &lt;1 [i.e., 
h(n) = a"u(n)]. Determine the frequency response for FB so that the systems 
of Figs. P1.29-2 and P1.29-3 are equivalent.

30. Let A,(t) denote the impulse response of a linear time-invariant continuous-

time filter and A,(n) the unit-sample response of a linear shift-invariant discrete-

time filter. 
(a) If 

—at t&gt;0
h(t) = {¢ =

a(t) [ t&lt;0 
determine the analog filter frequency response and sketch its magnitude.

(b) If hyn) = h,(nT) with h,(z) as in part (a), determine the digital filter 
frequency response and sketch its magnitude.

(c) Fora given value of a, determine as a function of 7Tthe minimum magnitude 
of the digital filter frequency response.

31. One context in which digital filters are frequently used is in filtering band-

limited analog data as shown in Fig. P1.31, where T represents the time between 
samples. (Assume that T is sufficiently small to prevent aliasing.) The overall 
system relating x(¢) to y(¢) is equivalent to an analog filter. 



    

 
 

 
 
   

 

                  

     

        

             

         

  

           

             

             

     

   
 

   
              

         
  

   

   

  

         

          

      

            

     

     

              

  

            

   

     

     
      

       

  

                   
      

         
              

          

    

            
             

              
      

   
    

               
         

   

    

     

  
  

       

 

 

   
 

           

      
            

      

    

               

   

            
    

42 Discrete-Time Signals and Systems 

(1) | Sampler: x{n) y(n) y(t)
—i sampling -- hin) D/A deal lowpassi. 

period=T I ’ filter: cutoff == rad/sec’ 
y-

Fig 719 

(a) If h(n) has a cutoff of n/8 rad/sec, and if 1/7 = 10 kHz, what will be the 
cutoff frequency of the overall system? 

(b) Repeat part (a) for 1/T = 20 kHz. 
32. As we indicated in Sec. 1.7, a continuous-time function x,(¢) can generally be 

expressed in terms of a set of basis functions as 

x,(1) -3 credit) (P1.32-1) 

where the functions {#,(¢)} are a set of linearly independent functions. The 
coefficients ¢; can then be thought of as a sequence that represents the contin-

uous-time signal. If x,(¢) is bandlimited, then, as we saw in Sec. 1.7, the 
functions ¢,(¢) can be chosen as 

sin [(z/T)t — kT)]
ts P1.32-2

BO)== ET (P1.322) 
One desirable property of the functions ¢,(¢) is that they be chosen in such a 
way that the discrete representation of the continuous-time signals preserves
sonvolution. i.e.. if 

ra) =3 cut (P1.32-3a) 

Xa2(t) = 3 Corr(?) (P1.32-3b) 

(P1.32-3¢)Xq3(¢) -3Carbilt) 
A 117|» 

a(t) = [ Xa1 (7)X got — 7) dr (P1.32-3d) 

"11H 

XC 

Cat CinCo(k-n) (P1.32-3¢) 
vv. 

This then means that a linear time-invariant continuous-time system can be 

represented by a linear shift-invariant discrete-time system.

(a) Show that if equations (P1.32-3) hold, then @,(2), the Fourier transform 
of ¢.(t). must satisfy the relation 

0,(jRP,Q) = Ppnj) (P1.32-4) 

(b) Show that the result in part (a) implies that @,(j&lt;2) is of the form 

O,.(j) = [G(T™ 

(c) Show that 1/T times the Fourier transform of the functions in Eq

(P1.32-2) satisfy Eq. (P1.32-4). 



 

            

       
           

               

             

             

           

            

         

            

           

            

            

           

            
      

  

              

          

           
              

            

        

            

          

          

    

      

           

          

            

             

 

 
  

 

  

  

             
       

            
                

              
             

           
             

          
             

            
 

             
           

            
         

       

   

             
          

            
               

             
         

             
           

           

    
      

            
           

             
  

        

  
 

  

  

Problems 43 

(d) Can you think of any other sets of linearly independent functions whose 
transforms satisfy Eq. (P1.32-4)? Give a few examples.

33. In many communications systems, information is transmitted by means of an 
alphabet of distinct, continuous signals, say f;(t), fot), . . . , fm(?). If all the 
signals in the alphabet have the same energy, then a receiver channel tuned to 
receive, say f(t) would compute the quantity M, = |+ s(t)f,(t) dt, where 
s(t), the received signal, is one of the signals in the alphabet.

(a) Show, using the Schwarz inequality, that M, is maximum when s(¢) = 
f+(t). (Note that we are talking here about continuous-time functions.) 
This means that to determine which signal was sent, we would compute M, 
for each r. The largest value obtained would indicate which signal was 
transmitted. 
Suppose that, in a particular system, all the signals in the alphabet are 
bandlimited, so that the highest frequency is f; hertz. We wish to imple-

ment the receiver digitally; i.e., the received signals s(t) and f,.(¢) are 
sampled with a sampling period ofTtoobtain the sequences s(n) andf(r)
and the channel output is computed as 

M,= 3 Gif) 

What is the smallest sampling period Trequired in relation tof, to make this 
equivalent to the continuous system? The obvious guesses are that 1/T

is either fy/4, fo/2, fo, 2fo, Or 4f,. Fully justify your answer. 
Suppose that we computed M as specified in part (b) with T being twice as 
long as required. Are there conditions when M, would still be a maximum 
when s(n) = f,(n)? Think carefully about this one. 

34. In Sec. 1.7 we derived the interpolation formula, Eq. (1.32), which expresses 
a bandlimited continuous-time signal, in terms of its samples. In particular, 
with x,(t) denoting a bandlimited continuous-time signal, it was shown that 

Z sin [(z/T)(t — kT)]

Xq(1) 2XkT) ITY: — KT) (P1.34-1) 

where T is less than 2+ divided by the bandwidth of x(t). 
Often, in converting a sequence to a continuous-time signal, the sequence 

is first converted to a staircase function and then lowpass-filtered as depicted in 
Fig. P1.34. Determine the frequency response of the lowpass filter to recover x(2). 

(n) D/A Xalt Lowpass 
&gt; Xa (1)

converter filter 

Kg (1) 
~~ 7 be

(q (KT) 

TH n4 24 

https://Fig.P1.34


    

    

      

            

                

  

         

     

   

           

 
        
        

          

             
           

            

            

            

           

         

  

          

        

           

  

        
 

            

          

       
 

          
              

 

     
 

     

     

       

             
                 

 
   

           

  

    
            

 
        
        

           
              

           
             

            
             

            
          

   
           

         
            

   

        
  

             
           

       
  

           
               

 
    

  

44 Discrete-Time Signals and Systems 

35. Consider an analog signal 

Xa(t) = 55(t) + as,(t — T) 

Assume that the Fourier transform of x,(¢) is bandlimited such that X,(jQ) = 
0 for |Q| &gt; #/T and that x,(¢) is sampled at the Nyquist rate to obtain the 
sequence 

x(n) = x,(nT) 

Find tlie unit sample response of a discrete-time system such that 

tn) = 3 s(n — k) 

where s(n) = s,(nT). 
36. u(m, n) and d6(m, n) denote the two-dimensional unit-step and unit-sample 

sequences, respectively.
(a) Express u(m, n) in terms of 6(m, n).
(b) Express 6(m, n) in terms of u(m, n).

37. Consider a two-dimensional linear shift-invariant system with input x(m, n), 
output y(m, n), and unit-sample response h(m, n). Show that if x(m, n) and 
h(m, n) are both separable, then y(m, n) will also be separable.

38. Let x(m, n) denote a two-dimensional sequence and X(e’“1, e’®2) its Fourier 
transform. Show that if x(m, n) is separable, then X(e/®1, ¢’®2) is separable.

By paralleling the argument carried out in Sec. 1.3 for the one-dimensional case, 
show that a necessary and sufficient condition for stability of a two-dimensional 
linear shift-invariant system with unit-sample response h(k, r) is that 

3 3 pani&lt;e 
40. In Problem 19, page 38, Parseval’s theorem for one-dimensional sequences 

was derived. Derive the corresponding relation for two-dimensional sequences. 
41. Determine the frequency response of the two-dimensional filter for which the 

unit-sample response is 

hm, ni) =fl |m| &lt; M and |n] &lt;N
0, otherwise 

42. Determine the unit-sample response of the lowpass filter for which the frequency 
response for |w,| and |w,| less than = is given by 

H(e®1, e193) = 1, lo] &lt;aand || &lt;b
0, otherwise 

43. Determine the unit-sample response of the circularly symmetric lowpass filter 
for which the frequency response for |,| and |w,| less than = is given by 

&lt; A

Helo, £992) = [v Vo?+
0, otherwise 



 

 

         

             

         

           

          

          

            

        

            

           

              

 

 

         

  

             

             

 

  

  

          
              

          
            

           
           

             
         

             

            
              

  

  

          

    

              
              

 

2 

The z-Transform 

2.0 Introduction 

[n continuous-time system theory the Laplace transform can be considered 
as a generalization of the Fourier transform. In a similar manner it is possible 

to generalize the Fourier transform for discrete-time signals and systems, 
resulting in what is commonly referred to as the z-transform. The z-transform 
plays an important role in the analysis and representation of discrete-time 
linear shift-invariant systems. In this chapter we shall define the z-transform 
representation of a sequence and study in detail how the properties of a 
sequence are related to the properties of its z-transform. 

In discussing the z-transform we shall call upon a number of results from 

the theory of complex variables. In applying these results we shall take 
pains to be precise but will not attempt to maintain a high degree of mathe-

matical rigor. 

2.1 z-Transform 

The z-transform X(2) of a sequence x(n) is defined as 

X(z)= &gt; x(n)z™" (2.1) 

where z is a complex variable. It will sometimes be convenient to denote the 
z-transform of a sequence x(n) as 3[x(n)]. In some contexts it is useful to 

1 



  

            

       

   

              

            

         

            

         

              

            

          

   

 

    

            

          

               

 

           

         

              

             

            

         

       

   
  

             

            

           

          

         

             

       

             

  

   

   

             
        

    

               
             

          
             

          
               

             
           

    

 

 

      

             
           
                

  
            

          
               

              
             
          

        

 

    
  

              
             
            

           
          

              
        

              
   

      

$6 The z-Transform 

refer to the z-transform as given by Eq. (2.1) as the two-sided z-transform 
and consider also the one-sided z-transform defined as 

Xz) = 5 x(n)z™" 

Clearly, if x(n) = 0 for n &lt; 0, the one-sided and two-sided z-transforms are 
equivalent, but not otherwise. In this book we shall not have occasion to 
utilize the one-sided transform but consider only the two-sided z-transform 
as defined by Eq. (2.1). A discussion of the one-sided z-transform can be 
found in a variety of texts (see, for example, [1,2]). 

By expressing the complex variable z in polar form as z = re’, Eq. (2.1) 
has an interpretation in terms of the Fourier transform as defined in Chapter 
1. Specifically, with z expressed in this form, Eq. (2.1) becomes 

X(re’®) = Y x(n)(re’*&gt;™" 

af 

@ » 

X(re’®) = 2 x(nyre pon (2.2) 

Thus, according to Eq. (2.2), the z-transform of x(n) can be interpreted as 
the Fourier transform of x(n) multiplied by an exponential sequence. For 
r= 1, i.e., for |z| = 1, the z-transform is equal to the Fourier transform of 
the sequence. 

As we discussed in Chapter 1, the power series representing the Fourier 
transform does not converge for all sequences. Similarly, the z-transform 
does not converge for all sequences or for all values of z. For any given 
sequence the set of values of z for which the z-transform converges is called 
the region of convergence. As we stated in Sec. 1.5, uniform convergence of 
the Fourier transform requires that the sequence be absolutely summable. 
Applying this to Eq. (2.2) we require that 

0 

&gt; x(n" &lt; «© (2.3)
)— ee 

It should be clear from Eq. (2.3) that because of the multiplication of the 
sequence by the real exponential r=", it is possible for the z-transform to 
converge even if the Fourier transform does not. For example, the sequence 
x(n) = u(n) is not absolutely summable, and consequently the Fourier 
transform does not converge. However, r~"u(n) is absolutely summable if 
rl &gt; 1, and consequently the z-transform for the unit step exists with a 
region of convergence 1 &lt; |z]| &lt; co. 

in general the power series of Eq. (2.1) will converge in an annular region 
of the z-plane, 

RR &lt;&lt; 1z| &lt; IK 2.4) 



  

                

           

            

               

          

             

         

           

            

    

             

            

           

            

              

              

           

            

             

           

           

             

                

               

                 

              

         

             

            

           

             

            

         

  

    

   

  

   

                 

            
             

                
           

              
          

            
             

     
              

             
            

             
               

               
           
             

             

            
 

            
             

                 

                

                 
               

          
              

            
            

              

             
          

   

      

    

 

  
 

21 z-Transform 47 

where in general R,_ can be as small as zero and R,, can be as large as 

infinity. For example, the region of convergence of the z-transform of the 
sequence x(n) = u(n) is defined by R,_ = 1, R,, = oo. 

A power series of the form of Eq. (2.1) is a Laurent series. As such, a 
aumber of elegant and powerful theorems from the theory of complex 
functions (as presented, for example, in [3]) can be employed in the study of 
the z-transform. A Laurent series, and therefore the z-transform, represents 
an analytic function at every point inside the region of convergence, and 
hence the z-transform and all its derivatives must be continuous functions of z 

inside the region of convergence. 
In Sec. 1.5 we discussed the fact that some sequences exist which are not 

absolutely summable but have finite energy, and that in those cases it is 
possible to consider the Fourier transform to exist if one accepts convergence 
in the sense that the mean-square error approaches zero. An example of such 
a sequence is the impulse response of an ideal lowpass filter. In such a case 
the z-transform does not exist, as is suggested by the fact that for the ideal 
lowpass filter the Fourier transform is not a continuous function and conse-

quently is not analytic. In cases where the Fourier transform exists but the 
z-transform does not, we may still refer to the Fourier transform as the z-

transform evaluated for |z| = 1, although this is, strictly speaking, not 
correct. 

An important class of z-transforms are those for which X(z) is a rational 
function, i.e., a ratio of polynomials in z. The roots of the numerator poly-

nomial are those values of z for which X(z) = 0 and are referred to as the 

zeros of X(z). Values of z for which X(z) is infinite are referred to as the 

poles of X(z). The poles of X(z) for finite values of z are the roots of the de-

nominator polynomial. In addition, poles may occur at z = 0 or z = co. 

For rational z-transforms there are a number of important relationships 
between the location of poles of X{(z) and the region of convergence of the 
z-transform. Clearly no poles of X(z) can occur within the region of con-

vergence since the z-transform does not converge at a pole. Furthermore, as 
we will justify in a later discussion, the region of convergence is bounded by 

poles.
It is often convenient to display the z-transform graphically by means of a 

nole-zero plot in the z-plane. For example, consider the sequence 

x(n) = a™u(n) 

The z-transform is given bt J 

X(z) = &gt; a"u(n)z™" 

0 

= &gt; (az™™”
n=—=—&gt;N 



  

  

    
    

                

                  

  

            

    

                

           

   

          

              

       

        

     

   

           

               

                 

                 

       

         

   

   

    
   

                 
                   

 

 

   

 

             
     

                 
            

    

           
               

        

          
      

     

            
                
                  

                  
  

          

48 The z-Transform 

which converges to 

— for |z| &gt; |a]
Xz) ~ 1 — azl’ 

By rewriting X(z) as a ratio of polynomials in z, we see that X(z) has a zero 
at z= 0 and a pole at z = a. This is displayed in the z-plane in Fig. 2.1, 

T 

° 

Region of convergence 

ad 

Fig. 2.1 Pole-zero plot and region of convergence in the z-plane for the 
z-transform of the sequence a™u(n). 

where the zero is denoted by 0 and the pole is denoted by x. The region of 
convergence is indicated by the shaded region and includes the entire z-plane 
for |z| &gt; a. 

The properties of the sequence x(n) determine the region of convergence 
of X(z). To see how the region of convergence relates to the sequence, it is 
convenient to consider a number of special cases. 

Jy Finite-Length Sequences. Suppose that only a finite number of 
sequence values are nonzero, so that 

X(z) = &gt; x(n)z™ (2.5) 

where n, and n, are finite integers. Convergence of this expression requires 
simply that [x(n)| &lt; co for n; &lt;n &lt;n, Then z may take on all values 
except z = oo if ny &lt;0 and z = 0 if n, &gt; 0. Thus finite-length sequences 

have a region of convergence that is at least 0 &lt; |z| &lt; co, and it may include 
gither z = 0 or z = oo. 

2. Right-Sided Sequences. A right-sided sequence is one for which 



  

             

   

              

               

 

   

               

               

      

         

       

               

             

                

     

 

               

            

              

                

             

               

 

             

          

  

            

   

            

               

                  

               

   

              

     

               
                

  
 

    
 

                
                

 

     
 

          

       

                
              

                
      

  

                

             
               

                 

              
                

  
              
           

    

             

    

            
                

                   
                

21 z-Transform 49 

x(n) = 0 for n &lt; n,. The z-transform of such a sequence is 

X(z) = &gt; x(n)z™™ (2.6) 

The region of convergence of the above series is the exterior of a circle. To 
see that this is true, suppose that the series is absolutely convergent for z = z,, 
so that 

0 

2 1x(m)z1" &lt; oo 
n=mniy 

[f we consider the series J... |x(n)z="|, we note that if n, &gt; 0, then if 
z| &gt; |z,|, each term is smaller than in the series of Eq. (2.7), and thus 

0 

S |x(m)z"|&lt;o for lz] &gt; |z,!
n="n1 

If n, &lt; 0, then we express the series as 

5 xm" = 3 Ix(mz7"] + 3[sma (2.8) 

The first series on the right-hand side of Eq. (2.8) is finite for any finite value 
of z. The second series by the previous argument converges for |z| &gt; |z,]. 
Thus if R,_ is the smallest value of |z| for which the series of Eq. (2.6) con-

verges, then the series converges for 

R. &lt;|zl 

with the exception of z = oo if n; &lt; 0.7 Thus right-sided sequences have a 

region of convergence that is the exterior of a circle with radius R,.We 
observe that if n, &gt; 0, so that the sequence is causal, the z-transform will 
converge at z = oo. Conversely, if n; &lt; 0, it will not converge at z = co. 

Thus if the region of convergence of the z-transform is the exterior of a 
circle, it is a right-sided sequence. Furthermore, if it includes z = oo, it is a 

causal sequence. 
From Eq. (2.7) we note also that since the series converges, each term is 

bounded and thus there exists a finite constant 4 such that 

Ix(m)z,"| &lt;4, nz=m (2.9) 

Expressing |z;| as |z;| = r, a positive number greater than R,_, then 

x(n)| &lt; Ar*, n&gt;n 

and hence for convergence the sequence can grow no faster than an exponen-

tial as n — oo. If the region of convergence of x(n) extends inside, the unit 

t We note that R,_ is the radius of convergence of the series of negative powers of z in 
the z-transform of the sequence x(n). This accounts for our use of the subscript x —. 



  

               

         

          
       

   

    

           

      

   

            

   

           

              

                   

             

               

    

            

             

           

           

      

 

 

  

             

       
     

                 

           

   

                
          

          
        

 
   

      

            
       

     

             
 

    

            
               

                    
              

                

     

             
              

            

            
       

   
 

 

 
 

  
 

              

       
      

                  
            

50 The z-Transform 

circle so that r can be chosen less than unity, then |x(n)| must approach zero at 
least as fast as an exponential as n — oo. 

EXAMPLE. An example of a right-sided sequence is the sequence x(7)=a™u(n)
which. as we saw previously, has the z-transform 

1 
= —_— &gt; |

X(z) 1» lz] &gt; la (2.10) 

3. Left-Sided Sequences. A left-sided sequence is one for which x(n) = 
D. n &gt; n,. The z-transform is 

X(z) = 3 x(n)z™" 2.11) 

By changing the indca of summation through the substitution n = —m. we 
obtain 

X(z) = S x(—m)z™ 

Therefore, the results for right-sided sequences apply to this case with » 
replaced by —n and with z replaced by z—1. The region of convergence can be 
shown to be the interior of a circle, |z|] &lt; R,, except z = 0if n, &gt; 0.1 If the 
z-transform of a left-sided sequence converges at z = 0, then the sequence is 

zero for n &gt; 0. It also follows that if X(z) converges for |z] =r, then 

x(n) &lt; Ar". n &lt;n, 

where A is a finite constant. For convergence, then, the sequence can grow 
no faster than an exponential as n — —oo. If the region of convergence 

includes the unit circle. x(n) must approach 0 as n — —wo. 

EXAMPLE. As an example of a left-sided seauence, first consider x(n) = 
—bu( —n — 1). The z-transform is 

oN 
yoo - Mom 

7— 

on40 

«0 
-— 

- Z, b—"rzn 
n—0 

This series converges if [b~z| &lt; 1 or |z| &lt; |b], in which case 

X@) =1-—1 2 for |zI &lt; |b] @.12
2) = 1p11,Z_p° or iz he 

i In this case we use the subscript x+ to denote the radius of convergence of the series 
of positive powers of z in the z-transform of the sequence x(n). 



  

  

            
      

               

                

          
            

      

          

          

   

 

    
 

             

               

     

 

              

            

            

 

         

       

   

  
    

 

   

  
 

 

 

             
       

               
                 

          
             
       

           
           

    

  

    
  

              
                

      

  

               
             

             
  

 

          
        

    

    
     

21 z-Transform 51 

Region of convergence
Nn 

Zz-Dlane 

Re 

Fig. 2.2 Pole—zero plot and region of convergence in the z-plane for the 
z-transform of the sequence —b™u(—n — 1). 

The pole and zero and the region of convergence ofX(z) are indicated in Fig. 2.2. 
Note that if b = a, the function X(z) in Eq. (2.12) is identical to that of 

Eq. (2.10) in the previous example. This illustrates the extremely important
fact that specifying the z-transform of a sequence requires not only the function 
X(z) but also the region of convergence. 

4. Two-sided Sequences. A two-sided sequence is one that extends from 
n= —o0 to n = +00. In general we can write 

X(z) = S x(n)z™" 

0 -1 

=&gt; x(n)z™" + 2 x(n)z™"
n=0 n=—o 

The first series is right-sided and converges for R,_ &lt; |z|; the second series 
s left-sided and converges for [z| &lt; R,,. If R,_ &lt; R,, there is a common 
region of convergence of the form 

R, &lt;|zZl&lt;R,, 

If R,. &gt; R,., there is no common region of convergence, and thus the series 
(2.13) does not converge. For the region of convergence as given in (2.14), 
the sequence x(n) can grow no faster than an exponential in both directions 
and if 

R_.&lt;1&lt;R_, 

the sequence approaches zero exponentially in both directions. Such sequences 
have both a Fourier transform and a z-transform. 

EXAMPLE. Consider the sequence 

() ar, n&gt;0 (~~ 7)ais
Rr) = —bn, n&lt; —j 



  

           

     

     

     

    

              

         

  

          
      

  

          

     

   
    

         

          

   

            

           

   

            

     

    

      

      

               
          

 

 

   

 

 

          
       

   

          
      

    
      

          
           

    

             
            

52 The z-Transform 

where lal &lt; |b]. Using the results of the previous two examples, 

: z z

~~ itr 
z(2z —a —b)

(z —a)z —b) 2.16) 

where the region of convergence is 

lal &lt; |z| &lt; [b] 17D 

The poles and zeros and the region of convergence are shown in Fig. 2.3. The 
region of convergence is the overlap of the shaded regions. 

Im 

7-2lane 

_ Region of 

convergence 

vy 

Fig. 2.3 Pole—zero plot and region of convergence for the sequence
x(n) = a™u(n) — b™u(—n — 1). 

2.2 Inverse z-Transform 

The inverse z-transform relation can be derived by utilizing the Cauchy

integral theorem. This theorem states that 

A Loa, 1, k=0 
= $: dz =lo k+£0 (2.18) 

where C is a counterclockwise contour that encircles the origin. 
The z-transform relation, as defined in Sec. 2.1, is given by 

X(z) = XY x(n)z™" 

Multiplying both sides of Eq. (2.19) by z*! and integrating with a contour 
integral for which the contour of integration encloses the origin and lies 



   

         

             

          

          

           
    

    

    
 

          

    
 

           

              

            

             

        

          

        

    

         

              

  

  

                  

         

   
            

                  

      

    

          

       

           
           

   
     

     

      

           

    
  

            
               

             
              

         
           

         

    
  

          

               

   
  

                   

          

   
             

                   

        

2.2 Inverse z-Transform 53 

entirely in the region of convergence of X(z), we obtain 

1ddz =.Lé [2S Xz—ntk—=]—D X(2)z"(2) ny +He-1 dz (2.20) 

[nterchanging the order of integration and summation on the right-hand side 
of Eq. (2.20) (valid if the series is convergent) we obtain 

A $ X(2)z" dz = &gt; x(n) 1 $ Zz" dz (2.21)
2m] Cc N=—00 2mj C 

which from Eq. (2.18) becomes 

4 $ X(2)2! dz = x(k)
2i Js 

Therefore, the inverse z-transform relation is given by the contour integral 

x(n) = = $ X(z)z" dz (2.22)
mT] Jo 

where C is a counterclockwise closed contour in the region of convergence 
of X(z) and encircling the origin of the z-plane. It should be stressed that in 
deriving Eq. (2.22) no assumption was made about whether k in Eq. (2.20) 
or n in Eq. (2.22) was positive or negative, and consequently Eq. (2.22) is 
valid for both positive and negative values of n. 

For rational z-transforms contour integrals of the form of Eq. (2.22) 
are often conveniently evaluated using the residue theorem. i.e., 

old} == Ld X(2)z" dz
2j (2.23) 

— Y [residues of X(z)z"" at the poles inside C] 

[n general, if X(z)z"! is a rational function of z, it may be expressed as 

X(z)z" _ y(z) (2.24)
(z — zo) 

where X(z)z"~ has s poles at z = z, and y(z) has no poles at z = z,. The 

residue of X(z)z"! at z = z, is given by 

_ 1 as y(z)
Rei "X(2)z2" tatz = zg] = —— 7 2.25I= oil a v=o 2.23) 

[n particular, if there is only a first-order pole at z = z,, i.e.. if s = 1, then 

Res [X(2)z"1!at z = z,] = w(z,) (2.26) 

https://1ddz=.L�


  

             

    

 

     

          

 

    
   

             

            

           

  

                

                

               

      

    
  

   
 

             

              

            

                 

        

            

             

          

 

    
  

           

           

            

    

  
   

   

             
     

  

     

           

  

    
    

              
             

            

   

                 
                 
                

       

  
   

 
  

     

              
               

             
                 

         

             
              

           

         

            
            
             

     

       

54 The z-Transform 

As an example of the use of the inverse transform relation, let us con-

sider the inverse transform of 

1 -_ 

X(z) =Tt lz] &gt; ia 

as derived in a previous example. Using Eq. (2.23) we obtain 

n—1 n 

() = 5 Z—i=Ld 2"dz
27j Jol—az” 2wj Joz—a 

where the contour of integration, C, is a circle of radius greater than a. 
For n &gt;0, then, the contour of integration encloses only one pole at 
z = a. Consequently, for n &gt; 0. x(n) is given by 

x(n) = a”, n&gt;0 

For n &lt; 0, there is a multiple-order pole at z = 0 whose order depends on 
n. For n = —1, the pole is first order with a residue of —a=. The residue 
of the pole at z = ais a=. Consequently, the sum of the residues is zero. and 
hence x(—1) = 0. Forn = —2 

Res |o———atz=a| =a
z(z — a) =a]=Fane 

~d 

Res fond atz=0| — qa?
| z%(z—a) 

and thus x(—2) = 0. Continuing this procedure it can be verified that for 
this example x(n) = 0, n &lt; 0. As n becomes more negative the evaluation 
of the residue of the multiple-order pole at z = 0 becomes increasingly 
tedious. While Eq. (2.22) is valid for all #, its use for n &lt; 0 is often cumber-

some because of the multiple-order poles at z = 0. 

This can be avoided by modifying Eq. (2.22) by means of a substitution 
of variables making it easier to apply for n &lt;&lt; 0. Specifically, consider the 
substitution of variables z = pI, so that Ea. (2.22) becomes 

—1f IN

x(n) -=14 x(2)e Hp? dp (2.27)
27 Jor \p 

Observe that since the contour in Eq. (2.22) is a counterclockwise contour, 
the contour in the above expression is a clockwise contour. Multiplying by 
—1 to reverse the direction of the contour, the above substitution of variables 

then leads to the expression 

—— x(=)p dr 12.28)
4) 2wj Jor \p 



   

                 

                

             

            

               

          

         

  

              

            

              

            

          

            

          

           

           

          

             

     

   

             

         

   

       

          

   

  
 

     

   
  

 

         

 

    

                  
                 

              
             

                
           
          

 

  
               

             

               
             

           
             

           
            

            

           
              

      

    

             
          

    

          

           

   
   

  

      

    
  

  

          
  

2.2 Inverse z-Transform 55 

If the contour C in Eq. (2.22) is a circle of radius r in the z-plane, then the 
contour C’ in Eq. (2.28) is a circle of radius 1/r in the p-plane. The poles of 
X(z) that were outside the contour C correspond now to poles of X(1/p) that 
are inside the contour C’, and vice versa. Additional poles and/or zeros may 
or may not appear at the origin and/or at infinity, but that is not crucial to 
the argument. For the specific example that we were considering previously, 
x(n) in terms of this substitution of variables now becomes 

—n—1 

rm L$ 4 
The contour of integration C’ is now a circle of radius less than 1/a. For 
n &lt; 0 there are no singularities inside the contour of integration, and 

consequently it easily follows that for n &lt;0, x(n) = 0. Just as Eq. (2.22) 
was cumbersome (although certainly valid) for evaluating x(n) for n &lt; 0, this 
expression is likewise cumbersome (but still valid) for evaluating x(n) for 
n &gt; 0, because of the multiple-order poles that appear at the origin. 

In many instances evaluation of Eq. (2.22) or (2.28) is unnecessarily 
difficult and involved. A number of special techniques are often easier to 
apply. In the remainder of this section we consider several such techniques. 

Power Series. If the z-transform is available in power-series form, we 
can simply observe that the sequence value x(n) is the coefficient of the term 
involving z=" in the power series 

X(2) = Ss x(n)z™" 

[f X(z) is given as a closed-form expression, we can often derive an appro-

priate power series or employ a previously derived power-series expansion. 

EXAMPLE. Consider the z-transform 

X(z) =log (1 + az), lal &lt; .zI (2. 29) 

Using the power-series expansion for log (1 + x), we obtain 

© (1 nt+l,m —n

Xz) =D Par 
n=1 n 

[herefore, x(n) is seen to be 

(¢ — nti a n -_ 
vin) - n (2.30) 

-

~ MNlo. 

For rational z-transforms a power-series expansion can be obtained by 
long division. 



  

   

     
  

              

          

              

           

  

 

  

  

   
 

 

  

           

            

 
    

           

                   

           

   

 
  

 

     

        

          

             

               

            

    

  
    

   

                

     

   

    

 
      

  

               
           
               

            

   
  

  
 
   

 
 

   
 

  

   

            
             

      

            
                    

            

   

  
   

  

      

         
           

              
                

            
     

 
     

    

                 
 

      

56 The z-Tiansform 

EXAMPLE. Consider the z-transform 

1 
Xz) = +—m, |z| &gt; al (2.31)

1 — az 

Since the region of convergence is the exterior of a circle, the sequence is a 
right-sided sequence. Furthermore, since X(z) approaches a finite constant as z 
approaches infinity, it is a causal sequence. Thus we divide so as to obtain a 
series in powers of z71, Carrying out the long division we obtain 

1 +azt+a%272%2 + 
az 11 

{| —az1 
az™1 
az} — a%z72 

Prt 
“ 

a=f az + a? 
- az| 

sO that 

x(n) = a™u(.0) 

EXAMPLE. As another example we can consider the same ratio of poly 
nomials as in Eq. (2.31) but with a different region of convergence; i.c., 

1 2.32)
X(z) =Ta Iz] &lt;lal ( 

Because of the region of convergence, the sequence is a left-sided sequence 
and since X(z) at z = 0 is finite, the sequence is zero for n &gt; 0. Thus we divide 
SO as to obtain a series in powers of z as follows: 

aly — a2? — 

(1 + zlz 
7 — a-1,2 

a 1z2 

Therefore, x(n) = —a™u(—n —. Y 

Partial-Fraction Expansion. Another technique that is often useful for 
rational z-transforms is to carry out a partial-fraction expansion and identify 
the inverse z-transform of the simpler terms. If F(x) is a ratio of polynomials 
in the variable x with the order of the numerator less than the order of the 

denominator and with only first-order poles. it can be expressed in a partial-

fraction expansion of the form 

Px) ¥ 4
F(x) =P(x) — &gt; Tk (2.33)

Ox) r=1Xx — Xp 

where the x;’s are the poles of F(x) and the A4,’s are the residues at the poles: 
i.e, 

A = (x — x)Fs (2 34) 



   

             

             

             

                   

    

   
            

             

           

            

        

          

  

     

            

   

 
        

          

             

      

      

      

           

    

    

        

       
   

              

         

            

    

    

             

           

    

              
              

              
                    

     
   

            

 

              
            

             
         

        

   

   

             

    

  
        

           
              

       

     

       

            
     

  

       

        

               
          
            

     

     

             
           

2.2 Inverse z-Transform 57 

if the order of the numerator is greater than the order of the denominator, 
then a polynomial is added to the right-hand side of Eq. (2.33) whose order 
is equal to the order of the numerator minus the order of the denominator. 
Thus, if the order of P(x) is M and the order of Q(x) is N with M &gt; N, then 

Eq. (2.33) is replaced by 
M-N M—-N-1 y A

F(x) = Bpr_nX + Br n-1X +...+4 Bx + B, +&gt; ’ 

(2.35) 

The B,’s can be obtained simply by long division and the A4,’s are again 
obtained by means of Eq. (2.34). If F(x) has multiple-order poles, Eq. 
(2.35) must be additionally modified. In particular, if F(x) has a pole of 
order s at x = x;, Eq. (2.35) becomes 

F(x) = BpryxM™Y + Byyx N14. 4+ Bix + By 

Noo4q : C 

1X — X,  k=1(X — X,) 

The coefficients 4, and B; are obtained as before. The coefficients ¢, are 

obtained by the relation 

1 ask 
C = m— x — xJ'F()Fs — a! Hey, 

To apply the partial-fraction expansion to the z-transform we may consider 
the z-transform to be a ratio of polynomials in either z or in z? 

EXAMPLE. Consider a right-sided sequence with z-transform 

Y(z) = 1 _ 22 _ ath! 

C0 —az DA —bzr) G-a-b '-Ua)Et —1/b) 

Carrying out a partial-fraction expansion with X(z) considered as a ratio of 
polynomials in z~1, we obtain 

ab?! 1 A 1 1 

YO = eT WE=p) BG —aG ad  @-HGE —bD 

a ( a 1 de b 1 (2.36)
“\a—-b)\1 —az? b—aj\l —bz? 

Since we assumed that the sequence is right sided, each of the terms in Eq. 
(2.36) corresponds to a right-sided sequence. These are first-order z-transforms 
which we can recognize from previous examples, and thus we can write by

inspection of Eq. (2.36) that 

x(n) — u(n) + a—bu(n) 

The same example is considered in Problem 4 of this chapter, with X(z) con-

sidered as a ratio of polynomials in z rather than z71. 



  

          

           

         
  

    

           

              

          

         

      

          

            

             

             

               

                

           

           
              

   

    

              

         

               

             

              

             

           

              

           

                 

            

               

              

           

          

         

            

               

   

          
           

          
   

     

           
               

           
          

       

           

             
              

              
               

                 

            
            

               

    
 

      
 

               
          

                
              

               
              

            
               

            
                  

             
               

               
            

           
          

             
                

58 The z-Transform 

We should note that for left-sided or two-sided sequences the partial-

fraction technique works equally well, but one must be careful to deter-

mine which poles correspond to right-sided sequences and which correspond 
to left-sided sequences. 

2.3 z-Transform Theorems and Properties 

In solving signal processing problems, it is important to have an under-

standing of anda facility in the use of the properties of the z-transform. In this 
section we discuss some of the most important results. Additional theorems 
and properties can be found in references [1] and [2]. 

2.3.1 Region of Convergence of Rational z-Transforms 

As mentioned previously, for a sequence with a rational z-transform the 

region of convergence cannot contain any poles and is bounded by poles or 
by zero or infinity. The fact that it cannot contain any poles follows simply 
from the fact that by definition the z-transform does not converge at a pole. 
To argue that it is bounded by poles, let us consider first the case of a right-

sided sequence and assume that the poles occur at ay, ay,. . . , ay, With ay 

having the largest magnitude. We will assume, to simplify the argument, that 
all the poles are simple poles, although the argument is easily generalized. 
Then for n greater than some value n,, the sequence consists of a sum of 

exponentials of the form 
v 

x(n) — 2 Alay)”, n&gt; mn, 
k=0 

The region of convergence is determined by the set of values of z for which 
the sequence x(n)z~" is absolutely summable. Since a right-sided sequence 
of the form (a,)"z=" is absolutely summable for |z| &gt; |a,| but not for |z] &lt; 
la], it follows that the right-sided sequence of Eq. (2.37) has a region of 
convergence defined by |z| &gt; |ay|. Thus it is bounded on the inside by the 
pole with the largest magnitude and on the outside by infinity. By an identical 
argument it follows that for a left-sided sequence the region of convergence 
is bounded on the outside by the pole with the smallest magnitude and on the 
inside by zero. For two-sided sequences some of the poles contribute only 
for n &gt; 0 and the rest only for n &lt; 0. The region of convergence is bounded 

on the inside by the pole with the largest magnitude that contributes for 
n &gt; 0 and on the outside by the pole with the smallest magnitude that con-

tributes for n &lt; 0. For example, in Fig. 2.4 is shown the same pole-zero 
plot with the four possible choices for the region of convergence. Figure 
2.4(a) corresponds to a right-sided sequence, Fig. 2.4(b) to a left-sided 
sequence, and the remaining two correspond to two-sided sequences. In 
seneral the region of convergence is a connected region. We could not, for 
=xample, consider the region of convergence to be |z| &lt; |a] and |z] &gt; |c|. If 
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LI 

z-plane z-plane 
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Fig. 2.4 Examples of four z-transforms with the same pole-zero locations, 
illustrating the different possibilities for the region of convergence.
They each correspond to different sequences, with (a) correspond-
ing to a right-handed sequence, (b) to a left-handed sequence, and 
the remaining two to two-sided sequences. 

this were permissible, the inverse z-transform would yield different sequences, 
depending on where we chose to take the contour of integration. 

2.3.2 Linearity 

Consider two sequences x(n) and y(n) with z-transforms X(z) and Y(2), 
respectively; i.e.. 

3x(m)] = X(2), R,- &lt;lzl &lt;R. 
3[y(m)] = Y(z), R,_&lt;lzl&lt;R,. 



  

           

            

         

                

            

             

              

            

            

            

             

           

            

            

            

    

     

   

             

   

        

             

            

           

                  

               

                 

       

     

            

         

            

                   

               

             

             

            

   

 

            

             
          

                 
             
              

               
             

             
             

              
            

             
             

             

     

      

    

              
    

         

              
             

           
                   
                

                  

        

      

             
          

           

                    

                
             

             
             

50 The z-Transform 

Then 

3lax(n) + by(n)] = aX(z) + bY(2), R_ &lt;|z] &lt; R, (2.38) 

where the region of convergence is at least the overlap of the individual 
regions of convergence. For sequences with rational z-transforms, if the 
poles of aX(z) + bY(z) are the union of the poles of X(z) and Y(z), then the 
region of convergence will be exactly equal to the overlap of the individual 
regions of convergence, and thus R_ will be the maximum of R,_ and R,_ 
and R, will be the minimum of R,, and R,,. If the linear combination is 
such that some zeros are introduced which cancel poles, then the region of 
convergence may be larger. A simple example of this occurs when x(n) and 
y(n) are of infinite duration but the linear combination is of finite duration. 
In this case the region of convergence of the linear combination is the entire 
z-plane, with the possible exception of zero and/or infinity. For example, the 
sequences a"u(n) and a"u(n — 1) both have a region of convergence defined 
by |z| &gt; a], but the sequence corresponding to the difference [a"u(n) — 
a"u(n — 1)] has a region of convergence that is the entire z-plane. 

2.3.3 Shift of a Sequence 

Consider a sequence x(n) such that 

xm] =X), RR, &lt;l|z2l&lt;R,. 

Then for the sequence whose values are x(n + n,), we have (see Problem 
10, of this chapter) 

x(n + no)l = z"X(2), Ro &lt;lzl &lt;R,y (2.39) 

The regions of convergence of x(n) and x(n + n,) are identical, with the 
possible exception of z=0 or z = co. For example, the sequence d(n) 
has a z-transform that converges everywhere in the z-plane, but the z-trans-

form of 6(n — 1) does not converge at z = 0 and the z-transform of 6(n + 1) 
does not converge at z = oo. As we see from Eq. (2.39), for n, positive, 

zeros are introduced at z = 0 and poles at z = oo; for rn, negative, poles are 

introduced at the origin and zeros at infinity. 

2.3.4 Multiplication by an Exponential Sequence 

If a sequence x(n) is multiplied by an exponential sequence a”, where a 
may be complex, then (see Problem 10 of this chapter) 

3la"x(n)] = X(a'z), lal - R,_ &lt; lz] &lt; lal - R,, (2.40) 

If X(z) has a pole at z = z;, then X(az™*) will have a pole at z = az,. In 

general, all the pole-zero locations are scaled by a factor a. If a is a positive 
real number, this can be interpreted as a shrinking or expanding of the z-

plane; i.e., the pole and zero locations change along radial lines in the z-

plane. If a is complex with unity magnitude, the scaling corresponds to a 



     

            

   

   

           

   

 

       

     

    

           

   

        

   

             

         

   

              

              

    

        

        

      

       

              

 

    

      

             
    

    

            
    

 
       

 
  

      

     

            

    

         

     

              
          

    

              
               

     

         

        

       

    

               
  

   

2.3 z-Transform Theorems and Properties 61 

rotation in the z-plane; i.e., the pole and zero locations change along circles 
centered at the origin. 

2.3.5 Differentiation of X(z) 

The derivative of the z-transform, multiplied by —z, is the z-transform of 
x(n) linearly weighted; i.e. 

. dX

x) = —z4X(2) , R, &lt;|zV &lt;J 
dz 

Kg (2.41) 

2.3.6 Conjugation of a Complex Sequence 

[x*(m)] = X*(z*), R, &lt;|z[&lt;R,. 

[his follows in a straightforward way from the definition of the z-transform. 

2.3.7 Initial Value Theorem 

If x(n) is zero for n &lt;&lt; 0, then 

x(0) = lim X(z) (2.43) 

This theorem is easily shown by considering the limit of each term in the 
series of Eq. (2.1), see Problem 16, of this chapter. 

2.3.8 Convolution of Sequences 

[f w(n) is the convolution of the two sequences x(n) and y(n), then the z-

transform of w(n) is the product of the z-transforms of x(n) and y(n); i.e., if 

om) =3 xR — {()44) 

then W(z) = X(2)Y(z). To show this we write 

wz) = &gt; | &gt; x(k)y(n — ky|2 

If we interchange the order of summation, 

Wz) = 3 x0) 3 yin — kz 

changing the index of summation in the second sum from nto m =n — k, 
we obtain 

W(z) -3 | S ym 



  

             

   

    

           

              

              

        

           
 

 
     
       

  
     

      

  

 

               

      

 

           
   

   

              
    

     

            
              

               
         

           
  

 
        

 

  
    

       

 

  
 

  

               
       

 

  
 

            
    

62 The z-Transform 

Thus for values of z inside the regions of convergence of both Y(z) and 
X(z) we can write 

Wz) =X(2)Y(z), R,_&lt;|zI&lt;R,, R,_&lt;lz|&lt;R, (2.45) 

where the region of convergence includes the intersection of the regions of 
convergence of Y(z) and X(z). If a pole that borders on the region of con-

vergence of one of the z-transforms is canceled by a zero of the other, then 
the region of convergence of W(z) will be larger. 

EXAMPLE. Let y(n) = a™u(n) and x(n) = u(n). The corresponding z-trans-
forms are 

= 1 
Yi Zz) = a” —-N ot:
( ) »y z 1 —az1’ |] - a 

nd 

X Sr 1 
1(2 =27 =1 =z lz] -

The transform of the convolution is then 

1 

YE = Tana= 
72 

“Goae-n’ HF” 

The poles and zeros of W(z) are plotted in Fig. 2.5 and the region of convergence

is seen to be the overlap region. 

z—plane 

»—Region of 
convergence 

Fig. 2.5 Pole-zero plot for the z-transform of the convolution of the 
sequences u(n) and a"u(n). 



     

         

    

       

                

             

  

 
  

  
  

               

                 

                 

            

          

 
     

                

         

   

           

            

          

           

           

           

           

           

           

             

      

  

 

   

   
 

      

          

   
        

                 
              

  

  
  

  
   

                
                  

                  
             

           

 
      

                 
          

    

            
             

           
            

            
            

            

            
            

              
 

       

   
  

    
 

    
  

2.3 z-Transform Theorems and Properties 63 

The sequence w(n) can be obtained from the inverse z-transform 

() = 1 zl dz 
win) = 2nf Jo (z —a)(z — 1) 

where the contour C is chosen to be in the overlap region, as shown in Fig. 2.5. 
For n &gt; Othereare no polesat z = 0. Therefore, using the residue theorem, 

_ (1)nt1 atl

w(n) =1=tz 
1 — gl 

=Ia, n&gt;0 
1 — gag 

Although there are polesat z = 0, forn &lt; —1, we need not evaluate the contour 
integral to see that w(n) must be zero for n &lt; 0. We simply note that since both 
x(n) and y(n) are zero for n &lt; 0, w(n) must be also. We note that, for this 
example, the region of convergence of W(z) was the intersection of those for 
x(n) and y(n). If, however, we had chosen y(n) such that 

1 —2z1
Y(z To ——@ =a, ld &gt;a 

then the pole at z = 1 would be canceled and the region of convergence of w(n) 
would extend inward to the pole at z = a. 

2.3.9 Complex Convolution Theorem 

We showed above that the z-transform of a convolution of sequences is 
the product of the z-transforms of the individual sequences. In the case of 
continuous-time signals and Fourier transforms, we are aware of the duality 
of the time and frequency domain. Specifically, in the continuous case, a 
convolution of time functions leads to a product of transforms, and similarly 
a convolution of transforms derives from a product of time functions. In 
the case of sequences and z-transforms, we would not expect an exact 

duality because of the fact that sequences are discrete while their transforms 
are continuous. However, a similar kind of relationship can be derived in 
which the z-transform of a product of sequences has a form similar to a 
convolution. 

To derive the complex convolution theorem, let 

w(n) = x(n)y(n) 
so that 

V(z) = 3 x(n)y(n)z™" 
3:t 

y(n) = Lg Yo)" dv 
27j Je, 



  

           

 

      

       

      

              

        

      
  

             

            

          

   

    

   

   

    

      

    

            

            

    

             

     

  

  

        
  

            

             

   

            
  

     

  
 

       

               
         

       
   

              
             
           

    

     
    

   
 

     
 

       

    

             
             

     
              

      

   

   

        
   

             
              

64 The z-Transform 

where C, is a counter-clockwise contour within the region of convergence of 
Y(v). Then 

W(z) =ov 3x $vo)(2) dv 

_ — $| |3so(¥)]oY(0)dv 
IT 

V(z) = - $ x(2) Y(o)v! dv (2.462) 

where C, is a closed contour in the overlap of the regions of convergence of 
X(z[v) and Y(v). Alternatively, W(z) can be expressed as 

W(z) = —— $ xwy() vt do 
2mj Je, v 

where C, is a closed contour in the overlap region between X(v) and Y(z/v). 
To determine the region of convergence to associate with W(z), let us consider 
the regions of convergence for X(z) and Y(z), respectively, to be 

XZ): R,_ &lt;|zl &lt;R,, 

Y(2): R,_ &lt;|z]| &lt; R,, 
Then in Eq. (2.463), 

R,_ &lt; |v] &lt;R,
=] 

Z

Re &lt; [2] &lt; Ret 
v 

Combining these two expressions we require that 

R.R, &lt;|z|] &lt; R_.R,. 

Again, in certain instances the region of convergence may be larger than this 
but will always include the region defined above and then extend inward or 
outward to the nearest poles. 

To see that Eq. (2.46b) is indeed similar to a convolution, let the contour 
of integration be a circle with 

v=pe’? and z= 

Equation (2.46b) becomes 

(re?) = 1 | y|! eo) X(pe’®) db (2.47)
27 J-r Lp 

which is similar in form to a convolution. In particular, with the exception 
of the limits on the integral, the above expression is identical to a convolution 



     

            

            

              

           

           

             

            

           

  

            

   

     
 

      
  

     

  
      

                 

            

             

              

            

           

 

 

            

              

              

  

   

   

           

             

            

         

      

             
             

               

            
            

             
             

            
   

             
    

    
  

      
   

      

  
       

                  

             
              

              
            

            

 

  
 

 
             

               
               

   

   

   

            
              

             
          

2.3 z-Transform Theorems and Properties 65 

of X(pe®®) and Y(pe') considered as functions of 6. We note that these 
functions are periodic functions of 6 and that the integration is carried out 
over only one period. A convolution of this type is often referred to as a 

periodic convolution and will play a particularly important role in Chapter 3. 
In using the complex convolution theorem of Eq. (2.46a) or (2.46b), one 

of the primary sources of difficulty is in determining which poles of the inte-

orand are inside the contour of integration and which are outside. A simple 
example in the use of the complex convolution theorem should serve to 
indicate the procedure. 

EXAMPLE. Let x(n) = a"u(n) and y(n) = b"u(n). Then the z-transforms X(z) 
and Y(z) are, respectively, 

X(z) =_ lz| &gt; ja
1 —az 

VD) = — tr, lz] &gt; Ib
DET "pte z 

Substituting into Eq. (2.46a), we obtain 

1 —(zla) 1
W(z) 27 J] (—zlayv — b do 

The integrand has two poles, one located at v = b and the second at v = z/a. 

The contour of integration of this expression must be within the region of 
convergence of Y(v), and consequently will enclose the pole at v = b. To 
determine whether it encloses the pole at v = z/a, we consider that the z-

transform X(z) is only valid for |z| &gt; |a|. Therefore, the corresponding ex-

pression for X(z/v) is only valid for |z/vl &gt; |al. Thus if 

4 

|v=| &gt;lal 
cn 

z 1

|= 
Consequently, the pole must always lie outside the contour of integration in v. 
The location of the poles and the contour of integration are indicated in Fig. 2.6, 
with a and b assumed to be real. Using the Cauchy residue theorem to evaluate 
W(z), we obtain 

—z/a
(2) = b— z/a 

Te zl zat 

Observe that this expression results from only evaluating the residue at the 
pole inside the contour of integration. It is easily verified that if we had 
mistakenly considered the pole at z/a to be inside the contour of integration, 
the result of evaluating the integral would be identically zero. 



  

   

            
       

  

            

          

         

          

       
  

             

           

    

  

   

           

    
 

            

              

      

   

 

     

 
 
 

 

 
 

            
        

   

             
           

          
           

      
   

              
            

     

    

   

     

            

     
  

             
               

 

    

66 The z-Transform 

(m 

Contour of v — plane 

integration 
~ 
op 

—Re 

zl 
0 

Fig. 2.6 Poles of theintegrand and the contour of integration in an example
of the use of the complex convolution theorem. 

2.3.10 Parseval’s Relation 

[n Problem 19 of Chapter 1, we considered Parseval’s relation in terms of 
the Fourier transform. The generalization of this relation to the z-transform 
follows from the complex convolution theorem. In particular we consider 
two complex sequences, x(n) and y(n). Then Parseval’s relation states that 

&gt; x(n)y*(n) = 1 $ X@)Y*(1[o¥)v™ dv (2.48)
n=_co 27 Yo 

where the contour of integration is taken in the overlap of the regions of 
convergence of X(v) and Y*(1/v*). The above relation can be derived by 
defining a sequence w(n) as 

win) = x(n)v*n) (2.49) 

atid noting Liat 

2 w(n) = W(z)|,—s (2.50) 

[hen from Eq. (2.42) and the complex convolution theorem it follows that 

W(z) = Lg X(0)Y*(z*o*)0~* dv 
27j Jo 

Thus applying Eqs. (2.49) and (2.50) we obtain Eq. (2.48). If X(z) and 
Y(z) converge on the unit circle, we can choose v = ¢’, and Eq. (2.48) 
becomes 

2 x(n)y*(n) = ~ [ X(e®)Y*(e’) dw (2.51) 



   

       

           

           

          

            

            

 

 

 

   

   

 

 

 

 

  

  

   

 

 

 

 

    

   

         

      

     

     

    

    

      

      

        

     
  

          

  

           

            

          

          

         

           

          

           

        

           

    

        

            

           
           

             
             

  

  

       

      
              

          

        

       
 

       

       

          
 

         
 

             
 

       
  

            
  

   

            
             

          
           

          
            

           

            
         

            

2.4 System Function 67 

2.3.11 Summary of Some z-Transform Theorems and Properties 

In the above sections we presented and discussed a number of the 

theorems and properties of z-transforms. Many of these are useful in manipu-

ating z-transforms, and consequently it is helpful to have them summarized 
for easy reference. The above properties and a number of other useful ones 
are presented in Table 2.1. The regions indicated are included in the region 

Table 2.1 

Sequence Transform 

i. x(n) X(z2) R, &lt;|z] &lt; Ry, 

2. y(n) Y(z2) R, &lt;|z| &lt;R,, 
3. ax(n) + by(n) aX(z) + bY() max [R,_,R,_] &lt;|z| &lt; min [R,,, R,,] 

4. x(n + ny) z"0X (2) R,_ &lt;|z| &lt; R,, 

5. a"x(n) X(az) lalR,_ &lt; |z| &lt; |alR,. 
dX

: xe R._ &lt;|z| &lt; R,_6. nx(n) 
dz 

7. x*(n) X*(z*) R._ &lt;|z] &lt; R., 

8. x(—n) X(1/2) I/R,, &lt;|z| &lt; 1/R, 

9. Re [x(n)] HX(z) + X*(z%)] R,_ &lt;|z| &lt; R,. 
i 

0. Im [x(n)] 5; [X(z) — X*(z%)] R,. &lt;|z| &lt;R,,
of 

1. x(n) * y(n) X()Y(2) max [R,_, R,.] &lt;|z| &lt; min [R,,, R,,] 
1 

12. x(my(n) — $rov()) v'dv R,.R, &lt;]|z| &lt;R.,R,.
27] C v 

of convergence, but in scme cases tne regicn of convirgence may be larger

than indicated. 

2.4 System Functica 

in Chapter 1 we considered a description of a linear shift-invariant system 
n terms of the Fourier transform of the unit-sample response. As we saw, 

he Fourier transform of the unit-sample response corresponds to the fre-

quency response of the system. Furthermore, in the frequency domain the 
input-output relation corresponds simply to a multiplication of the Fourier 
rransform of the input and the Fourier transform of the unit-sample response. 

More generally we can describe a linear shift-invariant system in terms 

of the z-transform of the unit-sample response. With x(n), y(n), and h(n) 
denoting the input, output, and unit-sample response, respectively, and 
X(z), Y(z), and H(z) their z-transforms, it follows from the previous section 



  

 

    

  

           

          

    

           

           

         

             

            

           

             

           

             

            

        

         

             

            

  

 

      

          

   

       
 

          

 

      

           

        

     

    

 

   
 

   

  
     

 
    

           
           

     
            

            
          

              

            
            
              

            
              

             
         

          
              

             
   

  

       

           

  

       
  

           

 

      

            
         

      

 

     

 
 

   
  

88 The z-Transform 

that since 
y(n) = x(n) * h(n) 

the 
Y(z2) = X(2)H(z) (2.52) 

As with the Fourier transform, the input-output relation for a linear shift-

invariant system corresponds to a multiplication of the z-transforms of the 
input and the unit-sample response. 

The z-transform of the unit-sample response is often referred to as the 

system function. The system function evaluated on the unit circle (i.e., for 
|z| = 1) is the frequency response of the system. 

It was shown in Chapter 1 that a necessary and sufficient condition for a 

system to be stable is that the unit-sample response A(n) be absolutely sum-

mable. The region of convergence of the z-transform is defined by those 
values of z for which A(n)z—" is absolutely summable. Thus if the region of 
convergence of the system function includes the unit circle, the system is 
stable, and vice versa. Furthermore, we can state that for a stable and causal 

system, the region of convergence will include the unit circle and the entire 
z-plane outside the unit circle, including z = oo. 

When the system is describable by a linear constant-coefficient difference 
equation, the system function is a ratio of polynomials. To see that this is 
50, consider a system for which the input and output satisfy the general 
Nth-order difference equation 

N Mo 

(2.53)2 a(n — k) =2.byx(n — 7) 

Applying the z-transform to each side of Eq. (2.53) we have 

~ N M ~ 

3 Sawn — 1] = 3] Sbatn =n 
K= r=0 

which from property 3 of Table 2.1 we can rewrite as 

N M 

2a3ly(n — k)] = 2b,3[x(n —7)] 

With X(z) and Y(z) denoting the z-transforms of x(n) and y(n), respectively, 
it follows from property 4 of Table 2.1 that 

3[y(n — k)] = 27% (2) 

1.3401 

x(n — rN] = z77X(2) 

Thus 
N M 

&gt; a,z7*Y(z) = b,z7"X(2)
b=0 r= 



   

      

 

     
 

           

          

         

      

              

   

  

  

   

             

                   

               

             

        

            

             

           

              

          

          

            

          

             

           

            

            

              

               

              

                

                  

   

   

    

       

 

   
  

            
           

         
       
               

    

 

   

     

   

             
                    

                

              
         

             
              

            
               

           
           

             

           
              

            
             

             
              

                
               

                 
                   

 
    

    

2.4 System Function 69 

From Eq. (2.52), H(z) = Y(2)[X(2), so 

M N 

H(z) =&gt; bz"/ Ya z* (2.54)
r=0 k=0 

Equation (2.54) expresses the functional form of the system function, and we 
rote in particular that the coefficients in the numerator and denominator 
holynomials correspond, respectively, to the coefficients on the right- and 
eft-hand sides of the difference equation (2.53). 

Since Eq. (2.54) is a ratio of polynomials in z7%, it can also be expressed 
n factored form ast 

M 

ATTA — cz) 

[( 2) = — (2.55) 

II (1 — dz) 

Each of the factors (I — ¢,z7!) in the numerator of Eq. (2.55) contri-

utes a zero at z = ¢, and a pole at z = 0. Similarly, each of the factors of 

the form (1 — d,z71) in the denominator contributes a pole at z = d, and 

1 zero at the origin. It is characteristic of the systems describable by linear 
constant-coefficient difference equations that their system functions are a 
ratio of polvnomials, in zt. Consequently, to within the scale factor 4 in 
Eq. (2.55), the system function can be specified by a pole-zero pattern in the 
z-plane.

Equation (2.54) does not indicate the region of convergence of the system 
function. This is consistent with the fact that as we saw in Chapter I, the 

difference equation does not uniquely specify the unit-sample response of a 
linear shift-invariant system. For the system function of Eq. (2.54) there 
are a number of cho'zes for the region of convergence consistent with the 

requirements that they be annular regions bounded by, but not containing, 
poles. For a given ratio of polynomials, each possible choice for the region of 
convergence will lead to a different unit-sample response, but they will all 
correspond to the same difference equation. If we assume that the system is 
stable, then we would choose the annular region that includes the unit circle. 
[f we assume that the system is causal, then we choose the region of converg-

ance to be the exterior of a circle passing through the pole of H(z) that is 
farthest from the origin. If the system is also stable. then, of course. all the 

t Equation (2.55) assumes that b, and q, in Eq. (2.54) are not zero. In general, if 
50s brs... , by and a,, ay, ..., ay, are all zero, then Eq. (2.55) would be expressed as 

M-_M, 
Bz": J] A —czh) 

1 (1 — dz) 



  

             

            

              

              

           

 

      

   

   

             
       

  

                

            

             

         

           

            

              

          

            

            

          

               

           

              

          

          

            

            

              

             

            

                

              

            

            

               

             

             

   

              
             

               
               

            
  

   

    

 

     

              
        

   

                 
             

              
          

            
             

               
           
             

             
           

                
            

               
           

           
             

             

               
              
             

                 
               

             
             

                
              

              

10 The z-Transform 

poles lie inside the unit circle and the region of convergence will include the 
unit circle. For this reason it is often convenient, when describing the system 
function in terms of a pole-zero plot in the z-plane, to include the unit circle 
in the drawing to indicate whether the poles lie inside or outside the unit circle. 

EXAMPLE. As a simple example consider a causal system characterized by the 
difference equation 

yn) = ay(n — 1) + x(n) 

The svstem function is 

1 

H(z) = — —5 (2.56) 

and, by the causality assumption, the region of convergence is |z| &gt; |a|, from 
which we note that the impulse response is 

hin) = a™u(n) 

In the special case that N = 0 in Eq. (2.54) or (2.53), the system has no 
poles except at z = 0 and the system has a finite-duration unit-sample 

response. When N is greater than zero, the system has poles, each of which 
contributes an exponential sequence to the unit-sample response. Thus if 
the system function has poles, the unit-sample response is of infinite duration. 

One of the advantages of a representation of the system function in terms 
of poles and zeros is that it leads to a useful geometric means for obtaining 
the system frequency response. We recall from a previous discussion that 
the response of the system to a sinusoidal excitation is describable in terms 
of the frequency response, i.e., the behavior of the system function on the 
unit circle. In particular, the response is-sinusoidal with the same frequency 
as the input, and the amplitude of the output is equal to the amplitude of the 
input multiplied by the magnitude of the system function at the excitation 
frequency. The phase shift of the output is equal to the angle of the complex 
number that represents the system function at the excitation frequency. To 
determine the system function on the unit circle, corresponding to an 
excitation frequency w,, we would substitute z = e’* into Eq. (2.55). Let 
us consider, for example, a factor (I — ¢,z7!), which contributes the zero 

and pole depicted in Fig. 2.7. At z = 0 the magnitude of the complex 
number represented by this factor is equal to the length of the vector which 
extends from the zero to the appropriate point on the unit circle, divided 
by the length of the vector from the pole to the same point on the unit circle. 
The angle of the complex number is equal to the angle of the zero vector 
minus the angle of the pole vector. The magnitude of the complex number 
represented by a product of such factors is the product of the magnitudes, 
and since the angle of the complex number is the sum of the angles, the total 
frequency response can be obtained by looking at the net effect of the zero 
and the pole vectors. For example, in Fig. 2.8 the pole-zero pattern for a 
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WT 

Z-plane 

P, (oON ~, 

Wy 

Da 

/
Unit circle 

\L 

Fig. 2.7 Determination of the frequency response from the pole-zero 
pattern by geometric means. 

second-order system is shown. It is clear from the behavior of the pole and 
zero vectors that the magnitude of the frequency-response peaks in the 
vicinity of the poles. From this geometric picture it should be clear also that 
poles or zeros at the origin offer no contribution to the magnitude of the 
frequency response and introduce only a linear component in the phase. 
These concepts are illustrated by Fig. 2.9, which shows the pole-zero diagram 
and the frequency response fora first-order difference equation corresponding 

plane 

AR 
ar 

-~ 

4 Unit 
circle 

Fig. 2.8 Geometric determination of the frequency response of a second-
order system. 



  

 

 

 

 

  

          
 

             

            

      

  

 

    

  
  

      
   

   

  

   

 

 

 

 
 
 
  

 

 
 

 

 
 

 

 
 
  

 

   
 

          
  

              

             
       

   

  

     

    

       
   

72 The z-Transform 

Z -plane 
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—Unit circle 

a) 

~ 

" 

0 
oO 

2 
. -10 

7 

_5p
&gt;
2 

| 

Tr 

2 
&gt; 
5 

v 
ND 

&lt; \ 

N 

Radian frequency w 
3 

Fig. 2.9 Pole-zero pattern of a first-order filter and the corresponding
frequency response. 

to the system function H(z) = 1/(1 — az!) and impulse response /i(n) = 

a™u(n).
As a second example, let the impulse response be a truncation of the 

impulse response of the previous example; i.e., 

: a”, 0O&lt;n&lt;M-—1 

0. elsewhere 

[hen the system function is 

A—1 [ M_—DI
— — az 

H(z) = &gt; az "= —— . (2.57)
ali 1 — a7 



   

   

 
 

  
   

       

     

               

          

                   

              

           

     

  

             

           

          

           

       

          

 

 

     
 

             

 

  

  

     

 

      
  

         

         

            

               

        

       

 

     
  

    

    

  
   

   

        

      

                

           
                    

               

            
      

   

             
           

           
            

        

           
  

  

      
  

              
  

   

   

      

  

      
   

          

          
            
                

         
       

 

       
 

2.5 Two-Dimensional z-Transform 73 

which can be written 

M M
z¥" —a 

H(z) = 5— 
zZM Nz — a) 

Since the zeros of the numerator occur at 

z, = ae’ k=0,1,...,M — | 

where a is assumed positive, the pole at z = a is canceled by an identical 

zero. The pole-zero plot and corresponding frequency response for the case 
M = 8 are thus as shown in Fig. 2.10. Observe the peak at w = 0 (z = 1), 

where there are no zeros, and note the dips in the frequency response in the 

vicinity of each zero. These properties of the frequency response are easily 
deduced geometrically from the pole-zero plot. 

2.5 Two-Dimensional z-Transform 

[n Chapter 1 we saw that many of the concepts and properties of discrete-

lime signals and systems in one dimension could be extended to multi-

dimensional signals and systems. In previous sections of this chapter we 
have considered the z-transform as it applies in one dimension. In this 
section we consider the extension to two dimensions. 

The two-dimensional z-transform X(z;, z,) of a sequence x(m, n) is 
defined as 

[e0} 0 

X(zy, 2) = &gt; 2 x(m,n)zy™z:" (2.58)
MeO} N——rr 

where z; and z, are complex variables. With z, and z, expressed in polar 
form as 

z, = re’®1 

Zo = Foei®2 

Equation (2.58) can be written as 

oO 0 

X(re’L rye’) = &gt; 3 x(m, n)ry™r;"e01mg0am(2.59)
M= 00) N—— 

Thus, as in the one-dimensional case, the two-dimensional z-transform can 

be interpreted as the two-dimensional Fourier transformof x(m, n) multiplied 
by the two-dimensional exponential sequence ry"ry". For |z,| = |z,| = 1, 
.e., for r, = ry = 1, the z-transform is equal to the Fourier transform. For 

convergenceof the two-dimensional z-transform we require that the sequence 
x(m, n)zy"zz" be absolutely summable, i.e.. that 

0 0 

&gt; 2 xm, m)zi"za"| &lt; oc om" 
Vi—=eYY)FI— 

https://n)ry�r;"e01mg0am(2.59


  

  

  

  

   

 

  

            

         

        

             

     

        

           

  

          
  

           

           
  

   

   

   

 
  

 
  

  
 

  
   

 

 
 

 

 
 

 
 

 
 

 

 

 
 

 
 
 

 

   

             
         

         

             

      
         

            

  

         
  

            

 

           
   

74 The z-Transform 

— Z— plane 

H Unit circle 

M-1—__ 
oO Q 

poles 
£ A 

Uo / 
© 

Circle of 
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72}
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uJ Radian frequency 

Fig. 2.10 Pole-zero pattern and frequency response for an FIR system with a 
unit-sample response that is a truncated version of the unit-

sample response for the example illustrated in Fig. 2.9. 

The set of values of z, and z, for which the two-dimensional z-transform con-

verges defines the region of convergence. 
The inverse two-dimensional z-transform can be obtained by applying 

the inverse Fourier transform relation of Eq. (1.44) to Eq. (2.59) as 

2 rr w 

«(m, n) = (| | X(rie, roerrie’®1me’" do, dw, (2.61)
a —7 J—T 

[his can also be expressed as a contour integral in the form 

2 

((m, n) = (3) $ $ X(zy, 25)z0 28 dz, dz, (2.62)
2mj/ Yeo, Yeo, 



   

            

          

           

           
            

    

   

              

            

         

         

            

 

  

  

     

      

  

  

  

  

   

   

     

   

 

 

 

   

 

 

 

 

 

    

     

   

               

           

        

         

       

           

           

         

              

     

    

             
          

            
            

             

     

    

               
             

          
          

             

  

   

     

     

          

         
     

 
    
     
     
         

          
          

                 

            
        

          
        

            
            

          
               

      

2.5 Two-Dimensional z-Transform 75 

where the contours C, and C, are closed contours encircling the origin and 
within the region of convergence. In contrast to the one-dimensional z-

transform, it is generally very difficult to determine the region of convergence 
of X(z,, z,) and consequently also the integration contours C; and Cs. 

A two-dimensional z-transform X(z,, z,) is said to be separable if it can 

be expressed in the form 

X(z,, 2,) = X,(z)Xo(25) 

X(z,, z,) will only be separable if the sequence x(m, n) from which it is 
derived is separable; i.e., x(m, n) = x,(m)x,(n). In that case X,(zy) and 
X,(z,) are the one-dimensional z-transforms of x;(m) and x(n), respectively. 

All the properties of one dimensional z-transforms as summarized in 
Table 2.1 are easily extended to two dimensions as indicated in Table 2.2, 

Fable ~.2 

Sequence r= Transform 

I. x(m, n) X(zy, 22) 

2. y(m, n) Y(zy, 25) 

3. ax(m, n) + by(m, n) aX(zy, z5) + bY( 

1. x(m + my, n + ny) 270z50X(zy, 22) 
5. a™bmx(m, n) X(a'z,, b=1z,) 

d°X(zy, 2,)
5. mnx(m, n) 

dzdz 
I. x*(m, n) X*(z¥, z}) 
3. x(—m, —n) Xz zh) 
J. Re [x(m, n)] FX(21, 20) + X*(z5, z¥)] 

10. Im [x(m, n)] ; [X(z,, Zp) — X*(z%, z3)] 
(1. x(m, n) * y(m, n) X(z,. 2,) Y(zy, 25) 

12. x(m, n)y(ny, n) (5) &amp;° c, ¢ x2 ,2)0a Y(vy, vayv3" doy dv,2aj) Jo, \V1 

and for those listed the proofs parallel those for the one-dimensional case. 
The two-dimensional z-transform of a convolution of two two-dimen-

sional sequences is the product of their z-transforms. Consequently, the 
input-output relation for a two-dimensional linear shift-invariant system, 
=xpressed in terms of the z-transform, corresponds to a multiplication of the 
z-transforms of the input and the unit-sample response. As in one dimension, 
the z-transform of the two-dimensional unit-sample response is referred to 
as the system function. The system function evaluated for |z,| = [z,| = 1 is 

the frequency response of the system. 



  

         

         

          

   

        
  

             

    

   

           

         

  

     

        

  

          

             

          

        

        

           

        

         

              

           

           

             

            

          

             

           

            

             

               

       

            

        

            

            

           

                

        

   

          
          

           

   

       
   

              
     

  

        
          

 

   
    

   
 

           
              

           
         
         

           
         

          
               
            

            
              

             
           

              
            
             

              
                

        
             

         
             

             
            

                 
         

76 The z-Transform 

When the system is describable by a linear constant-coefficient difference 
equation, the system function is a ratio of two-dimensional polynomials 
[n particular, with the input and output satisfying the difference equation 

M1 Ni M2 Ns 

&gt; dapyim —k,n—r)=&gt; Yb,x(m — k,n —r) (2.63)
k=0 r=0 k=0r=0 

and applying the z-transform to both sides of Eq. (2.63) it follows, using the 
properties in Table 2.2, that 

Mi Ni Mz Na 

Y(zy, 25) &gt; 3 iz = X(zy, 22) 13 S busta | 
30 that the system function H(z,, z,) is given by 

Ma Ng 5

b,.z{"z5"
Y(zy, 25) _ 22 fret 

(2.64)H(z,, Zy) = X(z n ) - Mi Ni 
2% ¥ Sens 

Toe00 

In the one-dimensional case, when the system function consisted of a 
ratio of polynomials, it could be described in terms of its poles and zeros, 
i.e., the roots of the numerator and denominator polynomials. In contrast, 
a general two-dimensional polynomial cannot be factored. This represents 
a major difference between the one-dimensional and two-dimensional cases. 

Comparing Eq. (1.38), which states the condition for stability of a two-

dimensional linear shift-invariant system, and Eq. (2.60), which expresses 
the requirement on the convergence of the two-dimensional z-transform, we 
see that a system is stable if and only if the system function converges for 
|z,] = |z,] = 1. For one-dimensional causal systems stability was easily 
examined by regarding the pole locations. For that case a necessary and 
sufficient condition for stability is that all the poles of the system function lie 
inside the unit circle. In the special case that the unit-sample response or 
equivalently the system function is separable, the same condition can be 
applied to examine stability of a causal filter. This follows from the fact that 
for the separable case, with h(m, n) = hy(m)h,(n), the unit-sample response 
will be absolutely summable if and only if 4,(m) and hy(n) are absolutely 
summable. Thus a causal separable system will be stable if and only if the 
poles of H,(z,) lie inside the unit circle in the z,-plane and the poles of H,(z,) 
lie inside the unit circle in the z,-plane. 

In the general case, a necessary and sufficient condition for a ratio of 

two-dimensional polynomials to correspond to a causal, stable system 
function is that the denominator polynomial cannot be zero if |z;| and |z,] 
are simultaneously greater than unity [4, 5]. We see that this is consistent 
with the condition discussed above for a separable system since, for example, 
a pole of H(z) outside the unit circle, i.e., for |z,| &gt; 1, will result in the 
denominator polynomial of the two-dimensional system function being zero 



 

                

   

            

              

                 

              

      

      

  
  

  

 

   
        

  
  

  

                 

               

   
 

  

     

     

      

               

           
   

           

              

          

          

             

           

       

          

       
             

          

  

                 
    

            
               

                  
               

       

       

          

 

   
         

  
   

   

                  
                

   

  

      

      

       

               
           

    

           
               

           
           

 

 

              
            

        
           

       
              

           

Summary 77 

at that value of z, for all values of z, and therefore including values of z, for 
which [z,| &gt; 1. 

One way of applying the above stability theorem is to factor the denomin-

ator polynomial as a polynomial in z;, in which case the roots are a function 

of z,. In this case the poles of H(zy, z,) are a function of z, and we require 
that these poles can only lie outside the unit circle in the z,-plane for values 
of z, for which |z,| &lt;&lt; 1. 

EXAMPLE. Consider H(zy, z,) of the form 

H(z, Zo) Re vs pul pp
—+ lt 0 ©) Zi “Zo 

1 
(2.65)Hen 2) =0320007250 

(hus the roots of the denominator polynomial are at 

1 + zt 
zy = ———— (2.66)

1 + 2z;1 

For stability we require that in Eq. (2.66), for all values of z, for which |z,| &gt; 1, 
the magnitude of z; is less than unity, i.e., we require that for |z,| &gt; 1, 

Pl + 2251 |
— &lt;1 

1 +z 

1 + zz &lt;|1 + 2z51 

Equivalently, this can be written as 

IT + zz? &lt; Il + 27372 

It is straightforward to verify that for z;1 = — $+ ji this inequality is not 
satisfied, and consequently the system function of Eq. (2.65) does not correspond
to a stable system. 

It is clear that while the stability condition discussed above is straight-

forward in theory, in practice it is difficult to apply. There are a number of 
other formulations of the stability conditions, which we will not present, 
that are theoretically less straightforward but are perhaps slightly simpler to 
apply. 

Summary 

[n this chapter we have generalized much of the discussion in Chapter 1. In 
particular, we presented the definition of the z-transform and the region of 
convergence associated with right-sided, left-sided, and two-sided sequences. 
The inverse z-transform was then considered, including the evaluation of the 

inverse z-transform by complex integration, by partial-fraction expansion,
and by the use of power series. Properties of the z-transform similar to those 
discussed in Chapter 1 for the Fourier transform were presented also. 



  

         

           

       

               

          

          

          

            

     

             
    

         

   
             

        

     

         

         

            

 
 
   

 
 
   

   
     

           

             

         

       

          

 

     
  

  

 

    

 
  

            

   

          
           

        
                

           
           

 

          
 

 

            
      

             
     

          
    

              
         

      
          

          

 

             
 

 
   
 
 
    
    
      

            
              

          
        
           

 
     

   

  
     

   
   
    

               

718 The z-Transform 

The representation of linear shift-invariant systems in terms of the 
z-transform led to a discussion of the system function. For systems char-

acterized by linear constant-coefficient difference equations, the system 
function is a ratio of polynomials, in which case it can be specified in terms of 

a pole-zero pattern in the z-plane. This representation leads, among other 
things, to a useful geometric means for obtaining the system frequency 
response. 

The chapter closed with a brief introduction to the two-dimensional z-

transform. 
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PROBLEMS 

|. Determine the z-transform, including the region of convergence, for each of the 
following sequences:
@) (un).
®) —@)u(—n — 1).

©) @)u(—n).
(d) on).
(e) 6(n — 1). 
) on + 1). 
(®) ®"[u(n) — u(r — 10)]. 
Determine the z-transform of each of the following. Include with your answer 
the region of convergence in the z-plane and a sketch of the pole-zero pattern. 
Express all sums in closed form. « can be complex. 
@) x(n) = o*, 0 &lt; || &lt;1. 
(b) x(n) = Ar™ cos (wen + Pun), 0 &lt;r &lt;1 

1, 0&lt;n&lt;N-1,

©) x(n) = lo N &lt;n,
0. n &lt;0. 

n, 0&lt;n&lt;N, 
2N —n N +1 &lt;n &lt;2N,

(d) x(n) = 
0, 2N &lt;n, 
0, 0 &gt; rn. 

Hint (ea sv way): First express x(n) in terms of the x(n) in part (c).] 



 

            

         
            

         

        

    

    

  

  
 

  
  

  

       

 
  
       

            

           

            

        
                  

            

               

              

            

              

       

  

        

           
         

               

   
               

              

       
        

  

  

 
          

             
         

         

 
    

 
    

  

   
 

   
  

   
 

        

  
         

             
            

 
             

        
                   

             
                

               
             

               
        

 

 
   

         
           

          
                

   
                
              

       
         

  

Problems 79 

3. Considerasequencey(n)givenbyy(n) = x(n) * h(n), where h(n) = (1 + j)"u(n)

and [x(n)| &lt; 1. Is the sequence |y(n)| necessarily bounded? 
4. (a) Listed here are several z-transforms. For each one, determine the inverse 

z-transform using each of the three methods (contour integration, partial-

fraction expansion, and long division) discussed in Sec. 2.2. 

1 
lz| &gt; 1X(z) = 1+31’ 

1 
X@) =1514 lz] &lt;3} 

1 — 31 

Orr re FS 
1 —3z71

X(2) “1 ize 
1 — az1

XG)-==“ |z] &gt; |1/al
FT. 

(b) Consider a right-sided sequence x(n) with z-transform 

1 2» 
Xz) = ——ooooC

2) (1 —az(1— bz) (z —a)z — b) 

In section 2.2 we considered the determination of x(n) by carrying out a 
partial fraction expansion with X(z) considered as a ratio of polynomials in 
po 

Carry out a partial fraction expansion of X(z) considered as a ratio of 
polynomials in z and from this expansion determine x(n).

5. In Sec. 2.2 we discussed the fact that for n &lt; 0 it is often more convenient to 

evaluate the inverse transform relation of Eq. (2.22) by using a substitution of 
variables z = p~! to obtain Eq. (2.28). If the contour of integration is the unit 
circle, for example, this has the effect of mapping the outside of the unit circle 
to the inside, and vice versa. It is worth convincing yourself, however, that 
without this substitution, we can obtain x(n) for n &lt; 0 by evaluating the residues 
at the multiple-order poles at z = 0. 

Let 

1 
X(z) = 1-1 

where the region of convergence includes the unit circle. 
(a) Determine x(0), x(—1), and x(—2) by evaluating Eq. (2.22) explicitly, ob-

taining the residue for the poles at z = 0. 
(b) Determine x(n) for n &gt; 0 by evaluating expression (2.22) and for n &lt; 0 

by evaluating Eq. (2.28).
6. Determine a sequence x(n) whose z-transform is X(z) = e® + el/?, z # 0. 
7. Determine whether or not the function F(z) = z* can correspond to the z-

transform of a sequence. Clearly explain your reasoning.
B. Suppose that F(z) is a rational function. i.e.. 

N(2)
F(z) =D(z) 



  

            

             

               

            

  

 
    

      

            

             

            

           

       
          

  

            

     
    

           

          

        

       

      

         

  

  

     

      

            

           

     
  

           

               

   

              

              
           

   

             
              

                
             
   

 
   

      
             

              
            

            
       

           

   

             

          

            
           

        
      
      

          

   

   

      

       

             
            

      
  

            
                

    
               

               
            

30 The z-Transform 

where N(z) and D(z) are polynomials. Moreover, assume that F(z) has no poles 
or zeros of multiplicity greater than unity. Let C be a simple closed contour, 
and let Z and P be, respectively, the number of zeros and poles of F(z) enclosed 
by the contour. (Assume that there are no poles or zeros on C.) 
(a) Show that 

1 Fz
2] $75 dz = 2 

where F’(z) is the derivative of F(z).

(b) With F(z) expressed in polar form as F(z) = |F(z)|e’2€¥(%) show that 
the change in arg[F(z)] as the contour Cis traversed exactly once is 2#(Z —P). 

(It can be shown that these results generalize in the case of multiple-

order poles and zeros by counting poles and zeros according to their 
multiplicity; i.e., a second-order pole is counted twice.)

D. Let X(z) denote a ratio of polynomials in z; i.e., 

P(2)
X(2) = 0@) 

Show that if X(z) has a first-order pole at z = z;, then 

P(z)
Res [X(z) atz= zy] = ——=

[ ( ) 0) 0’(z,) 

where Q’(z,) denotes the derivative of Q(z) evaluated at z = z,. 
10. Show that if X(2) is the z-transform of x(n), then 

(a) z"0X(z) is the z-transform of x(n + ny).

(b) X(a12) is the z-transform of a"x(n).

{(¢) —zX’(z) is the z-transform of nx(n).

11. With X(2) denoting the z-transform of x(r), show that 

3[x*(n)] = X*(z*). 

3[x(—n)] = x3):z 

3[Re x(n)] = $[X(2) + X*(z¥)]. 

3m x(n)] = &gt; [X(z) — X*(zH)1. 

12. Determine the z-transform of n?x(n) in terms of the z-transform of x(n). 
13. The autocorrelation sequence c(rn) of a sequence x(n) is defined as 

e(n) = 3 x(k)x(n + k) 
— on 

Determine the z-transform of ¢(n) in terms of the z-transform of x(n). 
14. Let x(n) denote a causal sequence: i.e., x(n) = 0, n &lt; 0. Furthermore, assume 

that x(0) # 0. 
(a) Show that there are no poles or zeros of X(z) at z = co. 

(b) Show that the number of poles in the finite z-plane equals the number of 
zeros in the finite z-plane. (The finite z-plane excludes z = ©.) 



 

           

                

              
         

                  
 

           

         

 
  

            

        

                

              
               

      

               

                 

             

     

   

     

    
   

       

   

     

  

               

 
    

               

              

               

    

                
            

                

    

       

  

              
  

   

    

 

  

            
                 

               
          

                   
  

            
          

 

  

             
         

                 
               

                
       

                
                  

             
     
   

 
     
    

        

    

      

   

             
 
     
                

               
 

                
     

                 
             

                 
  

        

   

               
   

     
      

Problems 81 

15. Consider a finite impulse response filter with unit-sample response (un) of 
length 2N + 1). If h(n) is real and even, show that the zeros of the system 
function occur in mirror-image pairs about the unit circle; i.e. if H(z) = 0 for 
z = pe’, then H(z) = 0, also forz= (1/p)e’®. 

16. For a sequence x(n), which is zero for n &lt; 0, show that lim X(z) = x(0). What 
Z— oo 

is the corresponding theorem if the sequence is zero forn &gt; 07? 
17. Consider a sequence x(n) for which the z-transform is 

Ld
1 

:
YO =atT, 

and for which the region of convergence includes the unit circle. Use the 
theorems derived in Problem 16 above to determine x(0). 

[8. A real sequence x(n) has all the poles and zeros of its z-transform inside the unit 
circle. Determine in terms of x(n) a real sequencex; (rn) not equal to x(n) but 
for which x,(0) = x(0), |x;(n)] = |x(n)| and the z-transform of x,(n) has all its 
poles and zeros inside the unit circle. 
x(n) denotes a finite-duration sequence of length N with x(n) = 0, n &lt; 0, and 
x(n) = 0, n &gt; N. Do not assume that x(n) is real. From the list choose the 

entry that corresponds to the number of distinct choices for x(n) if the magnitude

of its Fourier transform is specified.

(a) 1 (f) N2 
(b) N (2) NN — 1)

(c) log, N (h) 21 
(d) 2N Gi N-2N 
(6)

20. Consider a set of N distinct sequences 

S = {xv(n)}, v=0,1....,N—, 

and the corresponding set of z-transforms 

T = {X,(2)} 

where Xy(z) is the z-transform ofx(n). The elements of .S and Thave the follow-

ing properties:
(1) The x, are real. 
(2) The x, are causal in the sense that x,(r) = 0 for n &lt; 0. 

(3) The x, are stable; i.e., the region of convergence of X,(z) contains the unit 
circle. 

(4) The X, are rational functions of z; i.e., they can be expressed as ratios of 
polynomials in z (or z72). 

(5) The magnitudes of the X, are all equal on the unit circle; i.e., |X, (e7®)] = 
| X,(e?®)| for all uy and v and —7 &lt; © &lt; =. 

(6) Sand Tarecomplete;i.e., if X, € Tand | X,(e’®)| = |X, (e’®)| for —7 &lt; 0 &lt; 
7, then X, € T. 

(a) Show that X,(z) can be expressed as 

X,(2) = R,,(2)X,(2) 

where R,,,(2) is a rational function of z (or z™?) with unity magnitude on the 
anit circle; i.e., 

— a7 Fd) ~ mIIR,(€®)| = 1, 
[Ss R, (2) necessarily stable? Why? 



  

              

             

         

    

             

       

  

 

    

             

            

            

    

      

             

 

  
      

           

     

      

 
      

              

   
              

   

      
 

  

             

            

           
       

           

  
 

   

 
   

   

              
              

          

     

              
        

  
   

     

              
             

             

     

       

              
  

   
       

            

      

        

 
    

               
   

              

    

 

      
  

   

             
             

            
        

            

   
     

     

B2 The z-Transform 

(b) Denote the element of Thaving the fewest number of zeros outside the unit 
circle by Xy(z). Using the initial value theorem, show that the element of .S 
having the largest magnitude at the origin is xy(n); i.e., 

|x0(0)] &gt; |x,(0)], forally #0 

Suppose that the system function H(z) for a stable causal filter is a rational 
function of z. Moreover, on the unit circle, 

|H(e?®)| = |H(e7)
ahd —am &lt;7 

arg [H(e’)] = —arg [H(e™*)] 

However, all the zeros of H(z) are not inside the unit circle. How would 
you construct from H(z) a stable causal filter G(z) with a real unit-sample 
response. which has all its zeros inside the unit circle and for which 

|G(e7?)| = |H(e'®)|, —r&lt;ow &lt;a? 

[Hint: Use the result of part (a).] 

21. Suppose that we are given a sequence x(n) whose Fourier transform has the 
property that 

oy #0, oo]&lt;wo 
Xe) _o. w, &lt; |o| &lt; = 

(a) Show that if we define a new sequence x;(n) with values 

x(n) = x(Mn), n=0, +1, +2,.. 

1... we retain 1 of M samples), then 

Ie% 
X,(2) = 72 X (ZVM—i2n/MIT 

(b) For the case w, = m/M, sketch the Fourier transform of x,(n). [Assume an 
arbitrary shape for X(e’®).]
Now suppose that we have a sequence x,(n) and that we define a new se-

quence x,(n) with values 

n 

on) = % (3): n=0 +M, + 
0, elsewhere 

X,(2) = X,(z™) 

(d) Sketch the Fourier transform of x,(n) for the x(n) assumed in part (b).

(e) Using the previous results, show how the original sequence x(n) can be 
recovered exactly from x,(n). What is the general relation between M and 
w, that ensures that x(n) can be recovered? 

22. Consider a linear shift-invariant system with impulse response 4(n) and input 

x(n) given by 
_}a™, n&gt;0

h(n) = [ n&lt;O0 

1, 0o&lt;n&lt;(N-1
(1) =2) [5 otherwise 



 

          
   

           

          
            

        

      

           
         

      
      
  

           

            

             

         

       

              

       
           

  

          

         

         
          

        

         

 
    

   

           

              

             

         

            

              

    

           

  

        

       
            

             

            

     

    

    
     

  

           
   

            
          

             
         

   

           
         
      
      
  

            
      

              
         

        
              

       
           

   
     

          
         

          
        

          
  

   

    

            
              

 

              
          

             
              

     
           

   
         

       
             

              
             
      
     
    
      

Problems 83 

(a) Determine the output y(n) by explicitly evaluating the discrete convolution 
of x(n) and h(n).

(b) Determine the output y(n) by computing the inverse z-transform of the 
product of the z-transforms of the input and the unit-sample response.

23. Consider a linear shift-invariant discrete system for which the input x(n) and 
output y(n) are related by the first-order difference equation 

ym + 3y(n — 1) = x(n) 

From the following list choose two possible unit-sample responses for the system.
(@) (—2)u(n) (©) Gun — 1) (h) (=3)"u(—n — 1)

(b) 2™u(n) ® (—"u(—n—-1) O) 3 (—H"Uu(-n-1
(©) ()"2u(n) (® Buln) GO 2(-2u(—n —1)
(d) GB) "un 

24. A causal linear shift-invariant system is described by the difference equation 
yn) = yn — 1) + y(n — 2) + x(n — 1) 

(a) Find the system function H(z) = Y(z)/X(z) for this system. Plot the poles 
and zeros of H(z) and indicate the region of convergence.

(b) Find the unit-sample response of this system. 
(©) You should have found this to be an unstable system. Find a stable (non-

causal) unit-sample response that satisfies the difference equation.
25. Consider a linear shift-invariant discrete system with input x(n) and output

y(n) for which 
yin — 1) — Sy(n) + y(n + 1) = x(n) 

The system may or may not be stable and/or causal. 
By considering the pole-zero pattern associated with this difference equation,

determine three possible choices for the unit-sample response of the system.

Convince yourself that each choice satisfies the difference equation.

26. Consider a causal linear shift-invariant system with system function 
1 —aiz71 

H(z) = 1 — gz—1 

where a is real. 

(a) For what range of values of a is the system stable? 
(b) If 0 &lt;a &lt;1, plot the pole-zero diagram and shade the region of conver-

ence. 

©) Show graphically in the z-plane that this system is an allpass system, i.e., 
that the magnitude of the frequency response is a constant. 

(d) H(z)is to becascaded witha system H(z) so that the overall system function 
is unity. With 0 &lt;a &lt;1 and H(z) specified to be a stable system. deter-

mine its impulse response A(x). 
27. Consider a linear discrete-time shift-invariant system with input x(n) and output

y(n) for which 
yr —1) —32y(m) + y(n + 1) = x(n) 

The system is stable. Determine the unit-sample response.
28. Given here are four z-transforms. Determine which ones could be the transfer 

function of a discrete linear system which is not necessarily stable but for which 
the unit-sample response is zero for n &lt; 0. Clearly state your reasons. 
@ (1 — 271 — 3270). 
(b) (z — 1*/(z =P). 
© (— DI — 3S 
(d) (z — 1H§/(z — 1)5, 



  

          

    

          

   

              

        

  

      

   

    

  

             

           

   

  

            

            

           

      

            

             

              

              

     

   

             

           

                

          

   

    

        

              

             

             

   

   

   

   

           
     

           

   

   

               
         

       

    

     

   

             

             
    

   

            
             

            

       

             
              
               

             
      

    

              
            

                
           

    
    

       

               
              

            
    

   

    
 

B4 The z-Transform 

29. Using z-transforms, determine the response of the discrete linear causal 
shift-invariant system with difference equation 

y(n) — 2rcosfy(n — 1) + r2y(n — 2) = x(n) 

‘0 an excitation 

x(n) = oa" u(n) 

30. A sequence x(n) is the output of a linear shift-invariant system whose input is 
s(n). This system is described by the difference equation 

x(n) = s(n) — e8%(n — 8) 

where 0 &lt; «. 

(a) Find the system function 
X(2)

H(z) = $2) 

and plot its poles and zeros in the z-plane. Indicate the region of conver-

gence.
b) We wish to recover s(n) from x(n) with a linear shift-invariant system 

Find the system function 
Y(2)

Hy(z) = X22) 

such that y(n) = s(n). Find all possible regions of convergence for H(z)

and, for each, tell whether or not the system is causal and stable. 
(c) Find all possible choices for the unit-sample response A,(n) such that 

y(n) = hy(n) * x(n) = s(n) 

31. In Problem 1.32 we discussed the representation of a continuous time function 
by a sequence corresponding to the coefficients in an expansion in terms of a 
set of basis functions. It is also useful to represent one sequence by another in 
a similar manner. Thus we can consider expanding a sequencef (x) in terms of 
a set of sequences ¢,(n) as 

f(@) =3 subir) (P2.31-1) 

The coefficients g; in this expansion can then be considered as a new sequence 
which represents f(r). In this problem we shall be concerned with sequences 
f (n) which are zero for n &lt; 0 and a particular choice for the functions ¢,(n). 
Specifically, we shall choose the sequences ¢,(n) such that their z-transforms 
P,(z) are given by 

© 1 — az 1\7* 

D(z) = 2 dp (n)z™" = &gt;1-4) k&gt;0 (P2.31-2) 

with [a] &lt; 1 and with the region of convergence for ®,(z) chosen such that 
b(n) is zero for n &lt; 0. Assume that the coefficient a is real. 
(a) Let F(z) denote the z-transform off(r) and let G(w) denote the ‘‘w-trans-

form” of g;.; l.e.. 

FG) = 3fhe 

G(w) = S gwTF 
r—0 



 

          

  

                

                

          

             

             

          
            

 

            

  

   

      

              

    

 

    

              

                

          

             

           

             
     

            
               

    

  

 

      

   

              

          

           
          

 
           

              
 

           

 

  

           

   

                 
                 
 

           
              
              

          
             

  
            

   

   
    

               
     

 

   
 

               
                 

           
             

            
              

      

             
                

     

  
 

    

    
               

           
            

           
 

          
              

  
            

  

Problems 85 

G(w) and F(z) are related by a substitution of variables; i.e., 

F(z) = G[R(2)] 

Determine R(z) and show that for z = ¢’®, wis of the form w = 7%, where 
w and 0 are real. It is not necessary to explicitly evaluate 6 as a function of 
ow. 

This shows, then, that the Fourier transforms of the original sequence 
f(n) and the new sequence g; are related by a mapping of the frequency 
axis. Since 0 as a function of w is nonlinear, transforming the sequence f(n) 
to the sequence g;, corresponds to distorting the frequency axis nonlinearly.
The remainder of this problem is concerned with how the sequence g; can 
be obtained. 

(b) It can be shown that the sequences ¢,(n) corresponding to Eq. (2.31-2)

satisfy the relationship 

Z _ Jo, kr

2ne),(n) — * k —_ 

As a consequence of this relationship, g; for k &gt; 0 can be obtained from 
f(n) according to the relation 

1 0 

gr = 7 &gt; nbn 
n=&gt;0 

Let us assume that f(n) is of finite duration; i.e., f(n) =0, n &lt;0, and 
n &gt; (N — 1). According to Eq. (P2.31-3), g, for k£ &gt; 0 can be obtained 
by filtering f(—n) with a linear shift-invariant digital filter. Determine the 
unit sample response of the filter in terms of ¢,(n) and determine the system

function (i.e., the z-transform of the unit-sample response) in terms of @,(z). 
Also, specify how to obtain g; from the filter output. There is a different 
filter for each value of k. 

The procedure for obtaining g; developed in part (b) can only be used 
for k &gt; 0 because of the factor 1/k in Eq. (P2.31-3). To determine So We 
note from Eq. (P2.31-1) that 

0) =&gt; £10) 
1 0 

So 50/© 2grr(0) (P2.31-4) 

c) (1) Determine ¢,(0). 
(2) As in part (b), we assume that f(n) is of finite duration. Show from 

Eq. (P2.31-4) that g, can be obtained byfilteringf(—n) with a linear 
shift-invariant digital filter, and specify how to obtain g, from the filter 
output. Express the unit-sample response of this filter as a summation 
involving ¢,(n).
From the summation in part (2), determine in closedform the system
function of the digital filter of part (2). Hint: The result is a simple first-
order filter. 

(Note: The results of this problem are discussed in reference [8] of 
Chapter 1.) 



  

              

         

            

         

         

   

    

             

  
    

   

               
          

             
          

          

   
    

             
   

    

B6 The z-Transform 

32. As discussed in Sec. 2.5, a necessary and sufficient condition for stability of a 
two-dimensional system function is that the denominator polynomial cannot be 
zero if |z,| and |z,| are simultaneously greater than or equal to unity. 

Consider the class of first-order two-dimensional digital filters for which 
the transfer function H(z, z,) is expressible in the form 

H(z, zo) = ! 
CA —azyl — bzy! 

Show that for this class of filters, a necessary and sufficient condition for stabil-

ity is that 
al + |b] &lt; | 



 

 

 

            

          

             

              

         

             

             

          

           

          

           

            

           

  
              

          

            

         

          

           

          

 

  

  

  

             
           

              
              

          
             

             

           
            

           
            

             
            

   
              

          
             

         
           

            
           

 

3 

The Discrete 

Fourier Transform 

3.0 Introduction 

[n Chapters 1 and 2 we discussed the representation of sequences and linear 
shift-invariant systems in terms of the Fourier and z-transforms. For the 
special case in which the sequence to be represented is of finite duration, i.e., 
has only a finite number of nonzero values, it is possible to develop an al-

ternative Fourier representation, referred to as the discrete Fourier transform 
(DFT). As we shall discuss in this chapter, the DFT is a Fourier representa-

tion of a finite-length sequence which is itself a sequence rather than a con-

tinuous function, and it corresponds to samples equally spaced in frequency 
of the Fourier transform of the signal. In addition to its importance 
theoretically as a Fourier representation of sequences, the DFT plays a 
central role in the implementation of a variety of digital signal processing 
algorithms, as a result of the existence of an efficient algorithm for the 
computation of the DFT [1,2]. This algorithm will be discussed in detail 
in Chapter 6. 

There are a number of points of view that can be taken toward the deriva-

tion and interpretation of the DFT representation of a finite-duration se-

quence. We have chosen in this chapter to base our presentation on the 
relationship between finite-length and periodic sequences, so we shall con-

side: first the Fourier series representation of periodic sequences. While the 
Fourier representation of periodic sequences is important in its own right, we 
shall also apply those results to the representation of finite-length sequences. 

x 



    

            

           

          

 

    
   

             

              

              

            

             

         

        

          

           

             

  

   

                

            

        

           

           

      

  

    
 

          

            

           

        

    
          

         

              
   

              

       

     

             
            

           
  

    
    

              
               

               
             

              
          

         
           

           
              

   

    

                 
             

         
            

            
       

  

     
  

           
             

            

            
           

  

              

              
        

B8 The Discrete Fourier Transform 

This is done by constructing a periodic sequence for which each period is 
identical to the finite-length sequence. As we shall see, the Fourier series 
representation of this periodic sequence corresponds to the DFT of the 
finite-length sequence. 

3.1 Representation of Periodic Sequences—
The Discrete Fourier Series 

Consider a sequence X(n) that is periodict with period N so that %(n) = 
X(n + kN) for any integer value of k. Such a sequence cannot be represented 
by its z-transform, since there is no value of z for which the z-transform will 
converge. It is possible, however, to represent X(n) in terms of a Fourier 
series, that is, by a sum of sine and cosine sequences or equivalently complex 
exponential sequences with frequencies that are integer multiples of the 
fundamental frequency 2#/N associated with the periodic sequence. In 
contrast to Fourier series for continuous periodic functions, there are only 
N distinct complex exponentials having a period that is an integer sub-

multiple of the fundamental period N. This is a consequence of the fact that 
the complex exponential 

e(n) = ¢//N)nk (3.1) 

is periodic in k with a period of N. Thus ey(n) = ey(n), e,(n) = ey 1(n), 
etc., and consequently the set of N complex exponentials in Eq. (3.1) with 
k=0,1,2,...,N— 1 define all the distinct complex exponentials with 
frequencies that are an integer multiple of 27/N. Thus the Fourier series 
representation of a periodic sequence, X(n), need only contain N of these 
complex exponentials and hence has the form 

1 N—1 }

%(n) pr, os &gt; X(k)e?Gr/NInk (3.2)
N 7—o0 

The multiplying constant 1/N was included for convenience and, of course, 
has no important effect on the nature of the representation. To obtain the 
coefficients X(k) from the periodic sequence X(n), we use the fact that 

1 M2 emmme  [1, for r= mN, man integer

N° oo hy otherwise (3.3; 
Therefore, multiplying both sides of Eq. (3.2) by e=#/*"*"" and summing 
from n = 0 to N — 1, we obtain 

5F(n)e=n)e”’72)nr __ 1a xX (2n/Fd = k e’ 27 N){k—r)n
0} v2 3 (k) 

+ Henceforth we shall use the tilde to denote periodic sequences whenever it is im-

vortant to clearly distinguish periodic and aperiodic sequences. 



        

           

        
              

    

  

     

           

 

    

               

               

            

             

        

           

               

               

         

            

            

        
              

         

             

   

         

 

   

       

       

         

             

            

                  

          

   

         

            

 
      

           
     

  

     
 

            

 

     
 

                
                

             
              

         
            

                
                

          
             

             
         

               

          
              

    

          

  

    
 

      

        
          

              
             

                   

           

    

3.1 Representation of Periodic Sequences—The Discrete Fourier Series 89 

Or, interchanging the order of summation on the right-hand side of the 

equation, 
&amp; serine _ se gran] LS iter N er)

Xi n e T nr __ Xi k —_— e’ T —TrInSEO =STO] 3 
So that, using Eq. (3.3). 

N-1 . ~~)

&gt; F(n)e~ i En/Ninr — Xo)
n=0 

Thus the coefficients X(k) in Eq. (3.2) are obtained by the relation 

- N—-1 

X(k) — &gt; nye IN: (3.4)
n=0 

We note that the sequence X(k) as given by Eq. (3.4) is periodic with a period 
of N;i.e., X(0) = X(N), X(1) = X(N + 1), etc. This is, of course, consistent 
with the fact that the complex exponentials of Eq. (3.1) are only distinct 
fork =0,1,..., N — 1, and thus there can only be WN distinct coefficients 
in the Fourier series representation of a periodic sequence. 

The Fourier series coeflicients can be interpreted to be a sequence of 
finite length, given by Eq. (3.4) for k = 0,..., N — 1 and zero otherwise, 
or as a periodic sequence defined for all k by Eq. (3.4). Clearly both of these 
interpretations are equivalent. It is generally more convenient to interpret 
the Fourier series coefficients X(k) as a periodic sequence. In this way there 
is a duality between the time and frequency domains for the Fourier series 
representation of periodic sequences. Equations (3.2) and (3.4) together 
can be viewed as a transform pair and will be referred to as the discrete 

Fourier series (DFS) representation of a periodic sequence. For convenience 
in notation these equations will generally be written in terms of W,, defined as 

Wy — eg i2T/N) 

Thus the DFS analysis and synthesis pair are expressed as 

5 N-1 

X(k)y = D&gt; x(n)W¥q (3.5)
n=0 

X(n)0)== — &gt; NT (3.6)= Rows 

where both X(k) and %(n) are periodic sequences. 
The periodic sequence X(k) has a convenient interpretation as samples 

on the unit circle, equally spaced it angle, of the z-transform of one period 
of X(n). To obtain this relationship, let x(n) represent one period of X(n); 
i.e., x(n) = X(n) for 0 &lt;n &lt; N — 1 and x(n) = 0, otherwise as shown in 

Fig. 3.1. Then X{(z), the z-transform of x(n), is given by 

X(z) = S x(mz™" 



    

  

          
     

               

   

             

    

           

            

              

              
      

          

             

 

    

   

 

     

 

   
 

  

 

           
      

                

 

   
 

              
 

    

            
             

               

 

               
       

           
              

 

     

    
  

90 The Discrete Fourier Transform 

X'n) 

Tre, ree T1re. 
x(n) 

11. — 

\l 

Fig. 3.1 Finite-length sequence x(n) equal to the periodic sequence X(n) 
over one period and zero otherwise. 

or, since x(n) = 0 outside the range 0 &lt;n &lt; N — 1, X{(2) is 

N—1 

X(z) = &gt; x(n)z™"
n=0 

Comparing Eqs. (3.5) and (3.7), we see then that X(z) and X(k) are related 
by 

X(k) = X(2) ogemmi_pye 

This then corresponds to sampling the z-transform X(z) at N points equally 
spaced in angle around the unit circle, with the first such sample occurring 
at z = 1. These points on the unit circle are indicated in Fig. 3.2. 

al 

Fig. 3.2 Points in the z-plane at which the z-transform of one period of a 
periodic sequence equals the Fourier series coefficients. 

EXAMPLE. As an illustration of Fourier series representation for a periodic 
sequence. let us consider the sequence X(n) given in Fig. 3.3. From Eq. (3.5), 

4 4 

Xl) = Wnk = e—i2n/10)nk 

_ —ilark/10) sin (nk/2) 2.9)
sin (7k/10) 



       

 

          

  

             
             

    
   
  

               

               

             
  

 

  

 

  

           
   

      

            

        

        

 

  
   

           
   

              
             

     
   

   

               
                

             
   

  

 

 
 

 
   

  

 

 
   

            
    

       

            
        

3.2 Properties of the Discrete Fourier Series 91 

(Nn) 

1] [1] 
—ee[1]

O 1 2345678910 

Fig. 3.3 Periodic sequence for which the Fourier series representation is 
to be computed. 

The magnitude and phase of the periodic sequence XW) given by Eq. (3.9) are 
sketched in Fig. 3.4. The z-transform evaluated on the unit circle of one period

of X(n) is given by 
0. odie sin (50/2)

Xe?) =e ar 

It is easily verified that Eq. (3.8) is satisfied in this case. The magnitude and phase

of X(e’®) are sketched in Fig. 3.5. It is important to note in particular the fact 
that the sequences in Fig. 3.4(a) and (b) correspond to samples of Fig. 3.5(a)
and (b), respectively. 

X (k)| 

I

-

4 

ol 
(gq) 

k 
545678910 15 20 

arg [Xk] 

n 

X==indeterminate 
(magnitude = 0) 

Fig. 3.4 Magnitude and phase of the Fourier series coefficients of the 
sequence of Fig. 3.3. 

3.2 Properties of the Discrete Fourier Series 

Just as with the Fourier and Laplace transforms in the case of continuous-

time signals, and with the z-transforminthecaseof discrete-time aperiodic 



    

 

  

           

         

           

          

           

              

            

             

          

           

         

 

            

   

    

          

    

       

    

           

             

     

  

   

 
 

 

   

    
 

 

            
          

            
           
            

               
            

              
           

            
          

 

  

             
    

     

           

     
        

     

            
             

92 The Discrete Fourier Transform 

x (ev) 

/ | AN \ 
1\

! / \
1

200 LNLua, 

ary % ew) 

N 
Wo 

N
\ A \ 

Es 

b) 

Fig. 3.5 Magnitude and phase of the z-transform evaluated on the unit 
circle of one period of the sequence in Fig. 3.3. 

sequences, there are certain properties of the discrete Fourier series that are 
of fundamental importance to its successful use in signal processing problems. 
In this section we summarize these important properties, proofs of which are 
considered in Problem 2 of this chapter. It is not surprising that we will find 
that many of the basic properties are analogous to properties of the z-trans-

form. However, as we shall be careful to point out, the periodicity of both 
%(n) and X(k) results in some important distinctions. Furthermore, there is 
an exact duality between the time and frequency domains with the DFS 
representation that does not exist with the z-transform representation of 
sequences. 

3.2.1 Linearity 

If two periodic sequences X,(n) and %,(n), both with periods equal to N, 
are combined according to 

X3(n) = a%,(n) + bXy(n) 

thie coefficients in the DFS representation of %3(n) are given by 

Xo(k) = aX,(k) + bXy(k) 
where all sequences are periodic with period N. 

3.2.2 Shift of a Sequence 

If a periodic sequence %(n) has Fourier coefficients X(k), then the shifted 
sequence X(n + m) can easily be shown to have the coefficients wy"X(k). 



       

              

             

           

             

           

            

  

            

          

            

              

    

          

            

           

            

              

                

            

             

             

  

             

           

             

    

 

    

   

  

        

 

      
 

   
     
   

        

               
              

            
              

            
             

   

             

           
             

               
     

           
             

           
             

               
                 
             
              

             

   

             
            

              
     

 

    
 

   
 

  

   

     
 

  
      

  

  
      

   

3.2 Properties of the Discrete Fourier Series: 93 

Clearly any shift that is greater than the period (i.e., m &gt; N) cannot be 
distinguished in the time domain from a shorter shift, m" = m modulo N. 

Because of the fact that the Fourier series coefficients of a periodic 
sequence are a periodic sequence, a similar result applies to a shift in the 
Fourier coefficients. Specifically, the values of the periodic sequence X(k + I) 
are the Fourier coefficients of the sequence Wx'x(n), where / is an integer. 

3.2.3 Symmetry Properties 

As with the Fourier transform as discussed in Chapter 1, there are a 

number of symmetry properties of the DFS representation of a periodic 
sequence. The derivation of these properties is similar in style to those in 
Chapter 1 and is left as an exercise (see Problem 2 of this chapter). The 
resulting properties are summarized below. 

For a general complex sequence %(n) with Fourier coefficients X(k), the 
Fourier coefficients for %*(n) are X*(—k) and for %*(—n) are £*(k). As a 
consequence, the DFS for Re [%(n)] is X,(k), the conjugate symmetric part

of X(k) and the DFS for jIm [%(n)] is X,(k), the conjugate antisymmetric 
part of X(k). Furthermore, the DFS for %,(n) is Re [¥(k)] and the DFS for 
%,(n) is j Im [X(k)]. Tt follows from this that for %(n) real, Re [X(k)] is an 
sven sequence and Im [X(k)] is an odd sequence. Also the magnitude of 
X(k) is even and the phase is odd. Furthermore, for areal sequence, Re [X(k)] 
is the DFS for %,(n) and j Im [X(k)] is the DFS for %,(n). 

3.2.4 Periodic Convolution 

Let %,(n) and %,(n) be two periodic sequences of period N with the dis-

crete Fourier series denoted by X;(k) and X,(k), respectively. We wish to 
determine the sequence (rn) for which the DFS is X;(k) + Xy(k). To derive 
this relation, we note that 

N-1 

X.(k) = y F(m)WRF 
N—1 

K(k) = &gt; Rr)WT
r=0 

so that 

N N—1 N-1 

Lik) X o(k) = 2 3 Fy(mr)Whim 
Then 

1 N-1 
a(n) = = &gt; Wx Xi(k) Xy(k)

N =o 

N-1 Na {No |
= 3 50m) S50) 3 WR 

m=0 r=0 N =o 



    

              

     
     

       

     

            

           

          

               

           

            

           

 

 

 
 

          

     

               

   
     

        

 

     
 

             
            

           
                

            
             

            

  

  
 

  

   
  

    
  

 

  

           
 

24 The Discrete Fourier Transform 

Let us consider %3(n) for 0 &lt;n &lt; N — 1. Then we observe that 

13 emmy  [1,  forr=(@m—m) + IN
N 2 Ww o lo otherwise 

where / is any integer. This results in 

N-1 

y(n) = 2 Fy(m)Xy(n — m)
m=0 

Equation (3.11a) states that %3(n) is obtained by combining %,(n) and X,(n) in 
a manner reminiscent of a convolution. It is important to note, however, 
that in contrast to the convolution of aperiodic sequences, the sequences 
%;(m) and X,(n — m) in Eq. (3.11a) are periodic in m with period N and 
consequently so is their product. Also, the summation is carried out only 
over one period. This type of convolution is commonly referred to as a 

periodic convolution. By a simple change of summation index in Eq. (3.112) 

| Xo(m ) 

1, Hi, lh,-

A 

t X,(m) 

1] [1] TI] 
Xo(2 =m) 

Y |ll ot] lh 
X4(m)xo(2 =m) 

) 

!
? [ mm1 

Fig. 3.6 Procedure in forming the periodic convolution of two periodic 
seauences. 



           

   

      

           

           

              

      

            

          

  

            

   
 

      
 

          

       

  

             

            

   

   

 

 

   

   

  

     
 

 

 

 

  

   

     

    
 

 

 

    

    

  

  

 

 

  

    

     

     

 

  

            

    
 

       

            
            

               
       

             
           

   

             
    

 
      

  

           

        
   

              

            
    

   

      

       

       

       
    
    

 

       
  

   

      
   

   
         

         
       

 
      

  

3.3 Summary of Properties of the DFS Representation of Periodic Sequences 95 

we can show that 
N-1 

Ryn) = 2, Xo(m)%(n — m) (3.11b) 

An illustration of the procedure in forming the periodic convolution of two 
periodic sequences corresponding to Eq. (3.11a) is given in Fig. 3.6. With 
this type of convolution, as one period slides out of the interval over which it 
is evaluated, the next period slides in. 

If the roles of time and frequency are interchanged, we obtain a result 
almost identical to the previous result. That is, the periodic sequence 

Fyn) = X,(n)%y(n) 

where %,(n) and X,(n) are periodic sequences each with period N, has the 
Fourier coefficients given by 

5 J 
Kok) == 2 XDD) Kok — 1)

N =o 

corresponding to 1/N times the periodic convolution of X;(k) and X,(k). 

3.3 Summary of Properties of the DFS Representation 
of Periodic Sequences 

As with the Fourier transform and z-transform it is often useful to refer to 

the properties of the DFS discussed in Sec. 3.2. These properties are sum-

marized in Table 3.1. 

Tao,e 3 1 

Periodic Sequence (period N) DFS Coefficients 

[. x(n) X(k) periodic with period N 

2. y(n) Y(k) periodic with period N 

3. ax(n) + by(n) aX(k) + bY(k) 
4. x(n + m) 25 ((3)

5. Winx(n) Xk +D 
N-1 

6. &gt; X(m)y(n — m) (periodic Xo Yk)
m=0 convolution) 

1 N-1 ~ 

1. x(n)y(n) v 2X(HY(k — 1) 
8. x*(n) X*(—k) 

9. x*(—n) X*(k) 
10. Re [x(n)] X.(k) [conjugate symmetric part of Xl 

X.(k) [conjugate antisymmetric part of Xk)11. j Im [X(n)] 
Re [X(k)]

12. x.(n) [conjugate symmetric part of 
X(n)) 

i Im [X(0)]
13. x,(n) [conjugate antisymmetric part

of x(n)] 



    

        

   

 

 

  

    

        

   

    
 

  

   

               

           

              

          

          

            

         

   

             

           

             

  

     

   

             

  

     

         

   

     

             
    

    
    

     

    

                
            

               
           

           
             

          

     

              
            
              

   

       

    

 
 

             
   

?6 The Discrete Fourier Transform 

The following properties apply only when x(#) is real: 

(Xk) = X*(—k) 

Re [X(K)] = Re [X(—k)] 

|4. Any real x(n) Im [X(0)] = —Im [X(—0)] =&gt; X (,)= © 
|X) = | X(—k)| 

\arg [X(K)] = —arg [X(—h)]
15. X.(n) Re [X(k)] 

16. X,(n) i Im [XK] 

3.4 Sampling the z-Transform 

We have seen in Sec. 3.1 that the values X(k) in the DFS representation of a 
periodic sequence are identical to samples of the z-transform of a single 
period of X(n) at NV equally spaced points on the unit circle. In this section 
we consider more generally the relation between an aperiodic sequence with 
z-transform X(z) and the periodic sequence for which the DFS coefficients 
correspond to samples of X(z) equally spaced in angle around the unit circle. 
Toward this end, consider an aperiodic sequence x(n) whose z-transform 

X(z) = 3 x(n)z™" (3.13) 

has a region of convergence that includes the unit circle, a condition that is 
always met for finite-length sequences. If we evaluate the z-transform at N 
equally spaced points around the unit circle as shown in Fig. 3.7, we obtain 
the periodic sequence 

R= X@lmyr = 3 xWW (3 14) 

where Wy = ei" 

Z—-plane 
—-

1° 

Fig. 3.7 Points on theunitcircle at which X(z) is sampled to obtain a 
periodic sequence X(k). 



    

            

        

 

  
 

            

            

   

   

  
  

     

  

      
  

     

 
  

 

    

 

     

          

         

           

          

          

             

                

                

             

               

           

           

            

               

              

    

   

                 

 
   

    
  

     

             
         

 
  

  

             
             

    
    

  
   

      
   

      
   

      
 

     

     

       

           
         

            
           

           
              
                 

                 
              

                
            

            
             

                
               

     
 

   
 

                  

  
  

    
   

3.4 Sampling the z-Transform 97 

We have just seen that there is a unique relationship between a periodic 
sequence X(k) and a periodic sequence X(n) given by 

1 N-1

fn) ==&gt; X(kyWy"
N r=0 

To inquire as to the relationship between the periodic sequence X(n) and the 
original sequence x(n), let us substitute the values of X(k) from Eq. (3.14) 
into Eq. (3.15), obtaining 

. 1 N-1 oo 

gn)y=—23 2 x(m)WFwy"
N 220 m——oo 

[nterchanging the order of summation yields 
0 1 N—-1 

x(n) = &gt; x(m) FE &gt; Wea
m=—o0 N k=0 

Using Eq. (3.3), it follows that 
1 kam)

&gt; WymT™M=1 m=n—+ rNN2, N 

and zero otherwise, so that 

X(n) = &gt; x(n + rN) (3.16) 

Thus, the resulting periodic sequence is formed from the aperiodic sequence 
overlapping successive repetitions of the aperiodic sequence. This is reminis-

cent of the relationship discussed in Sec. 1.7 between the Fourier transform 
of a continuous-time signal and the Fourier transform of the discrete-time 
signal obtained by periodic sampling as evidenced by the similarity between 
Eqs. (1.29) and (3.16). From Eq. (3.16) we see that if the aperiodic sequence 
x(n) is of finite duration less than N, then each period of (rn) will be a replica 
of x(n); if it is of duration greater than NV, there will be an overlap of nonzero 
samples, resulting in aliasing similar to that discussed in Sec. 1.7. As a result, 
it follows that if x(n) is of duration less than N, it can be recovered exactly 
from X(n) by simply extracting one period of %(n). Equivalently, then, a 
finite-duration sequence of length N (or less) can be represented exactly by 
N samples of its z-transform on the unit circle. Since the original sequence 
x(n) can be recovered from the N samples of X(z) on the unit circle, it is 
clear that X(z) can be recovered from these same N samples. If x(n) is zero 
for n &gt; N. then 

N-1 

X(z) = DY x(n)z™"
n=&gt;0 

Since x(n) = %(n) for 0 &lt;n &lt; N — 1, we can substitute Eq. (3.15) into Eq. 

(3.17), obtaining 
N—1 1 N—1 -

X(z) =&gt; — &gt; X(kyWx"z™"
20 N z=0 



    

      

   

   
  

    

  

    

  
    

         

              

              

         

           

  

      
 

     
  

               

      

  

   
 

           

           

 

 

    

               

     

       

  

  
   

     

   
  

  
     

          
               
               

          
            

 

       
  

 

     
   

                
       

   
  

           

            

  

  

 
 

  
 

                

98 The Discrete Fourier Transform 

[nterchanging the order of summation we obtain 

1 N—1 - N—1 -

X(z)=1'3 £00) S (Wz
N k=0 n=0 

which can be written as 

1 NE 1—2zN 
0 = 2OTa 

(3.18)
t— 27M X(k)

N 2 1 — Wikz™? 

This equation expresses X(z), the z-transform of a finite-duration sequence 
of length &amp;, in terms of N “frequency samples” of X(z) on the unit circle. 
As will be shown in a later chapter, this expression is the basis for one 
possible realization of a system having a finite-duration unit-sample response. 
By substituting z = ¢® we can show that Eq. (3.18) becomes 

jo A t

£(e) = 3 £00 _ 2m () (3.19)
k=0 N 

where 

D(w) = sin (oN]2) =jol(N=1/2]pikl1~(1/W)] (3.20)
N sin (w/2) 

The function sin (wN/2)/[N sin (w/2)] is plotted in Fig. 3.8 for N = 5. Note 
that the function ®(w) has the property 

2m 0, k=1,2,...,N—1

o(374) - k=0 
sO that 

X(e7)| yo 2m)202 = Xx, k= 0, 1, ees N—-1 (3.21) 

.e., the interpolation is exact at the original sample points, as expected. 

sin(wN/2)
N sin(w/2) 

J

\ /\ 

O 
1 s 

| T or \ /
—2. 

Fig. 3.8 Function sin (wN/2)/[N sin (w/2)], as defined by Eq. (3.20) for N = 3 



      

     

   

          

           

         

        

      

            

       

           

           

            

          

           

           

          

          

            

           

          

           

            

           

        

             

                 

                

            

           

             

    

                

            

     

                

              

    

   

             

       

     
    

           
            

         
         

       

             
        

            
            

             
           

            
 

            
           

           
             

            
           

            
             

            
         

              
                  

                 
            

            
              

 

     

                 
             

      

                 
               

     

    

             

3.5 Fourier Representation of Finite-Duration Sequences 99 

3.5 Fourier Representation of Finite-Duration Sequencc.—

The Discrete Fourier Transform 

In the previous section we considered the representation of periodic sequences 
in terms of the discrete Fourier series. With the correct interpretation, the 
same representation can be applied to finite-duration sequences. The re-

sulting Fourier representation for finite-duration sequences will be referred 
to as the discrete Fourier transform (DFT). 

The results of the previous section suggest two points of view toward the 
Fourier representation of finite-duration sequences. Specifically, we can 
represent a finite-duration sequence of length N by a periodic sequence with 
period N, one period of which is identical to the finite-duration sequence.} 
In the sense that the periodic sequence has a unique DFS representation, so 
does the original finite-duration sequence, since we can compute a single 
period of the periodic sequence, and thus the finite-length sequence, from the 
DFS. 

An alternative point of view is suggested by the previous section, where 
we showed that a finite-duration sequence can be exactly represented by 
samples of its z-transform. Specifically we showed that the periodic sequence 
obtained by sampling the z-transform at N equally spaced points on the unit 
circle 1s identical to the discrete Fourier series coefficients of the periodic 
sequence formed as above. The sequence corresponding to these samples of 
the z-transform was shown to be a periodically repeated version of the 
original sequence such that when N samples of the z-transform are used, no 
“aliasing” occurs. Thus both these viewpoints lead to the representation of a 
finite-duration sequence as one period of a periodic sequence. 

Let us consider a finite-duration sequence x(n) of length N so that x(n) = 
0 except in the range 0 &lt;n &lt; (N — 1). Clearly a sequence of length M less 
than N can also be considered to be of length N with the last (NV — M) 
points in the interval having amplitude zero, and sometimes it will be con-

venient to do this. The corresponding periodic sequence of period N, for 
which x(n) is one period, will be denoted by %(n) and is given by 

oo 

Fn)y= 2 x(n + rN) 

Since x(n) is of finite length A there is no overlap between the terms x(n + rN) 
for different values of r. Thus Eq. (3.22a) can alternatively be written as} 

X¥(n) = x(n modulo N) (3.22b) 

t For simplicity we generally assume that the nonzero region is 0 &lt;n &lt; N — 1; 
however, this is arbitrary and results can be derived that accommodate any interval of N 

samples.
I With n expressed as 

n =n, + nN 

where 0 &lt;n. &lt; N — 1, n modulo N is equal to n,. 



    

            

        

  

          

 

  
   

          

    

 
   

         

            

          

           

         

          

          

       

   

  

  

        

   

 

    
 

           

              

 
 

 

   
      

     

             
         

   

           
  

     

           
     

     

          

     

             
           

            
          

           
           

        

    
    

         

 

     

 
     

  

            
               

 
   

  
  

     
 

100 The Discrete Fourier Transform 

For convenience we shall use the notation ((n))y to denote (7 modulo N) 
and with this notation Eq. (3.22b) is expressed as 

F(n) = x((n)y 

The finite-duration sequence x(n) is obtained from X(n) by extracting one 
period: i.e., 

(Xm), O0&lt;n&lt;N-—-1
«(n) = I otherwise 

Again for notational convenience it is useful to define the rectangular 
sequence R y(n) given by 

1, 0&lt;n&lt;N-—1
Ron(n) = fs otherwise 

With this notation the above equation can be expressed as 

x(n) = X(n)R y(n) (3.23b) 

As defined in Sec. 3.1, the discrete Fourier series coefficients X(k) of the 
periodic sequence %(n) are themselves a periodic sequence with period N. 
To maintain a duality between the time and frequency domains, we shall 
choose the Fourier coefficients that we associate with a finite-duration 

sequence to be a finite-duration sequence corresponding to one period of 
X(k). Thus with X(k) denoting the Fourier coefficients that we associate 
with x(n), X(k) and X(k) are related by 

X(k) = X((k)y (3.242) 
X(k) = X(k)Ry(k) (3.24b) 

From Sec. 3.1 X(k) and %(n) are related by 

N-1 

X(ky = &gt; (mW (3.252) 

12 -
¥(n) = — &gt; X(H)Wy™ (3.25b)

N 1—n 

Since the summations in Egs. (3.25a) and (3.25b) involve only the interval 
between 0 and (NV — 1), it follows from Eqs. (3.23), (3.24), and (3.25) that 

N-1

[Ssmwi, 0&lt;k&lt;N-—!
i « n=0 

26a)
0. otherwise 

1 N-1 r . 
= &gt; X(K)WH", 0&lt;n&lt;N—dn) = [va ww 

0 



       

             

         

             

           

             

          

               

           

              

          

          

      

             

         

            

         

             

            

 

         
 

    

     

    

             

              

                

            

    

   

     

           

                

          

              

        

              
         

              
            

             
           

                
            

               
           

           

       

             

          
             

          
              

             

  

          
  

     

      

     

              
               

                 
             

 

   
 

 

   
 

      

            
                 

           
               

3.6 Properties of the Discrete Fourier Transform 101 

The transform pair given in equations (3.26) will be referred to as the discrete 
Fourier transform (DFT), with Eq. (3.26a) representing the analysis trans-

form and (3.26b) the synthesis transform. We note that on the basis of the 
discussion in Sec. 3.4, the DFT of a finite-duration sequence corresponds to 
equally spaced samples on the unit circle of its z-transform. It must be em-

phasized that just as the distinction between a finite-duration sequence of 
length N and a periodic sequence of period N is minor in the sense that both 
are defined by WN values, the distinction between Eqs. (3.25) and (3.26) 
is relatively minor. However, as we will see in the next section, it is always 
important to remember that where DFT relations are concerned. a finite 
length sequence is represented as one period of a periodic sequence. 

3.6 Properties of the Discrete Fourier Transform 

In this section we consider a number of properties of the DFT for finite-

duration sequences. These properties are essentially similar to those presented 
in Sec. 3.2 for periodic sequences and result from the implied periodicity in 
the DFT representation of finite-duration sequences. Qur purpose in this 
section is to reconsider these properties from the point of view of a finite 
length sequence defined only in the interval 0 &lt;n &lt; N — 1 

3.6.1 Linearity 

If two finite-duration sequences x;(n) and x,(n) are linearly combined, 
1s 1n 

x3(n) = ax,(n) + bx,(n) 

then the DFT of x,(n) is 

Xk) = aX,(k) + bX,(k) 

Clearly if x,(n) has duration N, and x,(n) has duration N,, then the maximum 
duration of x(n) will be N; = max [N;, N,]. Thus in general the DFTs 
must be computed with N = Nj. If, for example, N; &lt; N,, then X;(k) is the 
DFT of the sequence x,(n) augmented by N, — N, zeros. That is. 

N1—1 

X,(k)y= &gt; x(MWK, 0&lt;k&lt;N,—1
n=0 

Na—1 

Xo(k) = 3 xy(m)W,
m= 

3.6.2 Circular Shift of a Sequence 

Consider a sequence x(n) as shown in Fig. 3.9(a), its periodic counterpart 
X(n) as shown in Fig. 3.9(b), and X(n + m), the result of shifting %(n) by m 
samples as indicated in Fig. 3.9(c). The finite-duration sequence, which we 
shall denote by x,(n), obtained by extracting one period of X¥(n + m) in the 
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x(n) 
?
’ ?

Tre
-

Co 

x(n) 

wlll Te, Ty, 01
¥ 

Xn +2) 

f1p.)Try. lll
ros 

. 

Kaw 

x¢(n) = x((n+ 2))y Rp (n) 

Te 
Ie 

—t 

rh 

Fig. 3.9 Circular shift of a sequence. 

range 0 &lt;n &lt; N — 1, is shown in Fig. 3.9(d). Comparison of Fig. 3.9(a) 
and (d) indicates clearly that x,(n) does not correspond to a linear shift of 
x(n), and in fact both sequences are confined to the interval between 0 and 
(N — 1). Bv reference to Fig. 3.9(b) and (c) we see that in shifting the 
periodic sequence and examining the interval between 0 and (N — 1), as a 

sample leaves the interval an identical sample enters the interval at the other 
end. Thus we can imagine forming x;(n) by shifting x(x) in such a way that 
as a sample leaves the interval 0 to (N — 1) at one end it enters at the other 
end. 

A useful interpretation of such a shift is to imagine the finite-duration 
sequence x(n) displayed around the circumference of a cylinder in such a 



       

             

           

               

           

              

            

        

   

    

               

              

       

   

      

  

           

            

           

    

  

  

          

          

           

           

           

           

          

           

            

        

           

           

         

        

              
            

                
            

               

             

         

    

     

                
               

        

    

       

    

            
            
            

     
 

    

   

           
          

            
            

            
            

           
            
             

         
           

           
          

3.6 Properties of the Discrete Fourier Transform 103 

way that the cylinder has a circumference of exactly N points. As we travel 
around the circumference of the cylinder a number of times, the sequence 
that we see will, in fact, be the periodic sequence %(n). A linear shift of the 
periodic sequence X(n) corresponds then to a rotation of the cylinder. Such 
a shift of a sequence is generally referred to as a circular shift. More formally 

we can use Eqs. (3.23a) and (3.23b) to express the circular shift. Specifically, 

X1(n) = x(n + m) = x((n + m))y 

hus, from Eq. (3.23b), 

Xi(n) = x((n + m))yRy(n) 

We wish now to relate the DFT of x(n) and the DFT of x,(n). Referring to 
Sec. 3.2.2 we recall that with X(k) and X;(k) denoting the DFS of the periodic 
sequences X(n) and X,(n) = X(n + m). 

Xi(k) = WmX(k) (3 27) 

Consequently, from Eq. (3.24b) it follows that 

X.(k) = WF"X(k) (3.28) 

Because of the duality between the time and frequency domains, a similar 
result holds when a circular shift is applied to the DFT coefficients. Specifi-

cally, with X(k) and X;(k) denoting the DFT of x(n) andx,(n), respectively, if 

Xi(k) = X((k + D)yRN(K) (3.29)
then 

x,(n) = W¥%(n) (3.30) 

3.6.3 Symmetry Properties 

In Chapter 1 we discussed the decomposition of an arbitrary sequence 
into the sum of a conjugate symmetric and conjugate antisymmetric com-

ponent and presented a set of symmetry relations for the Fourier transform. 
In the consideration of the symmetry properties of the DFT for finite-duration 
sequences we cannot in general use the definitions of the conjugate symmetric 
and conjugate antisymmetric components as given in Sec. 1.6 since, for a 
sequence x(n) of duration N, the conjugate symmetric component x,(rn) and 
the conjugate antisymmetric component x,(n) are both of duration (2N — 1). 
We note, however, that for a periodic sequence X(n), with period N, the 
conjugate symmetric and antisymmetric components are still periodic with 
period N. This suggests the decomposition of x(n) into the two finite-

duration sequences of duration N corresponding to one period of the con-

jugate symmetric and conjugate antisymmetric components of %(n). We shall 



    

          

  

    

    

     

   

    

       

      

             

             

 

      

             

               

          

            

          

         

            

    

           

            

         

    

          

    

    

           

            

             

     

           

   
 

      

      
      

    

     
  

      

       

              
              

 
 

        

              
                

          
             

           
          

             
    

            
             

          

     
 

           

 
     

      

            
            

              

104 The Discrete Fourier Transform 

denote these components of x(n) as x,,(n) and x,,(#). Thus with 

x(n) = x((n)y (3.31)
114] 

£.(n) = 3[x(n) + X*(—n)] (3.32) 

Xo(n) = 3[X(n) — X*(—n)] (3.33) 
we define x,,(n) and x,,(n) as 

Xop(n) = Eo (n)Ry(n) (3.342) 

Xo,(1) == X,(nM)R y(n) (3.34b) 
or, equivalently, 

Xep(n) = [x((M)y + x*((—m))n1Ry(n) (3.352) 

Xop(n) = F[x((M)y — x*((—=n))y]R n(n) (3.35b) 

Clearly x,,(n) and x,,(n) are not equivalent to x,(n) and x,(n) as defined by 
Eq. (1.22). However, it can be shown that (see Problem 17 of this chapter) 

(3.36a) 
1. 

Xon(1) = [x,(n) + X,(n — N)R y(n) (3.3¢b) 

In other words, x,,(n) and x,,(n) can be generated by aliasing x,(n) and x(n) 
into the interval 0 &lt;n &lt; N — 1. The sequences x,,(n) and x,,(n) will be 

referred to as the periodic conjugate symmetric and periodic conjugate anti-

symmetric components of x(n). When x,,(n) and x,,(n) are real, they will be 
referred to as the periodic even and periodic odd components, respectively. 
This choice of terminology is somewhat misleading since the sequences 
X,»(n) and x,,(n) are not periodic sequences but represent one period of the 
periodic sequences X,(n) and %,(n).

Equations (3.35a) and (3.35b) define x,,(n) and x,,(r) in terms of x(n). 
The inverse relation, expressing x(n) in terms of x,,(n) and x,,(n), can be 
obtained by using Eqs. (3.32) and (3.33) to write that 

x(n) = x%.(n) + x,(n) 
[His 

x(n) = X(M)Ry(n) = [%,(n) + X,)]Ry(M) = Z,0)Ry(1) + £,(m)Ry(n) 

(3.37) 
Combining Egs. (3.34) and (3.37), 

x(n) — x,,(n) + x,,(n) (3.38) 

The symmetry properties of the DFT now follow in a straightforward way 
by applying the results discussed in Sec. 3.2.3. Thus we consider a finite-

duration sequence x(n) of length N for which the DFT is X(k). Then the 



       

          

              

                 

            

            

                

 

  

            

          

          

             

          

           

        

    
 
    

            

            

          

            

          

          

             

           

           

             

            

          

             

          

             

         

          

           

          

          

    

        

  
             

                 
             

             
                 

  

   

             
           

           
              

           

            
         

 

     

  
             

             
           

             
           

           
              

            
           

              
             

           
              

           
              
          

           
            

           

          
     

3.6 Properties of the Discrete Fourier Transform 105 

DFT of x*(n) is X*((—k))yRy(k) and the DFT of x*((—n))yRy(n)isX*(k).

The DFT for Re [x(n)] is X,,(k) and the DFT forjIm[x(n)] is X,,(k). Simi-

arly, the DFT for x,,(n) is Re [X(k)] and the DFT for x,,(n) is j Im [X(k)]. It 
follows, then, that for x(n) real, Re [X(k)] and |X(k)| are periodic even 
sequences and Im [X(k)] and arg [X(k)] are periodic odd sequences. Also for 
a real sequence Re [X(k)] is the DFT for x,,(n) and j Im [X(k)] is the DFT 
for x,,(n). 

3.6.4 Circular Convolution 

[n Sec. 3.2.4 we found that multiplication of the DFS coefficients of two 
sequences corresponds to a periodic convolution of the sequences. Here we 
consider the finite-duration sequences x;(r) and x,(n), both of duration N, 
with DFTs X;(k) and X,(k), and we wish to determine the sequence x;(n) for 
which the DFT coefficients are X;(k)X,(k). To determine x;(n) we can simply 

apply the results of Sec. 3.2.4. Specifically, x;(n) corresponds to one period 
of %;(n), which is given by Eq. (3.11). Thus 

N—1 

xa(n) = |Samu — mtn 
(3.39)-~ N-1

2x(n — my|Rr) 
Equation (3.39) differs from a linear convolution of x,(r) and x,(n) as defined 
by Eq. (1.7) in some important respects. For a linear convolution, the basic 
operation involves multiplying x,(n) by a reversed and linearly shifted version 
of x,(n), and then summing the values in the product. To obtain successive 
values of the sequence representing the convolution, the two sequences are 
successively shifted relative to each other. In contrast, for the convolution 
as given by Eq. (3.39) we can imagine displaying one of the sequences around 
the circumference of a cylinder with a circumference of exactly N points. 
The second sequence is time reversed and also displayed on the circum-

ference of a cylinder with a circumference of N points. If we imagine placing 
one cylinder inside the other, then successive values in the convolution can be 
obtained by multiplying the values on one cylinder by the corresponding 
values on the second cylinder and forming the sum of the resulting NV products. 
To generate successive values in the convolution, one cylinder is rotated 
relative to the other. A little thought should make it clear that this is 
exactly equivalent to first constructing two periodic sequences and then 
implementing the convolution as described by Eq. (3.11) and illustrated in 
Fig. 3.6. With this kind of interpretation of the convolution, such a 
convolution is often referred to as a circular convolution. The N-point 

circular convolution of two sequences x;(n) and x,(n) will be represented

notationally by x;(n) A) x,(n). 



    

          
             

    

            

 
    

     

    

   

    

  

           

                  

 

 

 

    

      

     

           
              

     

             

  
   

     

     
    

     
   

            
                   

 
 

   

 

  

  
 

 

  

 

     

  
       

106 The Discrete Fourier Transform 

EXAMPLE. A simple example of circular convolution is provided by the 
result of Sec. 3.6.2. Let x,(n) be a finite-duration sequence of length N, and 

x1(n) = 6(n — ny) 

where n, &lt; N. Clearly x(n) can be considered as the finite-duration sequence 

0, 0&lt;n&lt;n 
x(n) = (1, n =n 

0, ng &lt;n &lt; N -

The DFT of x,(n) is 
X,(k) == Wa kno 

If we form the product 
Xa(k) = WyFnoXy(k) 

we see from Sec. 3.6.2 that the finite-duration sequence corresponding to X;(k) 
is the sequence x,(n) rotated to the right in the interval 0 &lt;n &lt; N — 1 by n, 

xo(m) 
3 

I
[, —e— nr 

(mY 

x5 ((O-m))n@n(m) 

o 1 
IV 

|8 

Xo ((1—=m))y®Rp(m) 

0
1 

«z(n) = x4(n) ® xo(n) 

&amp;— 

\1. 
Fig. 3.10 Circular convolution of two sequences. 



       

            

             
                    

              

             

   

        

  
   

     

  

 

 
     

   

   

              

               

              

            

 

  
 

         
 

        

             
              

                     
              
              

    

         

       

 
 

      
 

   

  
 

       

    

   

              
               

               
             

 

 
 

 

 

 

 

   
 

 
          

  

3.6 Properties of the Discrete Fourier Transform 107 

samples. That is, the circular convolution of a sequence x,(n) with a single 
delayed unit sample results in a rotation of the sequence x,(n) in the interval 
0 &lt;n &lt; N — 1. This example is illustrated in Fig. 3.10 for N = 5 and ny = 1. 
Here we have shown the sequences x,(im) and x,(m) and then x,((0 — m))y and 
xo((1 — m))y. The last sequence shown is the result of the circular convolution 
of x;(n) and x,(n). 

EXAMPLE. As another example of a circular convolution, lei 

_ m= 0&lt;n&lt;N—)1) 
= XU) =o. otherwise 

"Len 
N-1 

(ik) = Xk) = &gt; wk 
n=0 

= N, k=0 

=0, otherwise 
Thus 

N2, k=0
3k) = X1(k)Xp(k) = 0 otherwise 

and we see that 

x.(n) =N, 0&lt;n&lt;N-—] 

This is depicted in Fig. 3.11. Clearly, as the sequence x(n) is rotated with respect

0x,(n), the sum of productsx,(m)x,(n — m) will always be equal to N, as shown 
n Fig. 3.11. It is, of course, possible to consider x(n) and x,(n) as 2N-point 
sequences by augmenting them with N zeros. If we then perform a 2N-point 

(n) 

TTT 
} on

od 

v~(n) 

PT 

Ha 

«s(n)=x4(n) ® xs(n) 
N 4 

a(©) 
Fig. 3.11 N-point circular convolution of two rectangular sequences of 

duration N. 
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LN 

Ay 

ro 2n®Ron 1 i 
—nN 

2) 

Ti. i 
2 

x3(n) = x1(n) en X2 (n) 

An,  —-—— 
2A] n 

'e) 

Fig. 3.12 2N-point circular convolution of two rectangular sequences of 
duration N. 
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3.6 Properties of the Discrete Fourier Transform 109 

circular convolution of the augmented sequences, we obtain the sequence in 
Fig. 3.12, which can be seen to be identical to the linear convolution of the 
finite-duration sequences x; (rn) and x,(n). 

This example points to a useful interpretation of circular convolu-

ion. Consider two finite-duration sequences x(n) and x,(rn) with Fourier 
transforms 

s N-1 . 

X1(e’®) = 3 xy(n)e™’*"
n=0 

. N-1 . 

Xo(e'®) = xy(n)e °" 
n=~0 

The sequence x(n) corresponding to the product 

Xy(e’®) = X1(e’)X,(e’) 

N—1 

x(n) = 2xu(mx;(n — 1m 
m= 

corresponding to the linear convolution of x;(n) and x,(r). The resulting 
sequence is of duration 2N — 1 samples. Now the DFTs, 

N—-1 

Xy(k) = 2 (MW 
N-1 

Xo(k) = 2X(MWH 

are samples of the Fourier transforms X;(e’®) and X,(e’”) at frequencies 
w, = 27k[N, a sampling rate adequate to represent x,(n) and x,(n) without 
aliasing in the time domain. The sequence x,(n) corresponding to 

X,(k) = Xi(k)Xy(k) 

$(n) = |3x + | Ry(n) (3.40) 

Since x3(n) has duration 2N — 1, it is clear that x,(n) will be an aliased 

version of x(n). This can be seen by comparing Figs. 3.11(c) and 3.12(e). 
Figure 3.11(c) corresponds to the N-point circular convolution and Fig, 
3.12(e) corresponds to the 2N-point circular convolution or, equivalently, 
the linear convolution of the two sequences. According to Eq. (3.40) if we 
alias Fig. 3.12(e) modulo N, we will obtain the sequence of Fig. 3.11(c). 
That this is so is seen by adding the second half of the triangular sequence 
of Fig. 3.12(e) to the first half and multiplying the result by R. (1). 



    

        

          

 

   

 

 

   

    

 

       

 

 

 

  

   

 

 

  

   

 

 

        

 

     

      

 

  

        

   

 

 

  

       

    

    

    

 

  

       

            

         

          

          

        

          

           

     

         

           
  

  

     

   
   
       

     
     

 

          

  
         

 

  

   
        
       
    

     

         

   
        

         
   

     
    

     

        

            
          

          
           

        
           

            

110 The Discrete Fourier Transform 

3.7 Summary of Properties of the Discrete Fourier Transform 

The above properties of the discrete Fourier transform are summarized in 
Table 3.2. 

Tab, 2 

Finite-Length Sequence (length N) DFT 

l. x(n) X(k) 
2. y(n) Yk) 
3. ax(n) + by(n) aX(k) + bY(k) 

4. x((n + m)yR y(n) Wmx(k)
5. Witx(n) X((k + D)yRyk) 

N—1 
po

3. ] 2,*((m)xy ((n — my | R n(n) X(k) Yk) 

1 N-1 
1. x(n)y(m) = | &gt; XD) Yk — ix| Rk)

1=0 

8. x*(n) XH(—RDB(k)
9. x*((—m)yRy(®) X*(®) 

10. Re [x(n)] Xoo) = HER) + XH(RDI(8) 
(1. j Im [x(n)] Xen) = HXy—X*(=k)y1Ry (0) 
12. x.,(n) Re [X(k)] 

13. x..(n) i Im [X(K)] 

The following properties apply only when x(x) is real: 

Xk) = X*((—K)NRp(k) 
Re [X(k)] = Re [ X((—K) y1R p(k) 

14. Any real x(n) Im [X(K)] = —Im [X((—K)IRNK) 
|X(kK) = |X((—K))n|Rp(k) 
arg [X(k)] = —arg [X((—K)IRy(k) 

15. X.0(n) Re [X(k)] 

16. x,,(n) ji Im [X(K)] 

3.8 Linear Convolution Using the Discrete Fourier Transform 

As will be shown in a later chapter, highly efficient algorithms are avail-

able for computing the discrete Fourier transform of a finite-duration 
sequence. For this reason, it is computationally efficient to consider imple-

menting a convolution of two sequences by computing their discrete Fourier 
transforms, multiplying, and computing the inverse discrete Fourier trans-

form. In most applications, we are interested in implementing a linear 
convolution of two sequences. This is certainly true, for example, when we 



        

               

          

           

           

            

            

           

     

     

                

              

           

            

       

   

     
  

     
  

             

          

               

             

           

               

           

                 

           

          

            

             

  
           

            

               

              

         

         

          

           

         

                

           
            

            
             

             
            

      
 

     
                 
               

            
             

        

 

  
 

    
   

      

              
           

                

              
            
               

            
                  

           
           

             
              

  
            

             
                

               

          
          

           
            

3.8 Linear Convolution Using the Discrete Fourier Transform 111 

wish to filter a sequence such as a speech waveform or a radar signal. As we 

have seen in the preceding section, the multiplication of discrete Fourier 
transforms corresponds to a circular convolution of the sequences. If we are 
interested in obtaining a linear convolution, then we must ensure that circular 
convolution has the effect of a linear convolution. The key to the method 
for doing this is in evidence in the second example in Sec. 3.6.4. 

Let us first consider two N-point sequences, X;(r) and x,(n), and let 
x3(n) denote their linear convolution, i.e., 

N-1 

x(n) =2 xi(m)x(n — m) 
It is straightforward to verify that x(n) is of length 2N — 1; i.e., it can have 
at most 2N — 1 nonzero points. If it is obtained by multiplying the discrete 
Fourier transforms of x(n) and x,(n), then each of these discrete Fourier 
transforms, X;(k) and X,(k), must also have been computed on the basis of 
2N — 1 points. Thus if we define 

2N—2 

Xi(k) = 2x(mWin-
No 

Xo(k) = 2 Xo(MW Ns 
" 1 2N—2 

on) = | 3 XOXOBays)
2N — 1Lx=0 

Then x(n) will be the linear convolution of x,(n) and x,(n). Of course, a 
linear convolution would also be achieved if the discrete Fourier transform 

were computed on the basis of more than 2N — 1 points but would not in 

general be achieved if the DFTs were computed on the basis of fewer points. 
As another way of viewing this procedure for achieving a linear convolution, 
we note that computation of the DFT on the basis of 2N — 1 points corre-

sponds to a Fourier series for a periodic sequence constructed from x(n) 
and x,(n) in such a way that the last N — 1 points in each period are zero. 

These periodic sequences are illustrated in Fig. 3.13. This figure also illus-

trates the process of obtaining the periodic convolution and we observe 
that because of the additional zeros added in each period, the nonzero values 
in one period of X,(n) are only engaged with nonzero values in a single 
period of X,(n).

In general we may wish to convolve two sequences of unequal lengths. 
If x,(n) has duration N, and x,(n) has duration N,, then their convolution 
will have length Ny + N, — 1. Thus in this case we would multiply the 
discrete Fourier transforms computed on the basis of N &gt; N; + N, — 1. 

The above procedure permits the computation of the linear convolution 
of two finite-duration sequences using the discrete Fourier transform. In 
some applications we would like to convolve a finite-duration sequence with 
a sequence of indefinite duration, as, for example, in filtering a speech 



    

 

           
          

 

          

             

            

            

           

              

            

            

          

            

        

           

          

              

            

  

      
 

          

   

             

 

       

     

 

  
 

 
           

           
  

           
              

             
             

            
               

            
             

           
             

         
            
           

               
             

   

      
  

           

     

              
  

         
 

12 The Discrete Fourier Transform 

X2(m) 

[1 mem 
mn 

moomoo 
Fig. 3.13 Periodic sequences of period (2N — 1) constructed from N-point

finite-duration sequences. The last (N — 1) points in each period 
are zero. 

waveform. While theoretically we could store the entire waveform and then 
implement the procedure discussed above on the basis of a DFT for a large 
aumber of points, such a DFT is generally too large to compute. Another 
consideration is that for this method of filtering no filtered points can be 
computed until all the input points have been collected. Generally we would 
like to avoid such a large delay in the processing. To do this while still 
using the discrete Fourier transform, the signal to be filtered must be seg-

mented into sections of length L [3,4]. Each section can then be convolved 
with the finite duration unit-sample response and the filtered sections fitted 
together in the appropriate way. Such a technique of block filtering can then 
be implemented using the discrete Fourier transform as before. 

To illustrate the procedure, and to develop the procedure for fitting the 
filtered sections together, consider the unit-sample response A(n) of length M 
and the signal x(n) depicted in Fig. 3.14. Let us decompose x(n) into a sum 
of sections, each section having only L nonzero points, with the kth section 
denoted by x(n), 

x(n) = [x kL &lt; . &lt;(k+DL-—1
0. otherwise 

Then x(n) is equal to the sum of the x,(n); i.e.. 

x(n) = 3 (0) (3.43) 

and x(n) convolved with A(n) is equal to the sum of thex,(rn) convolved with 
h(n); i.e., 

x(n) * h(n) = S x(n) * h(n) (3.44) 
Ir—0 



        

  

 

          

               

                  

              

             

               

              

             

           

           

             

           

          

            

          

            

         

        

         

          

           

          

             

           

              

           

         

 

 

 

 

  
  

           
 

                
                   

               

              
                

               
              

            
            

              
           

           
            
           

             

          
         

          
           

           

           
              

            
               

            

3.8 Linear Convolution Using the Discrete Fourier Transform 113 

(n) 

1} 

l= 

dn), 

etl,
L Tt - Lo 

0 
| JH 

Fig. 3.14 Finite-duration unit-sample response h(n) and signal x(n) to be 
filtered. 

Since the x,(n) have only L nonzero points and k(n) is of length M, each of 
the terms [x,(n) * A(n)] in the sum is of length L + M — 1. Thus the linear 
convolution x(n) * h(n) must be obtained using a (L 4 M — 1)-point DFT. 

Since the beginning of each input section is separated from its neighbors by L 
points and each filtered section is of length (L + M — 1), the nonzero points 
in the filtered sections will overlap by (M — 1) points in carrying out the 
sum required by Eq. (3.44). This is illustrated in Fig. 3.15. In Fig. 3.15(a), 
the input sections, x(n), are depicted, and in Fig. 3.15(b) the filtered 
sections, x,(n) * h(n), are shown. The input waveform is reconstructed by 
adding the waveforms in Fig. 3.15(a), and the filtered result, x(n) * h(n), is 
constructed by adding the filtered sections depicted in Fig. 3.15(b). This pro-

cedure for constructing the filtered output from filtered sections is often 
referred to as the overlap-addmethod, corresponding to the fact that the filtered 
sections are overlapped and added to construct the output. The overlapping 
results from the fact that the linear convolution of each section with the 

anit-sample response in general is longer than the section length. 
An alternative procedure, commonly referred to as the overlap-save 

method, corresponds to implementing a circular convolution of h(n) with 
x(n), and identifying that part of the circular convolution that corresponds 
to a linear convolution. In particular, if we consider the circular con-

volution of the M-point unit-sample response with an N-point section, the 
first M — 1 points are incorrect while the remaining points are identical to 
those that would be obtained had we implemented a linear convolution. In 
this case, then, we would section x(n) into sections of length N so that each 
input section overlapped the preceding section by M — 1 points. That 



 

 

 

    

 
 

         
        

 

 

 

 

  

 
 

  

 

     
 

 
 

  

 

 
         

         

 

xo(n) 

L . 
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L i 

3 
2L 

0)LY 
~ 

BL. 
n 

-

2L 

Xo (NN h(n) Joe H 
(a) 

am 
0 / 

¢4(n)® h(n) 

¢»(n)NDh(n) 

rte 
Fig. 3.15 (a) Decomposition of x(n) into nonoverlapping sectionsof length

L; (b) result of convolving each section with h(n). 
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3.9 Two-Dimensional Discrete Fourier Transform 115 

is, we define sections x(n) as 

p(n) = x(n + k(N—M+1),0&lt;n&lt;N-—1 

where in this case we have defined the time origin for each section to be at 

the beginning of that section rather than at the origin of x(n). This method of 
sectioning is depicted in Fig. 3.16(a). The circular convolution of each 
section with A(n) is denoted y(n). These sequences are depicted in Fig. 
3.16(b). That portion of each output section in the region 0 &lt;n &lt;M — 2 
s the part that must be discarded. The remaining points from successive 
sections are then abutted to construct the final filtered output. That is, 

y(n) = 3 5.0 — k(N + M — 1) 
where 

(n), M—-1&lt;n&lt;N-—1
y(n) = [x ) A

0, otherwise 

This procedure, the overlap-save method, gets its name from the fact that 
sach succeeding input section consists of N — M + 1 new points and M — 1 

points saved from the previous section. 

3.9 Two-Dimensional Discrete Fourier Transform 

[n Chapters 1 and 2 we saw that many of the transform properties discussed 
for one-dimensional signals could be extended to multidimensional signals. 
A similar generalization applies to the discrete Fourier series and discrete 
Fourier transform. 

The discrete Fourier transform representation of two-dimensional se-

quences is of considerable computational importance in the digital processing 
of two-dimensional signals such as photographs and seismic array data. 
In this section we give a short discussion of the two-dimensional DFS and 

DFT that parallels the discussion of the previous sections of this chapter. 
Let us begin by considering the definition of a two-dimensional periodic 

sequence. We say that a sequence is periodic in the row index with period 
M and in the column index with period N if 

X(m,n) = X(m + gM, n + rN) 

where ¢ and r are arbitrary positive or negative integers. Such sequences 
have a Fourier series representation as a finite sum of complex exponentials 
in the form 

Hm. n) ———LUST 3)K(k, HWEminvewim (~Wire. 1) Tn 2 X( 3 Wrx 
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Fig. 3.16 (a) Decomposition of x(n) into overlapping sections of length N; 
(b) result of circular convolution of each section with h(n). The 
portions of eachfiltered section to be discarded in forming the 
linear convolution are indicated. 
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3.9 Two-Dimensional Discrete Fourier Transform 117 

where X(k, I) can be shown to be 

M—-1 N-1 

Rk, )=3 3 Sm, m)Wywy (3.46)
m=0 n=0 

11d 

War - e—iCT/M) 

Wa — ei(2a/N) 

We can see from Eq. (3.46) that 

Xk,1)=X(k + qM, 1+ rN) 

for integer values of ¢ and r, and thus X(k, /) has the same periodicity as the 
sequence X(m, n).

The one-dimensional discrete Fourier transform resulted from inter-

preting a finite-duration sequence as one period of a periodic sequence and 
applying the discrete Fourier series. In a similar manner we can apply the 
two-dimensional Fourier series to represent a two-dimensional sequence 
that is nonzero for only a finite area in the (m,n)-plane. Such a sequence 
will be referred to as afinite-area sequence and is the two-dimensional counter-

part of a finite-duration sequence. The resulting Fourier representation is 
referred to as the two-dimensional discrete Fourier transform. 

To develop the DFT for two-dimensional signals we consider a finite-

area sequence x(m, n) which is zero outside the interval 0 &lt;m &lt;M — 1, 

0 &lt;n &lt;N—1l,ie.,itisof area (M, N), and construct the periodic sequence 

X(m, n) = x[((M))ar, ((n))n] (3.47) 

The original sequence x(m, n) is recovered by extracting one period of 
X(m, n), i.e., 

x(m, n) = X(m, n)Ryyv(m,n) (3.48)
~vhere 

fl, 0&lt;m&lt;M-—-1,0&lt;n&lt;N-—-1
Roa.n(m, mn) = lo otherwise (3.49) 

We then define the discrete Fourier transform of x(m, n) to correspond to 
the Fourier series coefficients of %(m, n). However, just as we did with one-

dimensional sequences, we will maintain the duality between the time and 
frequency domains by interpreting the DFT coefficients to also be a finite-

area sequence. Thus with X(k, /) denoting the DFT of x(m, n), 

~M-1 N-1

LZ, 3xm, WEP|Rag Cl, (3.50) 

1 M-1 N-1 

x(m, n) = 3 &gt; &gt; X(k, DWE wt| Rpr. v(m, n) (3.51)
MNI| 7=0 1=0 



    

           

          

           

     

      

       

        

          

            

            

        
        

      

   

     

             

              

           

           

            

          

           

  

    

             

            

         

  

            

          

     

           

           
           

     

       

 

 
         

 

         

           
             
             

         
         

       

 

    
 

       

              
              

           
            
             

           
            

   
    

              
             

          

    

             
           

118 The Discrete Fourier Transform 

A useful interpretation of the two-dimensional DFT in terms of the one-

dimensional DFT is placed in evidence by noting that the rectangular 
function Ry;x(k, I) is separable and hence can be written as 

Rarvk, ) —— Ry(RAD (3.50 

Then Eq. (3.50) can be expressed as 

N-1 

where 
X(k, I) = | S G(k, Wy] Rl) (3.532) 

~M—1 

G(k, n) = | 3x(m, mWiF | R200k) (3.53b) 

The function G(k, n) corresponds to an M-point one-dimensional DFT for 
each value of n; i.e., it consists of N one-dimensional transforms, one for 
each column of x(m, n). The two-dimensional DFT X(k, /) is then obtained 
according to Eq. (3.53a) by implementing M one-dimensional transforms, 
one for each row of the sequence G(k, n). 

Equation (3.50) can alternatively be expressed as 

M-1 

|3 Pon, DWF[Ras (3.543) 
vhere 

P(m, I) = [Sm | Rn(D) (3.54b) 

The function P(m, I) then corresponds to a set of N-point transforms on the 
rows of x(m, n). X(k, I) is then obtained according to Eq. (3.54a) by trans-

forming the columns ofP(m, I). In summary, then, the two-dimensional DFT 
can be implemented by using a one-dimensional transform first on the rows, 
then the columns, or vice versa. A similar interpretation can, of course, also 

be applied to the inverse DFT, as given by Eq. (3.51). 
An interesting special case is a sequence that is separable, i.e., having 

the property that 
x(m, n) = x1(m)xy(n) 

In this case the function G(k, n) in Eq. (3.53b) is X;(k), the one-dimensional 
DFT of x,(m), and is independent of n. The two-dimensional DFT is the 
product of X;(k) and X,(/), the DFT of x,(n), i.e., 

Xk, = X,(k)X,(]) (3.56) 

In this case evaluation of only one M-point DFT and one N-point DFT 
permits us to compute X(k, /) for all k and I. 



     

         

       

       

            

         

              

             

              

              

               

              

          

           

           

         

          

          

                

              

          

  

    

   

 

             

         

               

            

          

                

            

           

                

                    

            

             

      

          

        
 

        

             
          

               
              

               
               
                
               

          

            
            

          
          

           
                 
               
           
   

      

    

  

           
 

          
                

             
           

                 
             

            
                 
      

             

 
              

3.9 Two-Dimensional Discrete Fourier Transform 119 

The two-dimensional discrete Fourier transform is clearly linear; i.e., if 

xz(m, n) = ax,(m, n) + bx,(m, n) 
Then 

Xk, 1) = aXi(k, 1) + bX,(k, 1) 

where we have assumed x,;(m, n) and x,(m, n) to have identical dimensions. 
In the context of finite-duration one-dimensional sequences, we noted that 

a shift in the time domain should be interpreted as a rotation in the basic 
interval 0 &lt;n &lt; N — 1. In the case of the finite-area two-dimensional 

sequence x(m + my, n + ny), it can be shown that the corresponding DFT 
is Wa" Wyx'"X(k, I). In this case we interpret the shift in the spatial domain 
as a rotation of each column of the array by m, samples, followed by a rotation 
of each row of the new array by n, samples. This property, of course, has 
a symmetric counterpart where the spatial and frequency domains are inter-

changed.
As with the one-dimensional DFT, there is a set of symmetry properties 

for the two-dimensional DFT. Some of these are discussed in Problem 35 

of this chapter and will not be considered further here. 
An important application of the two-dimensional DFT is in the computa-

tion of convolutions for filtering. Consider two finite-area sequences x,(m, n) 
and x,(m, n), where x,(m, n) 1s of area (M,, N,) and x,(m, n) is of area 
(M,, N,). Let X,(k,!) and X,(k,!) denote the (M, N) DFT of x,(m, n) and 
xXy(m, n), respectively, augmented by areas of zero samples if necessary. 
Then the product 

Xalk,) = X,(k, DX (k,]) (3.57) 

corresponds to the sequence 

M—-1 N—-1 

Kg(m, n) = &gt; 2 5l(@)ar(D)n]xl((m — Dp.(nm — 1) yl Rarn(m,n) 
(3.58) 

Equation (3.58) represents a periodic convolution of the periodic sequences 
%,(m, n) and %,(m, n) formed from x,(m, n) and x,(m, n) as in Eq. (3.47). 
[n the context of finite-area sequences, it is a circular convolution in two 
dimensions. If we wish to obtain the linear two-dimensional convolution of 

x1(m, n) and x,(m, n), we must of course be certain that A and N are chosen 
so as to avoid aliasing as in the one-dimensional case. Convolution of a 

sequence spanning the area (M;, N;) with a sequence spanning the area 
(M,, N,) produces a sequence of area [(M; + M, — 1), (N; + N, — 1)]. 
Thus we must choose M &gt; M, + M, — 1 and N &gt; N; + N, — 1 in order 
to ensure that the circular convolution will be identical to the desired linear 

convolution. 
This is depicted in Fig. 3.17, where we have shaded the nonzero regions of 



    

 

  

 

 

 
 

      
        

 

             

               

            

           

               

         

            

         

      

        
 

    

 

  

  
 

 

    

 

 

 

      

 
   

 

     
        
  

              
                
            

           
                

          
            
         

       
        

  

20 The Discrete Fourier Transform 

-

aM. —1 

ta [(m=aly, =r]
X+(a,r) 

TT 

N No =| IN 

(a) 

J 

3 
&amp;,

-

Vip =" 
a x5(q, r ) 

A 
0 No (4 

Bb) 

Fig. 3.17 Implementation ofatwo-dimensionallinearconvolution by means 
of a circular convolution: (a) x,(q,r) and x,[((m—q))x, ((n—1r))x]

(b) x3(q,r). 

x,(m,n) and x,(m,n). InFig. 3.17 we have superimposed x,(m — g,n — r) upon 
x1(q, r). Clearly if the above inequalities are satisfied, x,(m — q, n — r) will 
never “wrap around” and engage a nonzero portion of x,(q, r), and there-

fore the circular convolution will be identical to the desired linear convolu-

tion. If a small area is to be convolved with a much larger area, we can 

generalize the overlap-add or overlap-save methods of the previous section. 
Also, if one of the sequences to be convolved is separable, the two-dimen-

sional convolution can be accomplished by repeated evaluation of one-

dimensional convolutions. Separable finite-duration sequences are often 
used in filtering applications because of the computational simplifications
discussed above. 



 

          

         

         

          

          

          

         

          

           

            

          

           

         

        
         

             

           

           

   
          

         

    

          
         

          
               

             
               

             

             

           

       
              

           

             

            

  

 

           
          

          
           

           
           

          
           

            
             

          
            

          
         

          

 

             
           

 
            

    
           

          
     

          
          

 

          
                
              
                

             
             

            
       

               
           

              
             

Problems 121 

Summary 

[n this chapter we have discussed a Fourier representation of finite-length 
sequences referred to as the discrete Fourier transform. This representation 
was based on the relationship between finite-length and periodic sequences. 
Specifically, with a periodic sequence constructed for which each period is 
identical to the finite-length sequence, the discrete Fourier transform of the 
finite-length sequence corresponds to the discrete Fourier series of the periodic 
sequence. Thus we first discussed the Fourier series representation of 
periodic sequences, including the properties of the Fourier series and the 
interpretation of the coefficients as samples on the unit circle, equally spaced 
in angle, of the z-transform of one period of the periodic sequences. The 
discrete Fourier series was then applied to the representation of finite-dura-

lion sequences. This included a discussion of the properties of the discrete 
Fourier transform and the consideration of the implementation of linear 
convolution using the discrete Fourier transform. The chapter concluded 
with a brief introduction to the two-dimensional discrete Fourier transform. 
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PROBLEMS 

I. Consider the first-order linear system defined by the difference equation
y(n) = ay(n — 1) + x(n), where the coefficient a is between zero and unity. 
The input x(n) is restricted to be a periodic sequence with period Nj i.e., 
x(n) = X(n + kN) for any integer value of k. The filter output is assumed 
to have reached steady state. Determine, in terms of the coefficient a, the unit-

sample response for a finite impulse response filter which for this class of inputs

yields an output y(n) indistinguishable in steady state from the infinite impulse 
response filter defined by the above difference equation.

2. (a) In Sec. 3.3.3 we stated a number of symmetry properties of the discrete 
Fourier series for periodic sequences. We list here some of the properties

stated. Prove that each of the properties listed is true. In carrying out the 
proof you may use the definition of the discrete Fourier series and any 



    

            
    

   

 
 

  

   

             

         
 

     

     
   
     

            

      

    

              

  

              

   

             

  

  

     

             
     

 
 
 
 
  
    

              
          

  

     
     
    
      

             
       

 

    
 

               
   

               
    

              

  
 

 
  

   
  

122 The Discrete Fourier Transform 

previous property in the list. For example, in proving property 3 you may 
use properties 1 and 2. 

Sequence 
I. X(n + m)

2. X*(n)
3. X*(—n)

4. Re [¥(m)]

5. i Im [%(n)] 

(b) From the properties proved in part (a), show that for a real periodic 
sequence X(n), the following symmetry properties of the discrete Fourier 
series hold: 

(1) Re [X(k)] = Re [X(-K)].

(2) Im [X(K)] = —Im [X(—k)].
PB) [X(K)| = [X(—FK)._ 
(4) arg X(k) = —arg X(—k). 

3. In Fig. P3.3 are shown several periodic sequences X(n). These sequences can 
be expressed in a Fourier series as 

N-1 

£(n) = 3 X(k)eit2m [Nin
%=0 

(a) For which sequences can the time origin be chosen such that all the X(k) 
are real? . 

(b) For which sequences can the time origin be chosen such that all the X(k) 
(except X(0)) are imaginary? 

(c) For which sequences does X(k) = 0, k = £2, +4, +6, etc.? 

TT 1 1H 
a) 

Bh) 
11] 111 

OJM17 HI 117 
Fig. ~~ 



 

                

            
             

            
             

            
             

         

             

           

           
               

     

             
           

            

           

    

   

           

     
            

   

 

          

    

              

        

   
            

             

 

 

 
  

  

  

                 
          
              

            
            

            
              
          
              

            
          

                
      

              
            

             

            
     
    
            

      
            

 

   

  

           

     

               
         

    
            

              

 

  

 

  
   

  

Problems 123 

1. If #(n) is a periodic sequence with period N, it is also periodic with period 2N. 
Let X,(k) denote theDFS coefficients of X(n) considered as a periodic sequence
with period N and X,(k) denote the DFS coefficients of X(n) considered as a 
periodic sequence with period 2N. X,(k) is, of course, periodic withperiod N 
and X,(k) is periodic with period 2N. Determine X,(k) in terms of X.1K).

Consider two periodic sequences %(n) and y(n). X(n) has period N and j(n)
has period M. The sequence W(n) is defined as wn) = X(n) + y(n). 
(a) Show that w(n) is periodic with period MN. _ 
(b) Since %(n) has period N, its DFS coefficients X(k) also have period N. 

Similarly, since y(n) has period M, its DFS coefficients Y(k) also have 
periodM. The DFS coefficients of Ww(n), W(k), have period MN. Deter-
mine W(k) in terms of X(k) and Y(k). You may find it helpful to refer to 
the results of Problem 4 above. 

6. X(n) denotes a periodic sequence with period N and X(k) denotes its discrete 
Fourier series coefficients. The sequence X(k) is also a periodic sequence with 
period N. Determine, in terms of X(n), the discrete Fourier series coefficients of 
X(k).

7. Compute the DFT of each of the following finite-length sequences considered 
to be of length N. 
(@) x(n) = é(n). 
(b) x(n) = 6(n — ny), where 0 &lt; ny &lt; N. 

(c) x(n) =a, 0 &lt;n &lt;N-—1 
8. In Fig. P3.8 is shown a finite-length sequence x(n). Sketch the sequence

x((—n)),. 

0 “a DD 

Fig. P3.8 

9. x(n) denotes a finite-length sequence of length N. Show that 

x((=m)y = x(N — mx 

10. Analog data to be spectrum-analyzed are sampled at 10 kHz and the DFT of 
1024 samples computed. Determine the frequency spacing between spectral 
samples. Justify your answer. 

11. The DFT of a finite-duration sequence corresponds to samples of its z-trans-

form on the unit circle. For example. the DFT of a 10-point sequence x(n) 

7--pDlane 

21 . 

10radians 

Circle with 
radius = 1 

Zig. P2214.1 



    

 

 

 
 

  

 

            
              

          
              

   
              

             

              

   

    
 

 
  

   

 

              

      
     

     

    
     

           
       

   

 

       

    

 

             

              

      

     

  
 

 

 

  
  

   

  

             
               

          
               

   
                

              
               
    

 
    
  
  
   
     

               
       

      
     
   
     

           
        

    

 
  

        

     
 

  
              

               
       

124 The Discrete Fourier Transform 

“ z-plane 
2m 
10 

3,
20 

Circle with 
Ce = 

radius = 3 

Fig. P3.11-2 

corresponds to samples of X(z) at the 10 equally spaced points indicated in 
Fig. P3.11-1. We wish to find the equally spaced samples of X(z) on the contour 
shown in Fig. P3.11-2; i.e., X(2)|,—¢ 5cil(2a*/100+z/103. Show how to modify
x(n) to obtain a sequence x;(n) such that the DFT of x,(n) corresponds to the 
desired samples of X(z).

12. In Sec. 3.7.3 we stated a number of symmetry properties of the DFT, some of 
which are listed here. Prove that each of the properties listed is true. In 
carrying out the proof, you may use the definition of the DFT and any previous 
property in the list. 

DFTSequence 
I. x((n + m))yRy(n) WyrmX(k)
2. x*(n) X*((—k)yRy(k)
3. x*((—n)yRy(n) X*(k)
4. Re [x(n)] Xep(K)
5. j Im [x(n)] X,,(k) 

13. Using the properties in Problem 12 above, show that for a real sequence the 
following symmetry properties of the DFT hold: 
(1) Re [X(®)] = Re [X((—K)yIRN(K). 
(2) Im [X(¥)] = —Im [X((—K))y]IRN(K).

(3) [X(K)| = |X((=K)n|Ry(kK).
(4) arg [X(0)] = —arg [X(—k)y}Ry().

14. Let X(k) denote the N-point DFT of the N-point sequence x(n).
(a) Show that if x(n) satisfies the relation 

x(n) = —x(N—1 —nm 

‘hen 
X00) =0 

(b) Show that with N even and if 

v(m) = x(N —1 —n) 
‘hen 

x(%) =o 
15. Let X(k) denote the N-point DFT of an N-point sequence x(n). X(k) itself 

is an N-point sequence. If the DFT of X(k) is computed to obtain a sequence 
x,(n). determine x,(n) in terms of x(n). 



 

               

 

    

      

          

          
       

    

    

            

         

   

     

    

              

  

        

        

               

           

              

              

 
             

            

    
 
  

            

   

   
 

             

           
            

  

                
  

    

       

          
          

        

     

     

            
          

    

     

     

              
   

       

      

                
            

               
              

 
              

             

   
  

  

             
    

  
 

  

             
            

             

Problems 125 

16. Show from Egs. (3.26) that with x(n) as an N-point sequence and X(k) as its 
N-point DFT, 

N—-1 5 1 N-1 2 

2 |x(@)|? = N 2 | X(K)| 

This is commonly referred to as Parseval’s relationfor the DFT. 
[7. In Chapter 1 the conjugate symmetric and conjugate antisymmetric components

of a sequence x(n) were defined, respectively. as 

x(n) = %Ix(n) + x*(—n)] 

x,(n) = L[x(n) — x*(—n)] 

In Sec. 3.6.3 we found it convenient to define the periodic conjugate sym-

metric and periodic conjugate antisymmetric components of a sequence of 
finite duration N as 

Xoo) = 2[x((M)y + x*((—m)NIRy(n) 

Xop(n) = [x(n — x*((—m)N]1Ry(n) 

(a) Show thatx,(n) can be related to x.(n) and x,,(n) can be related to x,(n)

by the relations 

Xp(1) = [x.(n) + x.(n - N)IR n(n) 

Xo,(1) = [x,(n) + x,(n —N)IR5(n) 

(b) x(n) is considered to be a sequence of length N, and in general x,(n) cannot 
be recovered from x,,(n) and x,(n) cannot be recovered from x,,(n). Show 
that with x(n) considered as a sequence of length N, but with x(n) = 0 
n &gt; Nf2 that x,(n) can be obtained fromx,(rn) and x,(n) can be obtained 
from x,,(n).

[8. A finite-duration sequence x(n) of length 8 has the eight-point DFT X(k) shown 
in Fig. P3.18-1. A new sequence y(n) of length 16 is defined by 

( 2) , n even
v(n) | 2 

0, n odd 

From the list in Fig. P3.18-2, choose the sketch corresponding to the 16-point 
DFT of y(n). _— 

| | Jr |
G4 

Fig. P3.18-1 

19. One of the ways of implementing a discrete circular convolution of two se-

quences of finite duration is by multiplying their DFTs and computing the 
inverse DFT of the result. In particular, with X(k), Y(k), and H(k) denoting 
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a)- Treot
JDJ 1 2 3456789101112131415 

&gt; 

c k11. ilhb) -€ 
0123 4567 8910112131415 

Cc) 
O12 345678 9101112131415 

Ire.etl 
! 

d)-
0 12 345678 9I10I1112131415 

(e) ~ lal
012 345678 910112131415 

ll all,
012 34567 89I101I11121314 15 

Fig. P3.18-2 

:he N-point DFTs of the N-point sequences x(n), y(n), and h(n), and with 

Yk) = X(k)H(k) (P3.19-1) 
N-1 

on) = Y x(mh((n — m)y, n=01.....N~ 
m=0 

(P3.19-2) 

In implementing a circular convolution in this way it is generally useful to 
have an upper bound on the output sequence. If one of the two sequences 
x(n) or h(n) is known, then y(n) can be bounded by 

N-1 

Ym) &lt; [xlmax 3 1m)
m—=—0 

N-1 

(P3.19-4)y(n) &lt; |] max 2|x(m) 
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Problems 127 

In this problem we want to generate a bound on y(n) without knowing either of 
the sequences x(n) or A(n) but with the constraints that |x(n)] &lt; 1 and |H(k)| &lt; 
I. The results of this problem, and some additional discussion, are presented 
in a paper by A. V. Oppenheim and C. J. Weinstein, “A Bound on the Output of 
a Circular Convolution,” IEEE Trans. Audio Electroacoust., June 1969, PpP-
344-348. 

(a) Using Parseval’s relation as derived in Problem 16, page 125, show that 
with |x(n)] &lt;1 and |H(k)| &lt;1, and with x(n) and y(n) related by Egs.
(P3.19-3) and (P3.19-4). 

N-1 N—-1 
2 y®P &lt;3 xm)? 
n= "=o N-1 

(b) Combining the result in part (a) with an upper bound on &gt; |x(n)]?,
show that n=0 

N-1 

2|ymI2 &lt; N 

and therefore that |y(n)| &lt;ofN. 
It can be shown that the bound derived in part (b) is a least upper bound 

if x(n) and h(n) are complex sequences, i.e., a choice for each exists, con-

sistent with the stated constraints, so that at least one point in the output 
sequence y(n) has the value JN. 

20. Consider a finite-duration sequence x(n), which is zero for n &lt; 0 and n &gt; N, 
where N is even. Let the z-transform of x(n) be denoted by X(z). Listed here 
are two tables. In Table P3.20-1 are seven sequences obtained from x(n). In 
Table P3.20-2 are nine sequences obtained from X(z). For each sequence in 
Table P3.20-1, find its DFT in Table P3.20-2. The size of the transform con-

sidered must be greater than or equal to the length of the sequence gy(n). For 
purposes of illustration only assume that x(n) can be represented by the envelope
shown in Fig. P3.20. 

21. Let f(t) be a real-valued, bandlimited, periodic continuous-time function. The 
period of f(t) is P, so f(t) = f(t + sP) for any integer s. The only nonzero 
terms in the complex Fourier series representation of f(z) correspond to fre-

quencies between —2wM/P and 2m M|/P; i.e., 
M 

f(@) -_ 3 a,e’37rt/P) 
Furthermore, aj; is real. 

A sequence x,(n) is generated by sampling f(z) with a sampling period T;, 
where x(n) = F(T 
11d 

pP
T T= e—

12M 
Let X,(k) denote the discrete Fourier transform of one period of x, (rn) starting
atn = 0: i.e.. 

2M—-1 \ 

X,(k) — &gt; x,(n)e—I@mnk/2M}
n=0 

From x,(n) we would like to obtain a sequence x(n) that corresponds to sampl-

ingf(t) twice as fast. In other words, 

xo(n) = f(nT,) 



 

      

  

  

 

 
 

 

  

      
   

 

 

   

 

  

     
  

 

  

  

       

 

 

   

  

 

  
 

 
 

 

  

   

  

  
  

   
  

 
 

 

   
 

   

 
 

 

  
  

 
 

 

 

 
 

   

 
  

 

Table P3.20-1 

g1(n) = x(N — 1 — n) 

g,(n)
A 

rd 

g,(n)
A. 

g2(n) = (—1)"x(n) 

=~ fr 

put 

gs(n) = 
x(n),
x(n—N),

0, 

0&lt;n&lt;N-1 
N&lt;n&lt;2N-1 
otherwise 

oi 

34(n)
RS 

SN — 1 

g,(n
2A — 

) = 
Sap = 

x(n) + x(n+ Nf2),
0, 

0&lt;n&lt;N]2-1
otherwise 

x(n), 
gs(n) =(0,

0, 

gon) = : 3)
0, 

0&lt;n&lt;N-1 
N&lt;n&lt;2N-1 
otherwise 

, neven 
n odd 

N 
c -

9.(n)
ha 

94(n)

ng 

2N — 1 

1 
ON — 

g:(n) = x(2n) 

g-,(n) 
\ 

178 



 

 

  

  

  

 
  

  

  

   

  

   

 

            

              

          

           

            

              

   

   

            

              

             

           

               

     

       

            
              

              

  

  

   

   

     
   

   
   

    

   
   

 

  

             
               

           
            

            
               

    

    

             
               

    
            

 
               

      
 

        

             
               
               

Problems 129 

Table P3.20-2 

Hy(k) = X(e™™/7) 

H,(k) = X(e27*/2N) 

2X(e®2"*/?¥), k even 
m= [or 
H,(k) = X(e7/0N-D) 

H(k) = 0.5[X(e?7IF)4X{(e7+N[DN 
Hak) = X(eAmei) 

H,(k) = e2Tk/N X(g—2Tk/N) 

Hg(k) = X(eI?TIN/+N[2)) 
Hy(k) = X(e=i2TeiM) 

4 

Fig. P3.20 

where T, = T,/2 = P[4AM. Let X,(k) designate the discrete Fourier transform 
of one period, starting at n = 0, of the periodic sequence x,(n). Determine how 
one can obtain X,(k) directly from X,(k). Clearly justify your answer. 

22. Let x(n) denote an infinite-duration sequence with z-transform X(z), and x(n) 
a finite-duration sequence of length N whose N-point DFT is denoted by X;(k).

Determine the relation between x(n) and x, (rn) if X(z) and X;(k) are related by 

Xk) = X(@)|=w3F, k=0,1,2,...,N—1 

where W,, = e=#27/N) 

23. Let X(e’®) denote the Fourier transform of the sequence x(n) = (})"u(n). 
Let y(n) denote a finite-duration sequence of length 10; i.e., y(n) = 0, n &lt;0, 
andy(n) = 0,n &gt; 10. The 10-point DFT ofy(n), denoted by Y(k), corresponds 
to 10 equally spaced samples of X(e’®); i.e., Y(k) = X(e/27*/10), Determine 
y(n). 

24. Let x(n) and y(n) denote the input and output of a stable, causal IIR system

with difference equation of the form 
PD 

y(n) =2, ary(n — k) + x(n) (P3.24-1) 

We wish to determine, using an N-point DFT, N samples of the frequency 
response of the system H(e’?) equally spaced on the unit circle, i.e., for ow, = 
(27/N)k, k =0, 1, ..., N — 1. One possible approach is to generate the 



    

             

        
              

          

      

             

     
 

        
 

              

                

              
                 

            

             

   
            

    

   

  

             

           
            

 
               

             

            
              

            

           

                

          

       

  

  

             

          

           

           

         
          

          
             

     

       

    

            

          

    

     

             
        

               
           

       
              

      
 

          

               
                 

               
                  

             
              

   
             

     

    

   

              
           
             

 
                

              
             

               
             

            
                 

           
        

   
   
             

           
            

 
            

         
           

           
              

      
     

     

             
           

     

 

130 The Discrete Fourier Transform 

impulse response and apply the results of Problem 23. For the class of systems

characterized by Eq. (P3.24-1), there is a simpler possibility.
(a) Assuming that p &lt; N, show how to compute the required N samples of 

H(e’@) from the coefficients of the difference equation (P3.24-1) using a 
single N-point DFT and some simple arithmetic. 

(b) Does this result generalize to the class of systems characterized by the class 
of difference equations of the form 

D q 

y(n) =2, y(n —k) + 2 x(n — k)?
fo= = 

25. Consider a finite-duration sequence x(n) of length N so that x(n) = 0 for 
n &lt;0 and for n &gt; N — 1. We want to compute samples of its z-transform 

X(z) at M equally spaced points around the unit circle. One of the samples is 
to be at z = 1. The number of samples M is less than the duration of the 
sequence N;i.e., M &lt; N. Determine and justify a procedure for obtaining the 
M samples of X(z) by computing only once the M-point DFT of an M-point 
sequence obtained from x(n).

26. Consider two finite-duration sequences x(n) and y(n) where both are zero for 
n &lt; 0 and with 

x(n) = 0, n&gt;8 

y(n) =0, n=&gt;20 

The 20-point DFTs of each of the sequences are multiplied and the inverse DFT 
computed. Let r(n) denote the inverse DFT. Specify which points in r(x)
correspond to points that would be obtained in a linear convolution of x(n) 
and y(n).
We want to filter a very long string of data with an FIR filter whose unit-sample 
response is 50 samples long. We wish to implement this filter with an FFT 
asing the overlap-save technique. To do this: (1) The input sections must be 
overlapped by ¥ samples; and (2) from the output due to each section we must 
extract M samples such that when these samples from each section are butted 
together, the resulting sequence is the desired filtered output. Assume that the 
input segments are 100 samples long and that the size of the DFT is 128 (= 27) 
points. Further assume that the output sequence from the circular convolution 
is indexed from point 0 to point 127. 
(a) Determine V. 
(b) Determine M. 
(c) Determine the index of the beginning and the end of the M points

extracted; i.e., determine which of the 128 points from the circular 
convolution is extracted to be abutted with the result from the previous 
section. 

28. A modified discrete Fourier transform (MDFT) has been proposed (J. L. 
Vernet, “Real Signals Fast Fourier Transform: Storage Capacity and Step
Number Reduction by Means of an Odd Discrete Fourier Transform,” Proc. 
IEEE, Oct. 1971, pp. 1531-1532) which computes samples of the z-transform 
on the unit circle offset from those computed by the DFT. In particular, with 
X3r(k) denoting the MDFT of x(n), 

Xp (k) = X(2)|gg27k/N+a/N]_ k=0,12,..., N— 
Assume that N is even. 

(a) The N-point MDFT of a sequence x(n) corresponds to the N-point DFT 
of a sequence xps(n) which is easily constructed from x(n). Determine 
xa7(n) in terms of x(n). 
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Problems 131 

(b) If x(n) is real, all the points in the DFT are not independent, since the DFT 
is conjugate symmetric; i.e., X(k) = X*((— k))yZn(k). Similarly, if x(n)
is real, all the points in the MDFT are not independent. Determine, for 
x(n) real, the relationship between points in Xps(k).

(©) (1) Let R(k) = Xp(2k); i.e., R(k) contains the even-numbered points in 
Xpr(k). From your answer in part (b), show that X,,(k) can be re-

covered from R(k). 
(2) R(k) can be considered to be the N/2-point MDFT of an N/2-point 

sequence r(n). Determine a simple expression relating r(n) directly to 
x(n).

According to parts (b) and (c), the N-point MDFT of a real sequence

x(n) can be computed by forming r(n) from x(n) and then computing the 
N/2-point MDFT of r(n). The next two parts are directed at showing 
the MDFT can be used to implement a linear convolution. 

(d) Consider three sequences, x;(n), x,(n), and x3(n), all of length N. Let 
Ximr(k), Xonr(k), and X3p,(k), respectively, denote the MDFTs of the three 
sequences. If 

Xspuk) = Xi (kK)Xap (k) 

express x(n) in terms of x;(n) and x,(n). Your expression must be of the 
form of a single summation over a ‘combination’ of x,(r) and x,(n) in the 
same style as (but not identical to) a circular convolution. 

(e) It is convenient to refer to the result in part (d) as a modified circular con-

volution. If the sequencesx;(n) and x,(n) are both zero for n &gt; N/2, show 
that the modified circular convolution of x,(n) and x,(n) is identical to the 
linear convolution of x;(n) and x,(n).

29. We wish to implement a digital lowpass filter by sectioning the input, computing
the DFT, multiplying by the DFT of the filter impulse response, com-

puting the inverse DFT, and fitting the sections together. The number of non-

zero points in the unit-sample response is M and the length of an input section 
isN+ M—-1. 

There are two methods proposed for obtaining the (N + M — 1)-point 
DFT H(k) that represents the filter. In both methods we begin with an M-

point DFT Hy,(k) given by 

1, 0 &lt;k &lt;M/4 
to = 1 3IM/4 &lt;k &lt;M —1 

0. otherwise 

Assume that M is divisible by 4. The M-point inverse DFT of H,(k) is denoted 
by hyn).
Method A: H(k) is the (N + M — 1)-point DFT of 44(n) defined as 

hy), O0&lt;n&lt;M-—1
han) = {34 M—-1&lt;n&lt;N+M-=-2 

Method B: H(k) is the (N + M — 1)-point DFT of h,(n) defined as 

h(n), 0&lt;n&lt;M[]2—-1 (assume M even)
hp(n) = hyn — N + 1), N+M2-1&lt;n&lt;N+M-2

0. otherwise 

(a) Sketch h(n) and hp(n). The input is sectioned by overlapping M — 
points as depicted in Fig. P3.29. 



    

 

 

   

    

    

  

          

            

 
            

             

             

           
            

            

          

  

               

             

             

          

              

    

            

            

             
            

           

             

   

          

      

              

       

     

 
 

 

  

  

 

  

     

     

   

 
  

          
             

 
            

              
              

            
            

 

             
           

   
                

             
              
           

               
     

             
             
              

            
            

              
    

           

       

               
        

132 The Discrete Fourier Transform 

nput

AANAA 
—N+M-f— 

| | 

Section L 

ro 
i 

M=1 

~~ + —— — 

NM : Section L +1 

'M=—1 | Section L +2 

e——— N+M—1 ——— 

nALN 
Fiz. 23.29 

Two methods are proposed for fitting the filtered sections back together.

Method 1: The filtered sections are put together by abutting only the last 
N points.
Method 2: The filtered sections are put together by discarding the last M|2

points and the first (M/2) — 1 points and abutting the remaining N points. 
With each of the two methods for putting sections together there are the two 
possibilities for obtaining H(k). Call these four choices A-1, A-2, B-1, and 
B-2. Will all four result in a linear time-invariant filter? Justify your an-

Swer. 

For each of the four choices that results in a linear time-invariant filter, 
determine and sketch the unit-sample response. Which of these is the 
“best” lowpass filter? 

30. The problem often arises in which a signal x(n) has been filtered by a linear 
time-invariant system that results in a distorted signal y(n) and we wish to re-

cover the original signal. This can often be done by processing y(n) with a 
linear time-invariant system whose impulse response is such that the overall 
impulse response of the two systems in cascade is a unit sample. This is generally 
referred to as inverse filtering. 

We have discussed in Sec. 3.8 the procedure for implementing an FIR filter 
using the DFT. The procedure involves, in part, multiplying the DFT of the 
input, X(k) (or input sections), by H(k), the DFT of the system unit sample 
response to produce Y(k), the DFT of the output. It is often suggested,

incorrectly, that the sequence 4,(n), whose DFT is 1/H(k), is the impulse 
response of the inverse filter. The purpose of this problem is to indicate why 
that suggestion is incorrect. 

Consider a linear time-invariant system with impulse response k(n) given by 

h(n) = 6(n) — 36(n — no) 

as sketched in Fig. P3.30. This system is an idealized example of a system that 
would introduce reverberation. Assume that N = 4n,. 
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h(n) 
B 

N—1No 
Pr—— " 

&amp; 

Fig. 13.29 

(a) Determine the N-point DFT H(k) of h(n).

(b) Now consider the N-point DFT H,(k) of a sequence h,(n) specified by 

Hy) = gros k=0,1,...,N—1 

Determine x,(rn). [Hint: Ifyouhave trouble evaluating the IDFT summation 
directly, express H,(k) as a polynomial in Wo* and observe that the h(n) 
are the coefficients of Wf.] 

(c) Sketch h(n) as determined in part (b).

(d) By evaluating the linear convolution of k(n) and h(n), show that h(n) * 
h(n) is not a unit sample d(n) and, consequently, 4,(n) is not the unit sample 
response for the inverse system.

(e) Compute and sketch the N-point circular convolution of h(n) and h(n).
(f) Determine the unit-sample response 4,;(n) of the inverse system for h(n). 

This can be done in a number of ways. One is to note that with H(z) and 
H,(z) denoting the z-transforms of h(n) and h(n), H;(z) = 1/H(z). The 
inverse z-transforms of H(z) can then be evaluated by long division. 
Refer to Problem 23 and determine and verify numericallv the relationship

between hk,(n) and A,(n).
31. We have shown that FIR filters can be implemented using the DFT. We have 

also shown that IIR filters can be implemented recursively. In this problem we 
shall consider implementing IIR filters using the DFT. 

In particular, let us assume that x(n) represents the input sequence to a 
linear, shift-invariant, stable, causal system which is characterized by the unit-
sample response /A(n). Assume that x(n) = 0, n &lt; 0. We shall denote the 

y(n)xm 

Fig. P3.3! 

output sequence by y(n) (Fig. P3.31). We shall assume further that H(z), the 
z-transform of 4(n), has only poles. Therefore, we can write 

1 1 Q A; 
31-1)

D(z) Q S81 — zz? 
1 + &gt; dz i 

7—=1 

where {z;, i = 1, 2, ..., OQ} represent the poles of the system (by assumption

all simple poles) and {4,.i =1, 2, ..., QO} represent the associated residues. 



    

           
         

 

 
 

 

  

 

             
     

           

       

             

          
    

            

               

   

 

           

  
    

            

           
                 

            

 
             

            

      
           

              

             

           

             

          

             

   
                

           

           

       

     

            
          

 
  

  
  

  
  

              
      

            
 

            

        

              
           

     
             

               
    

   

   
     

             

          
                  

            
 

              
            

       
            

               
              

           
              

          
              

    
                

           
 

            
        

134 The Discrete Fourier Transform 

First we must partition x(n), h(n), and y(n) into N-point sections, where 
N = Q + 1. Doing this we can define 

x(n), mN&lt;n&lt;(@m+DN

\o, otherwise 
(hm), mN&lt;n&lt;(@m+1N 
0, otherwise 

y(n), mN&lt;n&lt;(@m-++ 1)N

0, otherwise 

where m is a nonnegative integer that specifies the section. In this problem we 
shall show that we can write 

Wi) = Xp, (n) * hy(n) + 2(n) * PYm_1(n — N) 
(P3.31-2) 

on) — Wn) + wy_1(n), mN &lt;n &lt; (m+ 1)NVm lo. elsewhere 

where g(n) is a sequence of length &lt;N. 

(a) Assuming such a g(n) can be found, explain the operation that must be 
performed to compute y(n) in Eq. (P3.31-2), using DFT techniques. A 
simple flow chart is sufficient. 

To verify Eq. (P3.31-2), we shall assume that a g(n) exists and then 
show that (1) it is of finite duration and (2) it can be evaluated from param-

eters that are known. 

(b) Show that 

Y(2) Hyz) 1 
H(z) = Xz) 1—-z7G6k@ D@ 

where H(z) is the z-transform of y(n), the first section of the unit-sample 
response.

By explicitly evaluating H(z) and by using the relationshipthat you derived 
in part (b), find G(z) in terms of D(z), {z;}, {4;}, N, and Q. Verify that it is 
the z-transform of a Q-point sequence. [Note: It is not necessary to evalu-

ate g(n).]
Using the results of this problem, show that in the general case H(z) = 
C(z)/D(z), where C(z) and D(z) are both polynomials in z2, the network 
can be implemented by using the DFT. 
Comment: The four parts of this problem can all be worked independently. 

The significance of the result that you derived in this problem is that an IIR 
filter can be realized by means of circular convolutions and the DFT. If we use 
as a basis of comparison the number of multiplications required to implement

the discrete system, then D(z) would have to be a polynomial of about 95th 
degree before this technique would be preferable to a direct implementation

of the difference equation relating y(n) to x(n). Thus this result is of more 
theoretical than practical interest. 

This problem is based on a paper by B. Gold andK. L. Jordan, “A Note on 
Digital Filter Synthesis.” Proc. IEEE (Letters), Vol. 56, Oct. 1968, pp. 1717-
1718. 

32. Equations (3.53) and (3.54) express two alternative ways of computing a two-

dimensional DFT using a one-dimensional DFT. Equations (3.53) correspond 



 

             

          
           

   
            

 
      

           

         

     
           

        

            

             

             

      
  

             

             

              

 

 

 

 
   

    

  

   

 

        

        

     

        

  

              
           

            
   

            
 

      
            

          
     

            
         

 
             

              
             

      
   

       

          

               

 
       
 
      

      
    
      

         

        

      
         

Problems 135 

to transforming each column of x(m, n) and then each row of the result. 
Equations (3.54) correspond to transforming rows first and then columns. To 
obtain some insight into these two alternative procedures it is instructive to 
consider a simple example.
{a) Compute the two-dimensional DFT of the sequence 6(m, n — 1) using

equations (3.53).
(b) Repeat part (a) using equations (3.54).

33. Show that the two-dimensional DFT of a finite-area sequence corresponds to 
samples of the two-dimensional z-transform. Specify in particular the locations 
of these samples in (z3, z,)-space.

34. In Problem 16, Parseval’s relation was verified for the one-dimensional DFT. 
Determine and verify the corresponding relationship for the two-dimensional 
DFT. 

35. A set of symmetry properties for the two-dimensional DFT exists which is 
similar to that for the one dimension as derived in Sec. 3.6.3. These properties 
are again based on the decomposition of a sequence x(m, n) into its conjugate

symmetric and conjugate antisymmetric components. Specifically, paralleling
Egs..(3.31)-(3.35), we define 

Xop(m, 1) = {x[((m))ar, (MIN] + x*[((—1m)) 3p, (=)N1}R pr, v(m, 7) 

Xop(m, 1) = 3{x[((m))31, (MIN] — x*[((—m))37, ((—M)NT}Rpg, n (mm, 1) 

(a) Show that the following properties hold for x(m, n) and its DFT X(k, I): 

DFTSequence 
te. x*(m, n) X*((— Dus (—D)yRuwk, D 
2 X*(k,Dx*[((—m)ur,((—1)5]Rae,5(m,1)
} Xep(m, n) Re [X(k, D)] 
4 Xop(m, Nn) j Im [X(k, D)
3. Re[x(m, n)] Xoo(k, D)
5. Jj Im [x(m, n)] X,.(k.D 

(b) Show that if x(m, n) is real, then 

(1) Re [X(k, )] = Re {X[((—k)3((—DIND}Rprnik, D). 

2) 1X, DI = |XI(—K))ar (DNRpg,nk,D) 
G3) Im [X(k, D] = —Im {XT((—=K) ar, ((—DINT}Rpr,nk,D). 



 

  

  

 

           

           

         

           

            

          

           

         

       

            

         

           

          

        

 

 

 

 

  
   

   

  

            
            
          

            
            
          

            
         

        
             

          
            

           
         

 

  
  

 

4 

Flow Graph 
and Matrix Representation 
of Digital Filters 

4.0 Introduction 

In Chapters 1 and 2 we discussed the representation of linear shift-invariant 
digital systems in terms of the difference equation relating the input and 
output sequences and the system function relating their z-transforms. In 
those chapters we were only concerned with the input-output relation of the 
system. In implementing a digital filter on a digital computer or with special-

purpose hardware, the input-output relation must be converted to a com-

putational algorithm. The algorithm is essentially specified in terms of a set 
of basic computations or elements. For the implementation of discrete-

time systems described by linear constant-coeflicient difference equations 
it is convenient to choose as these elements the basic operations of addition, 
delay, and multiplication by a constant. The computational algorithm for 
implementing the filter is then defined by a structure or network consisting 
of an interconnection of these basic operations. As an illustration consider 
a system with a system function of the form 

M a 

2b Y(2) 
(4.1)

=x
1 —&gt;az™ 

124 



        

          

        

 

         

            

            

             

             

           

        
            

         

           

        

         

          

          

          

   

          

            

          

             

          

    

       

            

          

           

           

          
             

         

           

            

            

         

         

          

          

           

         

           
         

 

         

             
             

              
              

            
         

             
         

           
         

          
           

           
           

    
           
             
           
              

           
     

        

             
           

            
            

           
              

          
            

             
             

          
          

           
           

            

4.1 Signal Flow Graph Representation of Digital Networks 137 

The difference equation relating input and output is easily written down 
directly from the system function and is given by 

N M 

y(n) =23 ay(n — k) +2, bix(n — k) 

We can interpret Eq. (4.2) directly as a computational algorithm in which the 
delayed values of the input are multiplied by the coefficients b,, the delayed 
values of the output are multiplied by the coefficients a;, and all the resulting 
products are added. Alternatively, as we shall see in this chapter, there are an 

infinite variety of structures that will result in the same relationship between 
the input samples x(n) and the output samples y(n). 

In the next sections we present the description of filter structures in terms 
of block-diagram, flow-graph, and matrix notation. In addition, we con-

sider a number of basic structures. Although two structures may be equiva-

lent (with regard to their input-output characteristics) for infinite-precision 
representations of the coefficients and variables, they may have greatly 
different characteristics when the precision is limited. In this chapter we 
discuss the effects of finite-nrecision representation of the coefficients in the 
filter. The effects of truncation or rounding of intermediate computations are 
discussed in Chapter 9. 

The representations for digital networks that we will use represent, in 
essence, the flow of signals in the realization of a digital filter. Important 
network properties exist, and in general a well-established theory for digital 
networks is available in the theory of linear signal flow graphs. In Sec. 4.6 
one such important and useful property, Tellegen’s theorem for signal flow 
graphs, is presented and discussed. 

4.1 Signal Flow Graph Representation of Digital Networks 

The realization of a digital filter requires that past values of the output, 
input, and intermediate sequences be available. This implies the need for 
delay or storage of these past values. Furthermore, we must provide means 
for multiplication of the delayed samples by the coefficients, and means for 
adding together the resulting products. The digital filter may be realized 
either by use of the storage registers, arithmetic unit, and control unit of a 
general-purpose computer, or special digital hardware may be designed to 
perform the required computations. In the first case, the filter structure may 
be thought of as a specification of a computational algorithm, from which a 
computer program is derived. In the latter case it is often convenient to 
think of the filter structure as specifying a hardware configuration. 

Corresponding to the basic operations required for implementation of a 
digital filter, the basic elements required to represent a difference equation 
pictorially are an adder, a delay, and a constant multiplier. Commonly 
used symbols are shown in Fig. 4.1. Physically, Fig. 4.1(a) represents a 



        

   

    

           
          

           

            

            

              

     

            

     

          

            

            

               

               

             

             

           

          

 

 

 

 

      

         

     
 

  
 

     
 

            
           

 

            
             

             
               

      
             

      

           

             
            

                
               

              
              

            
           

 

 
  

 

 

  

 
  

       

138 Flow Graph and Matrix Representation of Digital Filters 

¢(n ) Tr %(n) + x(n) 
‘a) 

Jn) ax’n) 
-y 

x(n) | z” | “x(n=1) 
(c) 

Fig. 4.1 Block-diagram symbols for a digital network: (a) addition of two 
sequences; (b) multiplication of a sequence by a constant; (c) unit 
delay. 

means for adding together two sequences, Fig. 4.1(b) represents a means for 
multiplying a sequence by a constant, and Fig. 4.1(c) represents a means for 
storing the previous value of a sequence. The representation used for a single 
sample delay arises from the fact that the z-transform of x(n — 1) is simply 
z~1 times the z-transform of x(n). 

As an example of the representation of a difference equation in terms of 
these elements, consider the second-order equation 

y(n) = ayy(n — 1) + a,y(n — 2) + bx(n) 

The digital network corresponding to this equation is shown in Fig. 4.2. In 
terms of a computer program, Fig. 4.2 shows explicitly that we must pro-

vide storage for the variables y(n — 1) and y(n — 2) and also the constants 
a,, a, and b. Furthermore, we see that a given output sample is to be com-

puted by forming the products a,y(r — 1) and a,y(n — 2), adding them 
together, and then adding the result to the product bx(n). In terms of special 
digital hardware, Fig. 4.2 indicates that we must provide storage for the 
variables and constants, as well as means for multiplication and addition. 

b

(n) ——(H)—
1

[ 
4 yln=1Ay 

qa 

— 

~1 
1 

ds 
] y(in—-2) 

=ig. 4.2 Example of a digital network. 



        

 

  

 

  
   

 

 

 

   

  

        

             

           

         

             

          

            

       

       

           

            

          

           

              

         

            

            

            

               

             

             

               

              

  
 

              

            

            

         

 

    

  

    
 

 

  

  
      

 

  

    
         

 

              
            

          
              

           
             

        
        

            

             
           

            
               

          
             
             

             
                

              
              

                
               

   
   

               

             
             

4.1 Signal Flow Graph Representation of Digital Networks 139 

bo 

x(n) — _— y(n! 

|Z” 7! 

x(n—1) =
by 

4) (=~ 
a 

y(n-1) 

BE 2! 

1 y(n=2)x(n—2) | byy_1
(n= M+1) p— (3) 

an—

(+) pa 1y(n—N+1)
ay 

51 21 

er ow on Toon 
Fig. 4.3 Block-diagram representation for a general Nth-order difference 

equation. 

Thus diagrams such as Fig. 4.2 serve to depict the complexity of a digital 
filter algorithm and the amount of hardware required to realize the filter. 

As a further example, a block-diagram representation for the general 
difference equation of Eq. (4.2) is shown in Fig. 4.3. The network of Fig. 
4.3 is an explicit graphical representation of the difference equation (4.2). 
However, it can be rearranged or modified in a variety of ways without 
changing the overall transfer function. These different rearrangements 
correspond to different structures for implementing the filter. 

In discussing different filter structures it is convenient to use the notation 

of linear signal flow graphs rather than block diagrams. A linear signal flow 
graph is essentially equivalent to a block-diagram representation with a few 
notational differences. In the remainder of this section we present the signal 
flow graph notation that we will use and in Sec. 4.2 we discuss the equivalence 
of signal flow graph and matrix representation of digital filters. 

A signal flow graph is a network of directed branches that connect at 
nodes [1,2]. Associated with each node is a variable or node value. The 

value associated with node k is w;. Branch (jk) denotes a branch originating 
at node j and terminating at node k, with the direction from j to k being 
indicated by an arrowhead on the branch. This is shown in Fig. 4.4. Each 
branch has an input signal and an output signal. The input signal from node 
j to branch (jk) is the node value w; and the output signal from branch jk 
to node k is denoted v;,. The dependence of a branch output upon the branch 
input is denoted 

Vi = firIw;] (4.3) 

That is, f;,[ ] stands for the transformation of a branch input into a branch 
output.

To represent the injection of external inputs or sources into the graph we 
use source nodes. A source node has no entering branches. It is generally 
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ide 

Node 

Fig. 4.4 Example of nodes and branches in a signal flow graph. 

convenient to number the source nodes separately from the network nodes. 
The node value at source node j will be denoted as x; and the output of a 
branch connecting source nodej to network node k will be denoted as s;,. A 
source node is depicted in Fig. 4.5. 

Just as inputs to a graph can be obtained from a source node, we often 

find it convenient to extract outputs from a graph through sink nodes, i.e., 
nodes having only entering branches. A sink node is depicted in Fig. 4.6. 
The node value at sink node k will be denoted by y, and the output of a 
branch connecting network node j to sink node k will be denoted as ry, 

By definition, the node value at each node in a network is given by the 
sum of the outputs of all the branches entering the node. It is sometimes 
notationally convenient to assume that there is a branch in each direction 
between every pair of network nodes and that each source node is connected 
to each network node, although clearly some of the branch outputs may 
then be zero. With this notation, and assuming N network nodes in the 
graph numbered from 1 to N, M source nodes numbered from 1 to M, and P 
sink nodes numbered 1 to P the set of equations represented by the graph is 

N M 

Np = &gt; Vir + &gt; Si k=12.....N (4.43)
i=1 7=1

Inébwork somree
nodes) nodes) 

N 

&gt; Tix k == 1.2. asa (4.4b)
i=1 

(network
nodes) 

As an example of how the above flow-graph concepts can be applied to 
the representation of a difference equation, consider the block diagram of the 

Source node j 

Node 

Tig, 4.5 Representation of a source node. 



        

  

      

           

             

             

           

    

  

    

  

  

         

  

    

    

    

      

       

  

             

  

          

             

           

          

           

           

        

         

   

 

       

            
              

              
            

     

   

     

   

   

          

   

    

     

    

      

        

   

              
   

        

              
            
           
            

            
         

41 Signal Flow Graph Representation of Digital Networks 141 

Sink node k 

Node 

Fig. 4.6 Representation of a sink node. 

first-order digital filter in Fig. 4.7(a). A signal flow graph corresponding to 
this network is shown in Fig. 4.7(b). In this case the branch variables are 
sequences. There is one source node connected to node 1 and one sink node 
connected to node 3. Writing equations (4.4) for this graph we obtain 

w1(n) = s13(n) + v43(n) 

wan) = v15(n) 

Wa(1) = ag(n) + vg5(n) 

wa(n) = voy(n) 

y(n) = wy(n) 

From Fig. 4.7(b) we note that the branch outputs are 

sun) = x(n) 

012(n) =fr2(W1) = w1(n) 

3a(n) = fara(We) = wa(n) 

Vas(n) =faa(Ws) = bwy(n) 

va(1) = far (Wa) = aws(n) 

Vea(n) = foa(Wp) = wy(n — 1) (delay) 

y(n) = ws(n) 

These equations can be solved for y(n) in terms of x(n), yielding the single 
first-order difference equation, 

y(n) = ay(n — 1) + x(n) + bx(n — 1) 

We observe that all branches except one (branch 2,4) can be represented by a 
branch transmittance; i.e., the output signal is simply a constant times the 
branch input. Branch (2,4), however, is represented by a delay operator. 
Indeed, in general, f;,[ ] denotes an operator that transforms an input 
sequence into a branch output sequence. In the case of linear time-invariant 
discrete-time systems characterized by difference equations, the signal flow 
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— (F— + 
x(n) » y(n) 

a Bil 
‘a 

Source Sink 
node 1 1 2 _ 3 node 1 
ona 
x(n) \ { Delay y(n) 

ybranch\ h 

Fig. 4.7 (a) Block-diagram representation of a first-order digital filter;
(b) structure of the signal flow graph corresponding to the block diagram
in (a). 

graph can also represent relationships among z-transforms. In this case, 
each branch can be characterized by its transfer function, i.e., a transmittance 
that is a function of z. Thus 

Viz) = Fy (2) W(2) (4.5) 

For such graphs, the transmission of each branch will be placed next to the 
arrowhead that indicates the branch direction. For convenience, a branch 
with no transmittance explicitly indicated will be assumed to have unit 
transmittance. Also, it is convenient to sometimes indicate the node variables 
as sequences rather than z-transforms in which case it is understood that 

branch transmittances z™' imply a unit delay of the input sequence. The 
graph of the previous example is shown again in Fig. 4.8 in the form to be 
used henceforth. 

Comparison of Fig. 4.7(a) with Fig. 4.8 shows that there is direct corre-

spondence between branches in the digital network and branches in the flow 
graph. In fact, the only important difference between the two is that nodes 

Source Sink 
node 1 1 node 1 

O0—&gt; a 

x(n) y(n) 
or or 

X(z2) 1 Y(z) 

Fig. 4.8 Signal flow graph of Fig. 4.7(b) with the branch transmittances 
indicated. 



      

            

            

           

          

          

         

            

             

         

            

            

     

     

            
 

 

       

    

           

           

            

            

               

             

         

         

  

   

   

           

 

      

       

             
             

            
           

          
          

            
              
          

             
             
      

      

            
  

 

          

     

            
            

             

             
                

              
         

          

   
 

    

     

           
 

 

      

 

  

4.2 Matrix Representation of Digital Networks 143 

in the flow graph represent both branch points and adders in the digital 
network. For example, nodes 1 and 3 correspond to adders and nodes 2 
and 4 correspond to branch points in the original network. Signal flow 
graphs serve the purpose of pictorial representation of a discrete-time system 
and have the further advantage of lending themselves to graphical manipula-

tions which provide insight into the behavior of the network. 
When all the branches in a flow graph can be represented by trans-

mittances, the set of equations represented by the graph is a linear set of 
equations, and manipulation of the graph is equivalent to manipulating 
this set of equations. Thus an alternative description of a linear flow graph 
is in terms of this set of equations, corresponding to a matrix representation, 
as considered in the next section. 

4.2 Matrix Representation of Digital Networks 

Equations (4.4) represented by a signal flow graph, expressed in terms of z-
'ransforms, are 

N M 

Wiz) = 2 Vie(2) + 2 Sa(2), k=12,... 1 (4.63) 

©) = SR) k=12... (4.6b) 

If the graph represents a linear shift-invariant system, then each branch can 
be represented by a transmittance. It will generally be convenient to assume 
that the branches from the source nodes to network nodes and from network 

nodes to sink nodes have a transmittance that is constant, independent of z. 
There is no loss of generality in this since if necessary a network node can be 
inserted connected directly to the source node, and this node in turn can have 
branches to other nodes with nonconstant transmittance. A similar pro-

cedure can be used, if necessary, for sink nodes. Then 

V..(2) = F;,(2)W:(z) 4.7)
and 

Si(z) = byX;(2) (4.8) 

R;(2) = c;; W;(2) (4.9) 

Substituting Eqs. (4.7)-(4.9) into (4.6) we obtain the set of linear algebraic

equations 
N M 

Wiz) = SF#(2)WL(z) + 2.bX(2) (4.102) 

N 

(4 10b)1.)=3euy(2) 



        

         

    

   

          

           

              

      

  

           

          

         

  

               

            

     

          

    

 

      

             

            

   

            

             

               

    

     

         

  

             

            

              

             

         

          

      
     

           
            

               
       

    

            
           

          

   

                

             
      
           

     

  

 
        

             
             

 

    

             
              

                

     

      

          

    

              
             
               

              

144 Flow Graph and Matrix Representation of Digital Filters 

These equations can be written compactly in matrix form as 

W(z) = Fi(z)W(z) + BX(2) (4.113) 
Y(z) = Ct W(2) (4.11b) 

where W(z) is a column vector of values Wy(z), k=1,2,...,N,X() isa 
column vector of values X;(z),j =1,2,..., M,and Y(z) is a column vector 
of values Y;(z) j=1, 2, ..., P. The matrix F(z) is the transpose of the 
N x N matrix F(z) given by 

F(z) = {F,;(z)} 4.12) 

For branches that are nonexistent in the flow graph, or equivalently have 
zero transmittance, the corresponding entry in the matrix F(z) is zero. 
Bt is the N xX M transpose of the matrix 

B = {b;;} 

and C'is the P X N transpose of the matrix C = {¢,,}. The matrix transpose, 

denoted by ¢, is required in Eqs. (4.11) for consistency between the subscript 
conventions of flow graphs and matrices. 

Equation (4.11a) can be solved for W(z) by matrix inversion as 

Wz) = [I — Fi(2)]'BX(2) 

= T(2)X(2) 

vhiie 
Iz) = [1 — F{(2)]'B! = {T},(2)} (4.14b) 

T(z) is called the transferfunction matrix of the system. As a consequence of 
Eq. (4.14), the signal at the kth node, W,(z), can be expressed as 

M 

Wz) = 2,Tu(2)X2) (4.15) 

i.e., each node variable is expressed as a linear combination of the sources. 
If only one source node (source node a) is nonzero, with value X,(z) and 
there is only one sink node with value Y(z) so that Y(z) = C*W(z) then the 

output Y(z) is given by 

Y(z) = C'W(z) = CTX, (2) (4.16) 

so that the system is characterized by the system function 

H(z) = C'Tt (4.17) 

In the case for which each branch system function is at most first order, 
.e., is either a constant multiplier or a constant multiplier together with a 
anit delay, the elements of the matrix F(z) in Eq. (4.11a) are either a constant 
or a constant times z~1. It is convenient to separate the matrix elements that 



      

            

    

             

   

      

     

       

             

       

       

    

  

 

            

            

           

       

 

 

 

   

  

 

 

  

  

  

   

   

  

    
 

 

 

          
     

       

             

     
              

    

       

      

        

              
        

           
     

    

             
             

            
        

          

         

         

        

 

 
      

 

 

    
 

  

 

          
      

4.2 Matrix Representation of Digital Networks 145 

involve no delay from those that do. Thus we can express F(z) as 

F(z) =F! + z7'F} (4.18) 
where F; and Fj are N xX N matrices. The matrix equation (4.11a) can 
therefore be expressed as 

W(z) = FIW(z) + z7'F:W(z) + B'X(z) 

Likewise, the expression for T*(z) becomes 

TYz) = [I — F! — z7'F;]'B! (4.20) 

where I is the identity matrix. Since F; and F are constant, independent of 
z, the inverse z-transform of Eq. (4.19) is 

w(n) = Fiw(n) + Fiw(n — 1) -- B x(n) (4 21a) 
Also, Eq. (4.11b) implies that 

y(n) = Clw(n) (4.21b) 

Equations (4.21) can, of course, be written directly from the flow graph, or, 
conversely, we can draw the flow graph directly from the set of equations. 

EXAMPLE. As an example, consider the first-order system of Fig. 4.9. The 
set of equations implied by this graph is 

“wy (1) rno 0 «¢~ “wy (nn) 000C“win — 1" 

wo(n) i wo (1) 0000 won — 1) 0 
[x(n)]

ws(n) wa(n) » 2 00 wg(n — 1) 0 

Wyol ‘000 0 GC. Wy(n)| 0100win =D] 0] 

(wy(n)” 

wo (1)
yi) =[0 0 1 0] wa(n) (4.22)

ws(n) 

|wy(n) 

A a bp Wi 
ve 

x(n) vin) 

x 

Fig. 4.9 Signal flow graph for a first-order system. The corresponding
equations are those of equations (4.22). 



        

 

  

 

          

               

             

             

           

 

 
   

   

   

   

   

    

 

 

  

  

   

    

  

 

   
 

 

           
             

              

             

    

               

             

            

            

            

            

            

            

             

            

            

             

               

         

  

   
  

           

               
              

              
            

              

           

        

            
 

       
 

 

            
              

               
              

     
                

              
             

             
             

             
             

             
              

             

             
             

                

146 Flow Graph and Matrix Representation of Digital Filters 

[¥ do Ug 

*(n) 7 y (n)\ 
a. ? h, 

Fig. 4.10 Flow graph of Fig. 4.9 with the nodes renumbered. 

It is clear that the form of the matrices F; and F depends on the ordering

of the equations or, equivalently, the numbering of the nodes. In Fig. 4.10 we 
show the graph of Fig. 4.9 with the node variables (denoted u;) numbered in 
a different order. For this graph we obtain the set of equations 

“uy(n)] 0 0 0 O° "uy(n)] ™ 0 1 0 Puy(n — 1)7 ro’ 

uy(n) | aa 0 0 O us(n) 0 000 us(n — 1) 1 
[x(n]

us(n — 1), nf 0us(n) | J 1 0 O us(n) 0 000 

uy (rn) | |b; O b, O wn) 0 0 0 0. un —1] Lol 
“uy (n)” 

1,(n)
(in) =[0 0 O 1] u,(n) (4.23) 

ua(1) 

_u,(n)| 

By examining the flow graph of Fig. 4.9, or, equivalently, equations (4.22), 
it is clear that the node variables cannot be generated in sequence, i.e., first 
wy, then w,, etc., since, for example, w, is needed to compute w;. On the 
other hand, the same flow graph with the nodes renumbered as in Fig. 4.10 
can be computed in sequence. 

In some cases there is no way of reordering the nodes in a flow graph to 

permit the node variables to be generated in sequence. A flow graph of this 
type is said to be noncomputable. A simple example of a noncomputable flow 
graph is shown in Fig. 4.11, where all the transmittances are constants. It 
must be emphasized that the fact that the flow graph is noncomputable does 
not mean that the set of equations representing the flow graph cannot be 
solved. It means that they cannot be solved directly for each node variable 

successively.
In the equations (4.23) corresponding to the flow graph of Fig. 4.10 we 

note that the matrix F, has only zeros above the main diagonal and that 
furthermore the main diagonal elements are all zero. This is not true in 

equations (4.22), which correspond to the flow graph of Fig. 4.9. As shown 
in Problem 3 of this chapter, a necessary and sufficient condition for the com-

putability of a flow graph is that the nodes can be numbered so that in the 



      

 
  

  

       

             

             

             

               

              

            

           

         

  

             

   

  

             

          

          

  

        

         

   

            

            

         

        

           

              

            

             

            

              

            

               

       

 

 
     

        

              
              
              

                
               

             
           

          

   

              

   

   

 

  

              
           

           

   

         

          
    

             
             

          
         

            
               

            
              

             
               

             
                

4.2 Matrix Representation of Digital Networks 147 

® 

2 3 
x(n) O— Te en ~ovy(n) 

Fig. 4.11 Example of a noncomputable flow graph. 

matrix Fy there are only zeros above the main diagonal and the main diagonal 
slements are zero. It can also be shown [3] that an equivalent necessary and 
sufficient condition for the computability of a flow graph is that there be no 
loops in the flow graph with no delay branches. In the flow graph of Fig. 4.11, 
for example, there is a loop with no delay, and consequently the graph is not 
computable.

The set of equations (4.23) can be obtained from (4.22) by permuting the 
node variables. In matrix notation this is accomplished by a linear trans-

formation of the vector w(n) into the vector u(r); i.e., 

u(n) = Pw(n) 

where P is a nonsingular N X N constant matrix. In the previous example, 

o o 1° 

1 ¢ 0 

0 

00 GC 

Permuting the variables of a flow graph is a simple example of a more 
general principle that is placed in evidence by the matrix representation. 
More generally, if P is any nonsingular matrix, we can write 

w(n) = Pun) 

and substitute this expression into equations (4.21) to obtain 

a(n) = PF:P"u(n) + PF!Pu(n — 1) + PB'x(n) 4
27 

y(n) = CP u(n) 

Equations (4.27) are in the same form as equations (4.21) but correspond to 
a different flow graph or network representation. Thus there is a variety of 
network realizations of the same system function. This important fact 
serves as the basis for Secs. 4.3 and 4.4. 

In equations (4.21) the present values of the node variables are expressed 
in terms of their present and past values; i.e., w(n) is expressed in terms of 
w(n) and w(n — 1). It is sometimes convenient to have network represen-

tations in which w(n) is expressed explicitly in terms only of past values of 
the node variables and current values of input. This corresponds to the case 
in which the matrix F; in Eq. (4.21) is equal to zero. With the network 
equations expressed in this form one can compute the value of the node 
vector w(n,) at any time n, given the value of the node vector w(n,) at some 



        

               

            

          

          

          

           

    

        

              

           

    

  
     

 

      

  

               

             

         

         

             

          

             

            

           

          

          

              

             

    

      

          

         

           

        

         

          

         

         

                
             

           
           
           
            

     

         

               

            

      
 

    

      

        

    

                
              

         
         
              

           
             
             

            
           

           
               

              

     

       

           
          

            
         
          

           
          

148 Flow Graph and Matrix Representation of Digital Filters 

time rn, and the input vector s(n) for ny &lt;n &lt;n, (see Problem 5 of this 
chapter). This is similar to what is commonly referred to as a state-variable 
representation, although in our formulation the number of states (nodes) is 
generally greater than the number of essential state variables necessary to 
represent the network. A state-variable representation of this type can be 
obtained from a representation in the form of Eqs (4.21). Specifically, Eq. 
(4.21a) can be written as 

[I — Filw(n) = Faw(n — 1) + Bx(n) 

Assuming that the matrix [I — F.] is nonsingular, we can solve for w(n) as 

w(n) = [I — Fi 'Fiw(n — 1) + [I — F!]7'B'x(n) 

D = [I — FB! (4.28a) 
4.1Rk 

A=[I— FF, (4 28b) 

then we obtain the matrix representation 

w(n) = Aw(n — 1) + Dx(n) (4.29) 

y(n) = Ciw(n) (4.29b) 

[t can be shown (see Problem 4 of this chapter) that if the system is computable, 
the matrix [I — F!] is nonsingular. Thus we can find a matrix representation 

of the form of Eqs (4.29) for any computable system.

The transformation of node variables according to Eq. (4.26) corre-

sponds to a transformation of the flow graph; i.e., it changes the structure of 
the digital network while leaving the input-output relationships the same. Since 
there are many transformations of the type of Eq. (4.26), there are many net-

work realizations of the same system function. In practice there are a number 
of network configurations that are most commonly used. In the next section 
we consider some of the most common network forms. Although these 

networks are related to one another through linear transformations of the 
form of Eq. (4.26), we shall find it more convenient to arrive at these standard 
network forms by other means. To do this it is most convenient to consider 

[IR and FIR systems separately. 

43 Basic Network Structures for [IR Systems 

The previous two sections, which have dealt with the representation of 
linear shift-invarient discrete-time systems as networks, have made it clear 
that to each rational system function there corresponds a variety of different 
network configurations. One consideration in the. choice between these 
different realizations is computational complexity. That is, networks with the 
fewest constant multipliers and the fewest delay branches are often most 
desirable, since multiplication is a time-consuming operation and each delay 



       

          

           

            

            

           

            

          

            

             

  

         

   
    

              

 

        

           

           

             

 

 

          

        

           
            

             

             
            

             

           
             

              

 

   

          

 

 
     

    
 

               
 

 

          

            
            

             

  

 
 

   

 

  

  
 

  

           

4.3 Basic Network Structures for IIR Systems 149 

element corresponds to the use of a memory register. Consequently, a 
reduction in the number of constant multipliers means an increase in speed, 
and a reduction in the number of delays means a reduction in memory 

requirements. On the other hand, the effects of finite register length in actual 
hardware realizations of digital filters depend on the structure, and it is 
sometimes desirable to use a structure that does not have the minimum number 

of multipliers and delays but is less sensitive to finite-register-length effects. 
Thus it is important to discuss some of the more commonly used network 
forms. In this section we discuss IIR systems. In Sec. 4.5 we discuss FIR 

systems. 

4.3.1 Direct Form 

If we consider a rational system function of the form 

M 

Sb" 
H(z) = —*=" 7—— (4.30) 

1 - = &gt; az" 
Ir=1 

then we recall that the input and output of such a system satisfy the difference 
equation 

N M 

y(n) =2, ay(n — k) +2 bix(n — k) (4.31) 

Since this difference equation can be written down directly by inspection of 
the transfer function in the form of Eq. (4.30), the network corresponding 
to Eq. (4.31) is called the directform I realization of the system characterized 

o—: —0 

«(n) y(n)
3 

(n-1 y(n —1 

3 

(n-2 yv(n=2) 

Dn 1 An— 
x(n—N+* 

hy.

(n—Ni Sv(n—=N. 

Fig. 4.12 Direct form | realization of an Nth-order difference equation. 



        

             

              

              

             

           

             

           

           

         

          

           

             

              

         

           

          

             

         

           

             

             

               

            

           

     

 

 

              
  

         

              
               

               
              

            
              

            

            
          

           
            

              
               

          
            

           
              
          

            
              
              

               
             
            

      

 

   
 

  

  

               
   

150 Flow Graph and Matrix Representation of Digital Filters 

by Eq. (4.30). This network is shown in Fig. 4.12. In drawing the network, 
we have, for convenience, assumed that M = N. Clearly if this is not the 
case, some of the branch transmittances in Fig. 4.12 will be zero. It should be 
observed that in Fig. 4.12 we have drawn the network graph so that each 
node has at most two inputs. Although this convention clearly results in 
more nodes than are necessary, it is consistent with the fact that in digital 
hardware or software realizations, the sum of more than two numbers is 

carried out by forming separate sums of two numbers; i.e., addition in 
digital hardware typically involves only two numbers at a time. 

Since the set of coeflicients b, corresponds to the numerator polynomial, 
and the set of coefficients a; corresponds to the denominator polynomial of 
H(z), we can interpret Fig. 4.12 as consisting of a cascade of two networks, 
the first realizing the zeros and the second realizing the poles. In the case of 
linear shift-invariant systems, the overall input-output relation of a cascade 
is independent of the order in which subsystems are cascaded. This property 
suggests a second direct-form realization. Specifically, if we realize the poles 
of H(z) first, corresponding to the right half of Fig. 4.12, and then realize 
the zeros, we obtain the network shown in Fig. 4.13. 

We observe that the two strings of branches with transmission z=! have 
the same input, and thus only one string is required. Thus the network in 
Fig. 4.13 can be redrawn as in Fig. 4.14. This network configuration is often 
referred to as the directform II. We note that it has the minimum number of 
branches (M or N, whichever is greater) with transmission z1. That is, the 
minimum number of delay registers is required for this realization of the 
transfer function H(z) in Eq. (4.30). 

0O-. 

x(n) | y(n} 
} 

Jagyg Dag1 

3 wv I 

Fig. 4.13 Network of Fig. 4.12 with the order in which the poles and zeros 
are reverse cascaded. 
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jood © 

x(n) vin) 

3. 

(1a, DN-1 

Fig. 4.14 Network of Fig. 4.13 with the two strings of delays combined 
into one. The resulting network form is referred to as the direct 
form Il and has the minimum possible number of delays. 

An example of another network structure having the minimum number of 
delays is obtained by writing the system function in the form 

N b , b, —r

H(z) =b, 4+ 3{BtEb) (4 32) 
= — az" 

The corresponding flow-graph is depicted in Fig. 4.15. There are many 
distinctly different forms that have this same minimum number of delays. 
Such network forms are often referred to as canonic form networks. 

Ye 

-O
a) vin) 

baa. + b. 

brQs + bo 

In— boOn-1 + bn-1 

Ox, boon + bn 

Fig. 4.15 Example of a structure different from that of Fig. 4.14 but which 
also has the minimum number of delays. 



        

  

         

             

       

 

      

    
       
 

                

              

          

            

              

            

         

             

          

          

           

              

    

  
       

     

              

               

             

              

              

           

           

          

           

         

 

  

 

  
 

  

 

 

    

 

            

 

         

   

          
              

        

  

       

   
   

  

                
              
          

             
               

            
          

             
           

          
           
               

     

   
    

    

               
                

              
               
               

            
            
           

            
          

  
  

      
    

 
    

      

            
  

152 Flow Graph and Matrix Representation of Digital Filters 

4.3.2 Cascade Form 

The direct-form network structures were obtained directly from the system 
function H(z) written in the form of Eq. (4.30). If we factor the numerator 
and denominator polynomials, we can write H(z) as 

M1 M2 

ITA —gzH ITA — hz — hz) 

H(z) =AS—"0-— (4.33) 
IT(1 — az) IT — dz) — diz)
k=1 k=1 

where M = M, + 2M, and N = N; + 2N,. In this expression the first-

order factors represent real zeros at g, and real poles at ¢,, and the second-

order factors represent complex-conjugate zeros at /, and Aj and complex-

conjugate poles at d; and dj. This represents the most general distribution of 
poles and zeros when all the coefficients a, and Z;, are real in Eq. (4.30). 
Equation (4.33) suggests a set of structures consisting of a cascade of first-

and second-order subsystems. There is clearly considerable freedom in the 
choice of composition of the subsystems and in the order in which the sub-

systems are cascaded. In practice, however, it is important to implement 
the cascade realization using a minimum of storage, and hardware realiza-

tions are often implemented by time sharing or multiplexing a single second-

order section. Thus it is convenient to think in general in terms of a cascade 
form based on the equation 

[(N-+1)/2] -1 —2 
Hz) =A4 II 1 + Pu + bu 

1 1 — oz — gz 

where [(N + 1)/2] means the largest integer contained in (N + 1)/2. In this 
case we have assumed that M &lt; N. In writing H(z) in this form we have 
assumed that the real poles and real zeros have been combined in pairs. If 
there are an odd number of real zeros, one of the coefficients f,, will be 
zero. Likewise if there are an odd number of real poles, one of the coefficients 

oto Will be zero. The previous discussion of direct-form structures makes it 
clear that we can implement a cascade structure with minimum memory by 
using the direct form II realization of each second-order subsystem. A 
cascade realization of a sixth-order system using a direct form II realization 
of each second-order subsystem would appear as in Fig. 4.16. 

o— -0 
x(n) vin) 

a A dp + Bp Qz Bis 
A Y — Vv —1 1 

7 z 
&gt; = —r—0 . &lt; - — rr —- I. 

Qo Bo aso Bos A»z Boa 

Fig. 4.16 Cascade structure with a direct form Il realization of each second-

order subsystem. 



   

            

              

         

         

         

  

         

            

                

       

              

                  

   

           

             

      

  
       
      

             

 

        

        

             

         

       

  

           

         

          

          

         

          

          

           

           

              

           

    

             
               

          
         

         
 

   

         
             

 

         
        

               
                   

    
            

             
       

  
       

     

              
  

         
        

              
          

        

   

           
          

           
           

          
           

           
           

            
               

            

4.4 Transposed Forms 153 

As we have pointed out, there is considerable flexibility in the manner in 
which the poles and zeros are paired together and in the order in which the 
resulting second-order subsystems are cascaded. It turns out that, although 
all such pairings and orderings are equivalent for infinite-precision arith-

metic, they may differ considerably in practice, owing to finite-word-length
effects. 

4.3.3 Parallel Form 

As an alternative to factoring the numerator and denominator poly-

nomials of H(z), we can express H(z) as a partial-fraction expansion in the 
form 

=» ——— —H(zZ)) 5 Ay +S B,(1 — ez) +'5c z—k (4 \ 35)
i=l —czt Aa —dz YA —dfzY) io F 

[f the coeflicients a; and b, in Eq. (4.30) are real, then the quantities A4,, 
B., C,, ci, and ¢, are all real. If M &lt; N, then the term Yr” C,z~* is not 

included in Eq. (4.395). 
The expression in Eq. (4.35) can be interpreted as a parallel combination 

of first- and second-order systems, or we may group the real poles in pairs 
so that we can write H(z) as 

M-N [(N+1)/2) 71
Hz) = 3 Gat + 5 —etiul (436)

E=0 =1 1 — 027 — og2 

A typical example of the parallel-form realization with M = N is shown in 
Fig. 4.17. 

The network structures discussed above represent the basic structures 
commonly encountered. There are, however, many others which corre-

spond to the variety of ways in which the network equations or the numerator 
and denominator polynomials in the system function can be manipulated. 
Some examples can be found in references [4-8]. 

4.4 Transposed Forms 

The theory of linear signal flow graphs provides a variety of manipulative

procedures for transforming signal flow graphs into different forms while 
leaving the transmission between input and output unchanged. One of these 
procedures, called flow-graph reversal or transposition, leads to a set of 
transposed filter structures. Specifically, transposition of a flow graph is 
accomplished by reversing the directions of all branches in the network. 
For single input-single output systems, the resulting graph has the same 
transfer function as the original graph, with the input and output inter-

changed. This theorem is a direct consequence of Mason’s gain formula for 
signal flow graphs [1], and it will be also shown to follow from a basic 
network theorem to be proved in a later section of this chapter. 
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"0 

Q Y| 

a 

YO 
oO —_
(n) y(n) 

PS 
19 Yi? 

7 

Qos 

faY 

(1.~ Y\ « 

a ox 

Fig. 4.17 Parallel-form realization with the real and complex poles grouped
in pairs. 

J. 

y(n) pr 

IN AN-| 

Tig 

Fig. 4.18 Transposition of the direct form | network of Fig. 4.12. 
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—0 

x(n) | y(n) 

bo! 

UN— DN —4 

ly 

Fig. 4.19 Network of Fig. 4.18 redrawn to observe the convention that the 
input is on the left and the output on the right. The result is the 
transposed direct form | structure. 

The result of applying this theorem to the direct form I network of Fig. 
4.12 is shown in Fig. 4.18. If we redraw this structure with input on the left 
and output on the right, as is our convention, we obtain Fig. 4.19. Similarly, 
ve obtain from Fig. 4.14 the transposed direct form II shown in Fig. 4.20. 

Given the previously stated transposition theorem, it is clear that any 
network configuration can be transposed to yield another network form, 
with the same number of delay branches and the same number of coefficients. 

4.5 Basic Network Structures for FIR Systems 

The previous discussion has been directed toward realizations of systems 
having infinite-duration impulse responses. Of necessity, the realization of 

dA 

— —0 
«(n) vin)

7 

Vay (1a, 

| ? 
Op. 

Fig. 4.20 Transposed direct form || structure. 



        

          

       

          

      

   

               

                  

               

          

            

  

        

    

     

               

 

   

       

               

             

    

         

          
            

  

        

         

           
        

           
       

 

     

               
                   

                

           
             

 

   

         

     

 

       

                

 

  

 

        

 

        

                
             

     
          

          
             

 

 

 

      

 

 

         

156 Flow Graph and Matrix Representation of Digital Filters 

such systems involves a recursive computational algorithm. In the case of 
causal systems with finite-duration impulse responses, realizations generally 
take the form of a nonrecursive computational algorithm. For such systems 
the system function is of the form 

N-1 

H(z) = 3 h(m)z™" (4.37) 

That is, if the impulse response is N samples in duration, then H(z) is a poly-

nomial in z7! of degree N — 1. Thus H(z) has N — 1 poles at z= 0 and 

N — 1 zeros that can be anywhere in the finite z-plane. Just as for IIR 

systems, FIR systems have a variety of alternative forms of implementation. 
In this section we shall discuss the most important network forms for FIR 

systems. 

4.5.1 Direct Form 

The direct-form realization follows directly from the convolution sum 

relationship written in the form 

N—1 

p(n) = 3 h(k)x(n — k (4.38) 

A signal flow graph for Eq. (4.38) is shown in Fig. 4.21. This structure can be 

“5 

o— . 

x(n) 

y h(O) Yhih) (2) { h(N-2) f h(N-1) 

y(n) 

Fig. 4.21 Direct-form realization of an FIR system. 

seen to be identical to that of Fig. 4.14 when all the coefficients a, are zero. 
Thus the direct-form structure for FIR systems is a special case of the direct-

form structure for IIR systems. 
The network of Fig. 4.21 corresponds to the most straightforward 

ordering of the additions and multiplications implied by Eq. (4.38). Clearly
there are many other ways that the computations can be organized, and thus 

—1 

—_0 

y(n) 

Lh(N-1) fhin-2) fh(N-3) Lh(1) | neo) 

Dr, 

«(n) 

Fig. 4.22 Transposition of the network of Fig. 4.21. 



       

        

          

           

  

             

    

      

              

               

       

            

          

     

            

         

             

              

           

           

       

            

 

     
 

 

       
 

        

         
           

            
 

   

              
     

 

        

               
                

  
  

  

   

   

        

             
           

      

             
          

              
               

            
            

       

             

  

     
  

  

       
  

4.5 Basic Network Structures for FIR Systems 157 

there are many other theoretically equivalent network structures. For 
example, the transposition theorem introduced in the previous section can be 
applied to Fig. 4.21 to obtain the transposed direct-form structure of Fig. 
4.22. 

4.5.2 Cascade Form 

An alternative to the direct form is suggested by writing H(z) as a product 
of second-order factors as in 

[N/2] 

H(z) =IT (Box + Buz + Barz?) (4.39) 

where if N is even, one of the coefficients f,;, will be zero, corresponding to 
the fact that for NV even, H(z) has an odd number of real roots. The network 

Be BoiNn/2] 
o—. —0 

x(n) y(n) 

By or Biins2) 

Ba B25 B2n/2] 

Fig. 4.23 Cascade-form realization of an FIR system 

corresponding to Eq. (4.39) is shown in Fig. 4.23, where we have realized 
each second-order factor in the direct form depicted in Fig. 4.21. 

4.5.3 Networks for Linear-Phase FIR Systems 

In many applications it is desirable to design filters to have linear phase. 
For linear phase frequency selective filters, for example, signals falling 
entirely in the passband will be reproduced with a delay equal to the slope 
of the phase curve. One of the most important features of FIR systems is that 
they can be designed to have exactly linear phase. The unit-sample response 
for a causal FIR system with linear phase has the property that 

h(n) = h(N — 1 — n) (4.40) 

T'o see that this condition implies linear phase, we write Eq. (4.37) as 

(N/2)-1 N-1 

Hz)= 3 hn)z™" + 3 h(n)z™"
n=0 n=N/2 

'N/2)—1 (N/2)—1 

&gt; hmMz "+ 3 AN —1— nz1 
n=—&gt;0 n=0 



        

            

     

        

  
        

               

 

        

   

           
  

             

            

      

       

             

            

               

             

  

           

           

                  

             

            

             

 

 

           

 

         

             

 

      
 

         

   
      

 

                

 
        

 

    

             

              
             

       

       
              
             

               
              

   
            

            
                   

              
             
              

 
 

     
  

 

            
  

158 Flow Graph and Matrix Representation of Digital Filters 

where N is assumed to be even. Using Eq. (4.40) we can write 

(N/2)—1 

H(z) = 3 hm)[z™" + z~W-1-nr (4.41)
n=0 

[f N is odd, it is easily shown that 

[(N-1)/2}-1 N —1 
H(z) = &gt; h(n)[z™" + Zn) + (Fv (4.42)

n=0 

If we evaluate Eqs. (4.41) and (4.42) for z = ¢’®, we obtain. for N even. 

(N/2)—1 N—1

H(®) = eset) &gt; 2h(n) cos [of — =~)
n=0 

and for N odd. 

[(N-3)/2

H(e'®) — eset (F—1) .“s &gt; ! 2h(n) cos of — =4
2 n=0 2 

In both cases, the sums in brackets are real, implying a linear phase shift 
corresponding to delay of (N — 1)/2 samples. [Note that for N even, 
(NN — 1)/2 is not an integer.] 

Equations (4.41) and (4.42) imply direct-form network implementations

which require N/2 (N even) or (N + 1)/2 (I odd) multiplications rather than 
the N multiplications called for in the general case shown in Fig. 4.21. These 
networks are shown in Fig. 4.24 for N even and Fig. 4.25 for N odd. Trans-

posed forms can, of course, be obtained from Figs. 4.24 and 4.25, as we 
have done before. 

[mposing the symmetry condition of Eq. (4.40) on the coefficients of the 
polynomial H(z) causes the zeros of H(z) to occur in mirror-image pairs. 
That is, if z, is a zero of H(z), then 1/z, is also a zero of H(z) (see Problem 
L5 of Chapter 2). Furthermore, if the coefficients k(n) are real, then the zeros 
of H(z) occur in complex-conjugate pairs. As a consequence, real zeros not on 
the unit circle occur in reciprocal pairs. Complex zeros not on the unit circle 

x(n) 
a 

nC) hi, Vh(2) Fh(N/2-
£L

2) Fh(N/2-1) 
&gt;— . 

y(n) 

Fig. 4.24 Direct-form realization for an FIR system of even order with 
linear phase. 



       

 

 

           

 

           

              

          

                  

        

             

               

                 

            

           

           

           

            

          

           

    

    

 

 

         

        

 

   

  

 

            
  

           
               

           
                   

         
              

                
                  

             
            
            
            

             

           
            

     
  

 

 
 

 
 

 

          

4.5 Basic Network Structures for FIR Systems 159 

tr) 

“n{0) vy h(2) 

th(52) [rds
O— 

y(n) 

Fig. 4.25 Direct-form realization for an FIR system of odd order with 
linear phase. 

occur in groups of four, corresponding to the complex conjugates and re-

ciprocals. If a zero is on the unit circle, its reciprocal is also its conjugate. 
Consequently, complex zeros on the unit circle are conveniently grouped in 
pairs. Real zeros on the unit circle, i.e., zeros at z = 1 or z = —1, are their 

own reciprocal and complex conjugate and consequently are identified 
singly. The four cases are summarized in Fig. 4.26, where the zeros at z,, 
zf, 1/z;, and 1/zf are considered as a group of four. The zeros at z, and 
1/z, are considered as a group of two, as are the zeros at z; and z5*. The zero 

at z, is considered singly. Corresponding to this group of zeros, H(z) can 
be factored into a product of first-, second-, and fourth-order factors. Each 
of these factors is a polynomial whose coefficients have the same symmetry 
as does H(z); i.e., each factor is a linear-phase polynomial. Therefore, we 
can obtain a realization in terms of a cascade of linear-phase systems of 

first, second, and fourth order. The first-order systems corresponding to a 
zero at either z = +1 require no multiplications. The second-order factors 
will be of the form 

1 + gz71 + 2 

73 

CATT 
re) 

» 
| o£ 

3 

Fig. 4.26 Symmetry of zeros for a linear-phase FIR filter. 



        

          

  

     

          

   

  

            

            

             

    

 
   
   

   

     

          

       

            

        

               

               

         

           
   

     

           
    

   

             
             

              
     

        
 

   
 

      

           
        

             

 

 

 
 

 

 

 

 

 

 
 

         

                
               

 

160 Flow Graph and Matrix Representation of Digital Filters 

and thus will require only one multiplication. The fourth-order sections will 
have the form 

at bzl4+¢cz72_L h7—8 LL g7 

and will require three multiplications if realized as a linear-phase structure 
as in Fig. 4.25. 

4.5.4 Frequency-Sampling Structure 

In Chapter 3 we showed that the z-transform of a sequence of finite 
duration N can be represented in terms of N samples at equal spacing 
around the unit circle. For an FIR filter, Eq. (3.18) implies that the system 
function can be expressed as 

IR 2(03)
Hz) =(1—zN—-&gt; ——"— (4.43)(7) ={ INET wi 

where 

Wk — el (2Tk/N) 
1 

Hk) = HW) = [H(k)| (4.44) 

The quantities H(k) are called frequency samples since they are simply 
samples of the frequency response of the system." 

Equation (4.43) suggests that an FIR system can be realized as a cascade 

RHO 

|
2-1 

WO 
Teh 

y

O—b— 

x(n) 

1/N 
see)

y(n) 

H(N=-1) 

$21 
p-NHT 

Fig. 4.27 Frequency-sampling structure for implementing an FIR system. 

* The reader is reminded that, in keeping with the notation of Chapter 3, Hk) is 
periodic with period N. H(k), the DFT of h(n), is one period of the periodic sequence

203) 



       

              

                

              

            

           

              

            

              

           

 
      

   

          

   

              

         

           

            

           

          

       

  

    

     

          

           

              

         

         

            

     

 
        

    

  

           

         

       
       

 
   

        

               
                 

               
  

            
               

             
               

            

     
   

           

    

               
         

            
            

            
           

        

   
     

      

 

           
            

              
         

         
             

     
 

         

   
   

            

     

     
        

   
    

4.5 Basic Network Structures for FIR Systems 161 

of a simple FIR system with an IIR system as shown in Fig. 4.27. The system 
function of the FIR system is 1 — z~%, and the zeros of this system are at 

z, = exp [ j(2m/N)k]. The IIR portion of Fig. 4.27 consists of a parallel 
combination ofNcomplex first-order systems with poles at z, = exp[j(27/N)k]. 
These first-order systems have poles exactly on the unit circle, the purpose 
of which is to cancel exactly one of the zeros of the FIR system. In practice, 
the stability difficulties attendant to poles on the unit circle are avoided by 
sampling the system function H(z) on a circle of radius r, where r is very 
slightly less than unity [9]. In this case H(z) has the representation 

1M Hk)
Ho =(1— rz N=3 ————— (4.45)

IN 1 — riz! 

where the exact representation of H(z) by Eq. (4.45) requires that 

Hk) = HCW) (4.46) 

[n practice, however, r is chosen close to unity so that little error is incurred 
f Eq. (4.44) is used in place of Eq. (4.46).

In general, the frequency samples H(k) are complex, as are the quantities 
WN". Therefore, realization of an FIR system as in Fig. 4.27 requires com-

plex arithmetic operations. However, as we know from Chapter 3, if the 
mpulse response samples /(n) are real, then the frequency samples expressed 
n polar form satisfy the following symmetry conditions: 

|H(k)| = [HN—k)| 
Ok) = —6(N—k), k=0,1,....N—1 (4.47) 

where if H(0) &gt; 0, then 

60(0)=0 

Furthermore, since (Wx*)* = Wx", the first-order networks in Fig. 4.27 
occur in complex-conjugate pairs with the exception of the network with the 
pole at W} and, for N even, the network with the pole at Wx5"2 Conse-

quently, the complex first-order networks can be grouped in complex-

conjugate pairs and implemented as second-order networks with real coeffi-

cients. Specifically, assuming that N is even, we can express Eq. (4.45) as 

1 — pN;-N-(N2)-1 fk N-1 Hk

OR ee 
N lL == 1 —rWR'z k=Ni2+1 1 — rWy'z 

(0) + H(N/2) -
1—rz7b 1 +r 

which, upon changing the index of summation in the second sum. becomes 

1 — pN,—N (N/2)—1 fH k H N — k

H(z) == &gt; (FE) 3 pHN—B== 
N k=1 1 —rWi'z 1 — ry tz 

aT
H(0) H(N/2) (4.48)L 

1 — rz 1+rz 



        

             
 

   
                  

          

       

           

      

              

             

             

 
  

 

 

 

 

 

  

       
         

  

         

             
  

                  
 

           
        

            
       

               
              

              

   

  

   
  

  
 

 

 

 
 

 

  

   

   

        
         

   

162 Flow Graph and Matrix Representation of Digital Filters 

Using Eq. (4.47) and the fact that (Wy")* = Wx". we can rewrite Eq
(4.48) as 

NET2Ak) HON |HN/2)/N
He) = (1 — 27)  ——*H Pomme, fo Someta (4.49;@=0A=rz7) 2 N «2) + 1 — rz? hh 14 rzt 
where 

H(z) — cos (0(k)) — rz" cos [0(k) — 2mk/N] (4.50 
1 — 2rz * cos 27k/N) + riz? 

This equation suggests the network structure shown in Fig. 4.28, where all 
the arithmetic operations now involve real numbers. 

When N is odd, there will be no frequency sample for k = N/2. Thus 
the term involving | H(N/2)| will be missing from Eq. (4.49) and from Fig. 
4.28. If the system has linear phase, Eqs. (4.49) and (4.50) can be further 

21H)!
1 (2) N 

2]H(2)]
Ho(2) N 

2IH(5 -1)l
An_,(2) —F— 

Opp | J 

x(n) vin)H(O) 
- SA 

N 

N 

H(z) 
TTTcosB(k) 

oo 

} 2-1 

2r cos(2mk/N)- r 7= 

5 —rcos (8(k)-27k/N) 

Fig. 4.28 Frequency-sampling structure with the sampling frequencies dis-
placed from the unit circle and with the complex polesimplemented
'n second-order sections. 



       

           

           

             

   

       

           

            

             

             

             

              

          

              

          

        

        

    

           

            

               

           

             

           

     

      

             

                

              

             

         

            

              

        

          

      

         

           

          

       

            

   

 
      

        

           
            

              
    

        
            

             
             

              
              

              
           

               
           

         
         

     

            
             
                

            
              

            
      

       

              
                 

               
             

          
             

               

         
           

       
          

           
           

        
             

    

         

4.5 Basic Network Structures for FIR Systems 163 

simplified (see Problem 16). A similar structure can be derived by ex-

pressing H(z) in terms of samples offset from the previous frequency samples 
by an angle of #/N. The derivation of this structure is outlined in Problem 
17 of this chapter. 

There are two principal advantages of frequency-sampling realizations. 
First, we note that the multipliers on the outputs of each second-order 
system in Fig. 4.28 are proportional to samples of the frequency response at 
equally spaced angles on the unit circle. These values can of course be ob-

tained from the DFT of the impulse response. If the filter to be implemented 
is a frequency selective filter with one or more stopbands, it can be designed, 

as will be discussed in Chapter 5, so that the frequency samples in the stop-

bands are zero, thus reducing the number of second-order systems H(z) 
that must be realized. If most of the frequency samples are zero, as in the 
case of a narrow-band lowpass or bandpass filter, then a frequency-sampling 
structure may require fewer multiplications than a direct-form realization. 
Of course, the frequency-sampling realization will always require more 
memory than a direct-form realization. 

A second advantage stems from the observation that the poles and zeros 
of the filter structure depend only on the length of the impulse response. 
If an input is to be processed with a bank of FIR filters (i.e., several different 
impulse responses of length N), then a single realization of the factor 
(1 — z7¥), and of each second-order section, will serve for all the filters. 

Furthermore, the structure of Fig. 4.28 is highly modular, lending itself to 
time multiplexing of the second-order sections. 

4.5.5 Structures Based on Polynomial Interpolation Formulas 

As we have noted, the system function of an FIR system is a polynomial 
of degree N — 1 in the variable z=, where N is the length of the impulse 
response. It is well known that a polynomial of degree N — 1 is uniquely 
specified by its values at N distinct points. There are a variety of poly-

nomial interpolation formulas, such as the Lagrange and Newton formulas, 
which specify a polynomial in terms of NV values. Alternatively we can specify 
the value of the polynomial and its first N derivatives at some value of z* 

and construct the polynomial from its Taylor’s series representation. 
Schuessler [10] has shown that such representations of a system function 
imply structures for implementation of FIR systems. 

The frequency-sampling structure of the previous section is an example, 
where in this case the polynomial representing H(z) is constructed by trigono-

metric interpolation between equally spaced points on the unit circle. A 
generalization of the frequency-sampling structure, called the Lagrange 
structure, is easily inferred from Eq. (4.43). First. we note that Eq. (4.43) 
can be expressed as 

Na H(z;) 
( &lt; 1Bfiz) = P@)2, Nl — zz 
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~here 
N-1 

P)=TJA —zzH=1— FAY 
(4 5° 

110 

7, — gi(2n/N 

It is easily shown that Egs. (4.51) and (4.52) correspond to an (N — 1)st-

degree polynomial in z~! and that this polynomial gives the correct values 
at the sampling points (see Problem 14 of this chapter). 

Equation (4.51) is a special case of the Lagrange interpolation formula 
when the sample points are equally spaced on the unit circle. In general, the 
sample points z, may be chosen arbitrarily in the z-plane. In this case H(z) 
has the representation 

ae) — py
N-1

5 ——HE)
k=0 P(z)(1 — 2,27) 

N-1 

Pz) = JI (1 — zz7)
k=0 

N-1 

Pz) =TI(1 — zz) 
yt 

It is easily verified that Eq. (4.53) represents a polynomial of degree N — 1 
and that it gives the correct value at the sample points z,. Thus it is an ap-

propriate representation of the system function of an FIR system. The 

H(zg)

Pol 20) 

Z 1 H(z) [
: P.(z9) 

~~ Di = wv 

x(n) -— &gt; vin)
-202 -242-1 -Zn-1x 

H(zn-4)
Pn-1{zn-1) 

-

————— 
lle 

2m 12-1 

Fig. 4.29 Lagrange structure for implementation of an FIR system. 



    

            

             

           

            

          

           

            
           

    

          

         

         

          

           

          

   

   

          

             

          

            

           

              

            

  

             

           

           

            

           

            

          

          

            

           

         

             

          

            

           

              

            

     

             
              

            
             

           

           

             
           

     
           

          
          

           
            

           
    

    

           
              

           

             
           

               
            

   

             
           

            
            

           

            
           

           
             
            

          
              

           
             

 
            

               
             

4.6 Parameter Quantization Effects 165 

network structure suggested by Eq. (4.53) is depicted in Fig. 4.29. In particular 
we obtain a structure very similar to Fig. 4.27. If we choose the sampling 
points to occur in complex-conjugate pairs, and if the impulse response A(n) is 
real, then we can combine complex-conjugate terms in the sum in Eq. (4.53) 
into second-order factors as in the frequency-sampling case and we would 

obtain a network similar to Fig. 4.28. Furthermore, we can multiply to-

gether factors in the polynomial P(z) either in complex pairs or all together 
to obtain either a cascade-form or a direct-form realization of the non-

recursive part of the structure. 
Schuessler [10] has discussed other FIR network structures based on the 

Newton and Hermite interpolation formulas and on Taylor’s series expansions 
of H(z). All these structures, including the frequency-sampling structure, in 
general require more multiplications and delays than either the direct or 
cascade forms. Thus, the utility of such structures lies in possible advantages 
with respect to sensitivity to quantization effects and in matching design 
procedures to system realization. 

4.6 Parameter Quantization Effects 

Linear shift-invariant systems are often used to perform a spectrum shaping 
or filtering operation. In the design of such systems, there are a number of 
important considerations: First, we must make a choice between an IIR 

system and an FIR system. Many factors may enter into this choice. For 
example, an IIR system may require the fewest delays and constant multi-

pliers to meet a given set of filter specifications. On the other hand, the fact 
that FIR filters can have exactly linear phase is often a compelling argument

in their favor. 

Given the choice of system class, i.e., IIR or FIR, we must then deter-

mine a system function representation of the filter. The process of deter-

mining such system functions is the subject of Chapter 5. Finally, for 
realizing the system as a computer program or in hardware, a digital net-

work or structure must be chosen. There are many considerations and trade-

offs involved in choosing a structure, such as the implied hardware or soft-

ware complexity and difficulty in obtaining the parameters for the filter. 
Furthermore, almost all the design techniques developed up to the present 
lime lead to a specification of the system function in terms of parameters 
that assumes unlimited precision. If we choose to realize the system by 
program in a general-purpose computer, the accuracy with which the 
parameters can be specified may be limited by the word length of the computer 
memory. In hardware realizations, it is, of course, desirable to minimize 
the length of the registers that must be provided to store the filter 
parameters. 

Since the coefficients used in implementing a given filter will, in general, 
not be exact, then the poles and zeros of the system function will in general 
be different from the desired poles and zeros. This movement of the poles 



        

             

          

            

          

              

           

          

    

            

          

             

            

             

         

          

            

             

         

          

           

           

          

         

          

  

      

        

         

           

           

             

          

          

      

 
    

            

            

         

              
           

             
           

              

            
           

     
             
           

              
             

              

          
          

             
              

          
          

           
            

           
          
           

   

       

         
          

            
            

              
           

          
       

 

  
    

 
 

            
             

166 Flow Graph and Matrix Representation of Digital Filters 

and zeros (zeros only in the FIR case) away from the desired locations results 
in a frequency response that differs from the desired frequency response; 
and, if the coefficient quantization errors are large, the system may fail to 
meet the desired design specifications. Furthermore, in the IIR case, one 
or more of the poles may move outside the unit circle, resulting in an un-

stable system that would be useless for the intended application. In general, 
the effect of coefficient quantization is highly dependent on the structure 
used to implement the system. 

As we have seen, there is an infinite variety of network realizations that 
realize a given system function when the network parameters are represented 
with infinite precision. It is to be expected that some of these structures will 
be less sensitive than others to quantization of the parameters; i.e., the system 
function of the realization will be closer in some sense to the desired system 

function. Unfortunately, no systematic method has yet been developed for 
determining the best realization given constraints on the number of multi-

pliers, word length, and the number of delays. In practice, the choice is 
generally limited to the network forms of Secs. 4.3, 4.4, and 4.5. In place 
of a detailed mathematical analysis of the parameter-sensitivity problem, a 
common practical approach is the use of simulations for determining ac-

ceptable quantization of the parameters of a given network. In the re-

mainder of this section we shall discuss some simple results that provide 
insight into the problems of parameter sensitivity. It should be emphasized 
that the present understanding of the relationship between network structure 
and coefficient sensitivity is indeed meager. This remains an important and 
active research topic. 

4.6.1 Parameter Quantization Effects in IIR Systems 

Parameter quantization effects manifest themselves in deviations of the 
filter characteristics from the desired frequency response or equivalently in 
the movement of the poles and zeros away from their desired locations 
[11-13]. Thus one measure of the sensitivity of a given network realization 
to parameter quantization is the error in the location of the poles arid zeros 
caused by an error in the constant multipliers in the network. 

To indicate how parameter quantization affects the pole and zero loca-

tions, consider the system function expressed as 

M 

&gt; bz" 
H(z) =—E=0 4 56) 

2.a.z" 
“~ 

The coefficients a, and b, are the desired coefficients in a direct-form realiza-

tion of the system. With quantized coefficients we, in fact, realize a system 



    

   

 

   

    

    

             

         
 

 

     
 

               

               

 

    
 

      

   
    

  

 

  

              

           

            

         

           

            

   

               

             

              

            

             

               

              

     

    
 

 
  

    

 

 

  

  

              
         

  
 

     
  

                
                

 
    

  

       

        
   

  

  
 

               
            

             
          

            
             

    
                
              

               
             
              

                
               

4.6 Parameter Quantization Effects 167 

whose system function is 
th 

Sbz* 
3 k=0 

Az) = += — (4.57) 

Tr=1 

where 

4, = a, + Aa, 

b, = b, + Ab, 

Suppose that the poles of H(z) are located at z =z, i=1,2,..., N; i.e, 
expressed in factored form, the denominator polynomial in the system
function is 

N N 

Pz) =1—Daz =U — zz (4.58)
k=1 k=1 

Furthermore, let us define the poles of H(z) as z; + Az;, wherei = 1,2, ..., 
N. The error Az; can be expressed in terms of the errors in the coefficients as 

N 55.

Az; =3ZZ Aa, i=1.2.... (4.59)
k=1 da, 

Using Eq. (4.58) and the fact that 

(22) 0z; _ (72)
0z; 2=2, da, da, 2=2, 

it follews that 

oz, ii 
(4.60)

da,
* I1(z— 2)

uh

= 

Equation (4.60) is a measure of the sensitivity of the ith pole to a change 
(error) in the kth coefficient in the denominator polynomial of H(z). [This 
result is valid only for simple-order poles, as is evident from Eq. (4.58). 
The extension to multiple-order poles is straightforward.] Since for the 
direct form, the zeros depend only on the numerator coefficients b,, an 
entirely analogous result can be obtained for the sensitivity of the zeros to 
errors in the b,’s. 

A result of this form was first used by Kaiser [12,13] to show that if the 
poles (or zeros) are tightly clustered, it is possible that small errors in the 
coefficients can cause large shifts of the poles (or zeros). This can be seen by 
considering the denominator of Eq. (4.60). Each factor (z; — z;) can be 
represented as a vector in the z-plane as shown in Fig. 4.30. The magnitude 
of the denominator of Eq. (4.60) is equal to the product of the lengths of the 
vectors from all the remaining poles to the pole z,. Thus if poles (or zeros) 
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cigne 

~ 

(a) 

Im 
2-plane 

i 
= —Re 

La 

1) 

Fig. 4.30 Representation of the factors of Eq. (4.58) as vectors in the z-

plane: (a) narrow bandpass filter; (b) narrow-bandwidth 
lowpass filter. 

are tightly clustered as in Fig. 4.30(a), corresponding to a narrow bandpass 
filter or, as in Fig. 4.30(b), corresponding to a narrow-bandwidth lowpass 
filter, then we can expect the poles of the direct-form realization to be quite 
sensitive to quantization errors in the coefficients. Furthermore, it is evident 
that the larger the number of roots, the greater is the sensitivity. 

The cascade and parallel forms, on the other hand, realize each pair of 
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—0

(n) y(n) 

2r cos 8 

Fig. 4.31 Direct-form implementation of a complex-conjugate pole pair. 

complex-conjugate poles separately. Thus the error in a given pole is inde-

pendent of its distance from the other poles of the system. For this reason 
it can be stated that in general the cascade and parallel forms are to be pre-

ferred over the direct forms from the viewpoint of parameter quantization. 
This is particularly true in the case of narrow-band frequency selective filters 
with tightly clustered poles and zeros. 

Even for the second-order systems used to implement the cascade and 
parallel forms, there remains some flexibility. Consider a complex-conjugate 
pole pair implemented using the direct form as in Fig. 4.31. With infinite-

precision representation of the coefficients, this network has poles at z = 
re’ and z = re=’®. However, if the multipliers 2rcos 6 and —r? are 

quantized, clearly only a finite set of pole locations can be obtained. For a 
given quantization, the poles must lie on a grid in the z-plane defined by the 
intersection of concentric circles (corresponding to quantization of r%), and 
vertical lines (corresponding to quantization of 2r cos 6). Such a grid is 
llustrated in Fig. 4.32 for three-bit quantization; i.e., r2 and 2r cos 0 are 

Tf 

OC 0 Realizable pole positions 

z—plane 

N75 
“Unit circle 

(5 Nn 

1.25 

00 ReVR YW.o V.lu 

Fig. 4.32 Grid of possible pole locations for the network of Fig. 4.31 when 
r2 and 2r cos O are quantized to three bits. 
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+ 

r Cos oh 

sin a \ r sin8 

\ 
—0 

y(n)\rcosb. 
NL 

Fig. 4.33 Coupled-form implementation of a complex-conjugate pole pair. 

restricted to eight different values. An alternative realization is the coupled 
form proposed by Gold and Rader [9], as shown in Fig. 4.33. It is easily 
shown (see Problem 1 of this chapter) that the system functions for the 
networks of Figs. 4.31 and 4.33 have the same poles for infinite-precision 
coefficients. For implementation of the network of Fig. 4.33 we must 
quantize r cos 0 and r sin 6; thus we can achievea finite set of pole locations 
as shown in Fig. 4.34. Clearly we can obtain many more different structures, 

each having a different grid of possible pole locations. In practice, it is 
advantageous to choose a structure for which the corresponding grid is 
densest in the region of the z-plane where the poles are desired. 

o Redlizable pole positions 

¥ 00

 — 

In Unit circle
0.75— A 

Co 

N50: Yy NT 1 - Y 

| 1 ! 

— — vy 

| ! : 

0.2% p— oo 

So 
— i i «simi 

LJ 025 0.50 G.75 1.00 Re 

Fig. 4.34 Grid of possible pole locations for the network of Fig. 4.33 when 
the coefficients r cos 0 and r sin 8 are quantized to three bits. 



    

           

            

           

           

          

         

           

     

      

             

             

               

              

            

              

      

       

          

              

           

           

             

            

              

              

            

            

            

              

             

             

           

            

 

 
            

            

            

        

         

           

             

     

            

             
           
           

           
          

            
      

       

              
              

                
              

             
               

       

        
           

               

           
            

              
             
              

               
             

             
             

               
              

              
            

             

  
  

            

             
             

         
          

           

              

4.6 Parameter Quantization Effects 171 

The alternative structures discussed in Sec. 4.3 are of interest because of 

the possibility that they may offer lower sensitivity for realization of a given 
system function. At present, little is known about systematic ways of deter-

mining the best network realization for a given system function. An alter-

native to varying the network structure is to incorporate the network 
structure and parameter quantization into the approximation phase of the 
design. This is, in general, difficult to achieve, although the approach is 
certainly a promising area of research. 

4.6.2 Parameter Quantization Effects in FIR Systems 

We recall that for an FIR system we need only be concerned with the 
location of the zeros of the system function since, for a causal FIR system, 
all the poles lie at z = 0. Clearly, we could derive equations similar to Eq. 
(4.60) for the error in a zero due to errors in the coefficients (impulse re-

sponse) for the direct-form realization of Sec. 4.4. The implication of this is 
the same; i.e., in general, we have more control over the zero locations in a 
cascade realization than in a direct-form realization. 

Herrmann and Schuessler [14] have considered parameter quantization 
effects for the particular case of linear-phase systems. For the direct-form 
realizations of Figs. 4.24 and 4.25 it is clear that even if the coefficients are 

in error, the resulting system function will still be a mirror-image poly-

nomial, and thus the system will still have linear phase. However, closely 
spaced zeros on the unit circle may move away from the unit circle, resulting 
in the system not meeting its design specifications. In the cascade form, if 
we use second-order sections of the form (1 4 az! + z=2) for each complex-

conjugate pair of zeros on the unit circle, the zero can move only along the 
unit circle. Similarly, zeros at z= 4-1 can be realized exactly, and real 
zeros either inside or outside the unit circle remain real. If the complex 
zeros off the unit circle were realized as second-order sections, we would find 

a grid of possible zero positions as in Fig. 4.32, where the grid would extend 
outside the unit circle. If we wish to maintain linear phase, we must ensure 

that for each zero inside the unit circle there is a conjugate reciprocal zero 
outside the unit circle. This can be done by expressing the fourth-order 
factor corresponding to zeros at z = re*” and z = (1/r)e*” as 

i +dyzt+dez2+diz®+271 
{ (4.61) 

= (1 — 2rcos 0z7" + r?z7%)(r® — 2r cos 0z7! + z7%) 

This corresponds to the subnetwork shown in Fig. 4.35. The grid of possible 
zero locations is shown again in Fig. 4.36, this time for five-bit quantization 
32 different values of 72 and 2r cos 0). 

This realization clearly requires more multipliers than are necessary for 
a fourth-order system. If the fourth-order sections are realized in thé linear-

phase direct form, we obtain the network of Fig. 4.37. The grid of possible 
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or— 

x(n) ; 
¥-2r cos8 ee 

7 =| 7" 

’ yr2 }-2r cos 8 
—_

y(n) 

Fig. 4.35 Subnetwork to implement fourth-order factors in a linear-phase
FIR system such that linear phase is maintained independent of 
parameter quantization. 

mn 22 + byz +bo 
sree
Ha 

11.0 
bo &lt; 1, [byl &lt;2. bo,

pais
tani 

Aba= Ab,=2"3 

7 — ylane 

A 

Re 
bo = const \ 

b+ = const 

Fig. 4.36 Grid of possible zero locations for the subnetwork of Fig. 4.35 
when the coefficients r2 and 2r cos 0 are quantized to five bits. 
!after Herrmann and Schuessier [14)) 

x(n) 

—0 
y(n) 

Fig. 4.37 Linear-phase direct-form realization for fourth-order factors 
in an FIR system. 
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C =const Holz) = 
~~ b =consta Cc=2- =2%+ p23+C22+bz+1 

AC=Ab=2"3 C22. |b] £./4C-8

4c=35
ACs Ab=2"" 

7 — nlaneXYc= \ 
AC=Ab=20 

—C=3¢ 

Fig. 4.38 Grid of possible zero locations for the subnetwork of Fig. 4.37 
when the coefficients b and ¢ are quantized to five bits. (after

Herrmann and Schuessler [14]) 

zero locations for the direct form is shown in Fig. 4.38. While the use of 

fourth-order sections in linear-phase FIR filter implementation has the 
advantage that it maintains the linear-phase characteristics of the filter 
independent of coefficient quantization, it has been shown [14-16] that for a 
variety of filters the resulting filter characteristics are extremely sensitive to 
quantization. Consequently, it is often more desirable to implement linear-

phase FIR filters as a cascade of second-order sections or in direct form. 

The above discussion of sensitivity to parameter quantization has been 
based primarily on a consideration of the sensitivity of the pole and zero 
locations. It is also possible to analyze structures according to other defini-

tions of sensitivity. Although this area remains an active research topic, 
some useful theorems relating to network sensitivity can be derived from the 
basic theory of linear signal flow graphs. We close this chapter with a dis-

cussion of an interesting and useful theorem for signal flow graphs, Tellegen’s 
theorem. One consequence of this theorem is the transposition theorem for 
digital filters referred to in Sec. 4.4. Another consequence, as we shall see. 
are some sensitivity relations for digital filters. 

4.7 Tellegen’s Theorem for Digital Filters and Its Applications 

Tellegen’s theorem is an important basic theorem of conventional network 
theory [17]. The theorem is simple and general and part of its elegance derives 
from the fact that many network theorems, such as conservation of energy, 
reciprocity, etc., can be developed simply as consequences of Tellegen’s 
-heorem. 

Since digital filter networks are not subject to Kirchhoff’s laws, Tellegen’s 
‘heorem in its most general form does not apply. However, a restricted 
form of Tellegen’s theorem, referred to as the difference form, can be derived. 



        

            

           

          

           

           

            

           

          

           

             

           

           

           

           

          

            

            

              

    

           

              

              

           

            

             

             

       

         

            

             

             

     

           
  

             

            

    

 

     

       

    

         

             

            
           

            
            
             

            
           

            
              

            
            

            
            
          

             
             

               

     
            

              
              

            

             
              
              

        

         
             

             
              

     

           
   

              
             

     

 

     

        

 

   

174 Flow Graph and Matrix Representation of Digital Filters 

From this theorem a number of useful properties of digital networks can be 

developed.
A form of Tellegen’s theorem for digital filters was first derived by 

Seviora and Sablatash [18]. An alternative form was proposed by Fettweis 
[19]. The treatment here and the results follow closely the approach taken 
by Fettweis. For the purposes of deriving Tellegen’s theorem, it is convenient 
to use the notation of signal flow graphs as developed in Sec. 4.1. 

In classical networks Tellegen’s theorem is in the form of a relationship 
between the voltage distribution in one network and the current distribution 
in a second network, where the only relationship between the networks is 
that they have the same topology. In a similar manner, for signal flow graphs. 
we consider two flow graphs with the same topology but otherwise unrelated. 
By the same topology we mean that there is a one-to-one correspondence 
between the nodes in the two networks and between the branches (location 
and direction only). It is important to note, however, that the requirement 
that two networks be topologically equivalent is relatively minor. In par-

ticular,.if we consider every flow graph to have a branch in each direction 
between every pair of nodes, with the transmission of some of the branches 
being zero, then any two flow graphs with the same number of nodes can be 

considered to be topologically equivalent. 
In the following discussion it will be convenient to adopt the convention 

that each network is drawn in such a way that each network node has as-

sociated with it a source node connected to it by a branch with unity trans-

mittance. Furthermore, we will assume that this source node is not connected 

to any other network nodes. The source nodes will be numbered to coincide 
with the associated network node so that source x; is the input to network 
node k. If the source node and the corresponding branch are not drawn, this 
implies that the source node value is zero. 

TELLEGEN’S THEOREM Consider two signal flow-graphs with the same topology.

Let N denote the number of network nodes. The network node variables, branch 
outputs and source node values in the first network are denoted by wy, vj,

and x, respectively and in the second network by wy, vg, and xi. Then 

+ &amp; 1 7 y ’ 

2 2 (wii — wav) +2 (nx — win) = 0. (4.62)
—=1 j= ay 

Proof. The proof of Eq. (4.62) follows almost directly from the definition of a 
signal flow graph. Recall that the branch outputs are related to the node 
variables and source inputs by 

N M 

A) -3 Use + 2 Sik 

and thus, with our convention regarding source nodes 

N 

2 Vik + Xu 4 63) 

https://ticular,.if
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We begin by writing the identity 
N 

2 (wpw}, — wiwg) = 0 (4.64) 

Equation (4.62) follows in a straightforward manner by substituting Eq. (4.63)

into Eq. (4.64). 

Equation (4.62) will henceforth be referred to as Tellegen’s theorem for 
signal flow graphs or, equivalently, for digital networks. It is important to 
recognize that its derivation depends only on Eq. (4.63); it does not require 
that the flow graph be linear. Furthermore, it is straightforward to show 
that if variables Wy, Wg, Vi, Vix, Xi, and Xi are derived through a linear 
operation from wy, Wg, Uz, Vix, Xz, and xz, respectively, then 

N N N 

2 2(WV — WV) +2 (WX — WiX3) = 0 (4.65)
=1 j=1 =1 

[hus Tellegen’s theorem applies eitherXo the sequence values [Eq. (4.62)] 
or to the z-transforms [Eq. (4.65)]. 

For the remainder of our discussion we will be concerned only with 
linear signal flow graphs that correspond to digital networks. To illuminate 
the notion of identical topologies and primed and unprimed variables (net-

works), consider the two networks shown in Fig. 4.39. To emphasize the 

SS w 

Fig. 4.39 Example of two networks that are topologically equivalent and 
thus satisfy Tellegen’s theorem. 

equivalence of the topology we have indicated by dashed lines a branch with 
zero transmittance. Normally, of course, such branches would not be 
drawn. It is a simple exercise to verify the validity of Tellegen’s theorem for 
these two networks (see Problem 18 of this chapter). 

4.7.1 Reciprocal and Interreciprocal Digital Networks 

For passive analog networks consisting of interconnections of resistors, 
inductors, and capacitors, the notion of reciprocity plays an important role. 
For digital networks there exist corresponding notions of reciprocity and 
nterreciprocity. For the notion of reciprocity we consider a given network 
excited by two different sets of sources. The z-transforms of the source 

node values for the two different sets will be denoted by X, and Xj. The value 



        

               

             

            

         

    

             

           

             

      

   

  

             

             

               

           

             

            

              

           

       

    

              

           

         

            

           

       

     

           

             

            

    

           

              

  

         

               
              
             

          

 

     
 

              
            

              
       

   
 

    

              
              

                
            

              
             

               
            

        

 

     
 

               
            

         
             
            

        

      

            
              
             

     

            
               

 
  

176 Flow Graph and Matrix Representation of Digital Filters 

of the node variable of the kth node when the network is excited by the un-

primed sources will be denoted by W,. When the network is excited by the 
primed sources, this variable will be denoted by W;. Then the network is 
said to satisfy reciprocity if for any two signal distributions 

N 

2 [WeX5 — WX] =0 (4.66)
bal 

As one consequence of reciprocity consider any two nodes a and b in the 
network. Furthermore, let all unprimed source node values but X? be zero 
and let all primed source node values but X; be zero. In addition, let 
X, = X;. Then from Eq. (4.66) 

WyXp = W.X, 
r 

WwW, = Ww! 4.67) 

In other words, as a consequence of reciprocity, if we excite the graph at 
network node a and observe the output at node b, then for a reciprocal 
graph, the same excitation at node b will result in the same output at node a. 

Most digital networks are not reciprocal. A related concept that is more 
useful with regard to digital networks is that of inferreciprocity. In this case we 
consider two distinct signal flow graphs. Let X, denote the source node values 
and W, denote the node variables for one network and X; and Wj the source 
node values and network node variables for the second network. Then the 

two networks are said to be interreciprocal if 

N 

2 [WX — WX] =0 (4.68)
fo—1 

This equation is similar to Eq. (4.66), but it is important to keep in mind 
that for reciprocity the primed and unprimed networks differ only in the 
sources, whereas for interreciprocity both the sources and branch trans-

mittances can differ in the primed and unprimed networks. A network that is 
reciprocal is also interreciprocal with itself. On the other hand, two networks 
may be interreciprocal without either network being reciprocal. 

4.7.2 Proof of the Transposition Theorem 

A useful property of digital networks is that they are interreciprocal with 
their transpose. To show this, recall from Section 4.4 that the transpose of a 
flow graph is generated by reversing the directions of all the branches but 
leaving their transmittances the same. 

Let us consider a digital network where W, denotes the node variable 
for the kth node. The transmission from node j to node k is denoted by 

F,;ie., 
r= FW 4 6G» 
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[n the transposed network, the node variable of the kth node is denoted by 
Wy, and the branch transmittance between nodes j and &amp; is denoted Fj, so 
that 

Vik =Fa (4.70) 

By definition of the transposed network, 

F,, = F,; 

T'o prove that a network and its transpose are interreciprocal, i.e., to show that 
Eq. (4.68) holds for the above conditions, we utilize the fact that a network 
and its transpose have the same topology so that Tellegen’s theorem [Eq. 
(4.65)] holds. Thus : 

N N N 

2 pAUAZS — WV) +2(1X; — WX) =0 (4.71)
=1 bh=—1 sis 

Substituting Eqs. (4.69) and (4.70) into (4.71) we obtain 

N N N 

2 2(WWF, — WWF 3) +3 (WX - WX) =0 
1=1 k=1 r=1 

or, equivalently, 

N N N N N 

&gt; SW.WF, — &gt; dD.W.W,F, +&gt; (WX: - WX) =0 (4.72)
i=1 k=1 j=1 k=1 x=1 

[nterchanging the indices of summation in the first double sum in Eq. (4.72) 
ve obtain 

N N N 

2 2(WWF, — WWF) +2 (WX, — WX;) =0 (4.73)
i=1 k= k—=1 

But, since the primed and unprimed networks are transposes. Fj, = Fj, 
and therefore the double sum is zero and 

N 

2 (WX — WX) =0 
i 

which proves that a network and its transpose are interreciprocal. 
An interesting consequence of this fact is that for single input-single 

output networks, a network and its transpose have the same transfer func-

lion. This result can also be derived from Mason’s gain formula [1] and was 
utilized in Secs. 4.3 and 4.4 as a means of deriving new network realizations. 

To show this result from Eq. (4.74) consider any two nodes a and b. 
Furthermore, let all source nodes but X, be zero in the original (unprimed) 
network and all source nodes but X; be zero in the transposed (primed) 
network. Then from Eq. (4.74) 

Wo.Xr = WX, 



        

              

            

               

 

  

           

            

         

            

             

          

            

          

   

           

              

              

     

 

              

           

 

         

   

          

                

       

            

           

          

           

           

         

              

         

               
             

                

  

   

            
             

          
             

              
           

             
           

    
            

               
               

      

   

               
            

 

 
 

          

    

           
                 

        
             

           
           

            
            

          
               

 

178 Flow Graph and Matrix Representation of Digital Filters 

From Eq. (4.75), if the same excitation is applied at node a in the original 
network and at node b in the transposed network, then the same response 
will be observed at node a in the transposed network as at node b in the 

original network. 

4.7.3 Network-Sensitivity Formula 

In Sec. 4.6 we discussed the problem of parameter sensitivity from the 
point of view of movements of the poles and zeros. Specifically we compared 
the direct-form networks to cascade and parallel realizations. For more 
complex networks, it is not as easy to obtain a general relationship between 
the poles and zeros and the network parameters. We can, with the aid of 
Tellegen’s theorem, obtain a general expression for the sensitivity of the 
system functions of a given network to changes in the parameters of the 
network. Formulas of this type are useful, for example, in computer-aided 
analysis of digital networks. 

For this discussion, it is convenient to define the system function between 
an arbitrary pair of nodes a and b in the network. Specifically, let us consider 
all source nodes but that connected to node a to be zero. Then the node 

variable W,(z) will be given by 

W,(z2) =T,(2)X,(2) (4.76) 

T,,(2) is then the system function from node a to node b. The sensitivity of 
this system function to changes in a branch transmittance F,,,(z) is defined 
aq 

0T,,(2) 
JF.(2) 

Fettweis [19] and Seviora and Sablatash [18] have shown that 

OF — TonTos (4.77) 

where we have not explicitly indicated the functional dependence upon (z), 
and where T,, is the system function from node a to node n and T,,, is the 
system function from node m to node b. 

To prove this result, we consider the three networks depicted in Fig. 4.40. 
The original network, shown in Fig. 4.40(a), is specified by the unprimed

variables and for convenience is called the unprimed network. Figure 4.40(b) 
shows the transpose of the original network, called the primed network, and 
Fig. 4.40(c) shows the original system with a perturbation AF, in branch 
transmittance F,,. This network is called the double-primed network. We 
assume that each network is excited by the same source X as depicted in Fig. 
4.40. 
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Fig. 4.40 Three related networks used in the derivation of the sensitivity

relation Eq. (4.77): (a) original network; (b) transposed network 
{primed system); (c) original system with error in branch 
transmittance F,,, (double-primed system). 

Using Eq. (4.65) for the primed and double-primed systems, we obtain 
N N N 

2 2WVip — WiVi) +2 (Wii—WX) = 0 (4.78)
=1 i=1 Te=—1 

By splitting the double sum in Eq. (4.78) into two double sums and inter-

changing the indices in the second resulting double sum, we obtain 
N N N 

2 2(WV — Wii) +2 (WeXp — WX) =0 (4.79)
k=1 j=1 k=1 

Using Eq. (4.79) and the fact that, by definition, 
” 7” ”

Vo = FW’ 
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~sid) 

Vix = FW; 
we obtain 

N N N 

2 2WiWi(Fy — Fi) +2 (WX — WX) =0 (4.80) 
k=1 j=1 k=1 

From Fig. 4.40 we observe that the primed and double-primed networks are 
transposes except for the branch (nm). Thus, from the definition of the 
transpose, 

Fi, — F., = 0. for all k and j except for braacu (nm) 

nr) 

Frm — Foun = AF, 

Thus all the terms in the double sum of Eq. (4.80) are zero except one. 
Furthermore, since only one node has a nonzero source input in each network 
{node a for the double-primed network, node b for the primed network), 
we can write that 

WW, AF,, + X(W,— W3)=0 (4.81) 
Now we express the node variables in Eq. (4.81) in terms of the source input 
X and appropriate transfer functions from the source input nodes as 

Wi= Tp X = T,X 
W' = T,X = TX 

Wi = Ti,X 

Ww = TaX = [T,, + AT,1X 

where we have defined AT,, as the change in the transfer function from input 
and output due to a change AF,,, in the branch transmittance F,,. Sub-

stituting these equations into Eq. (4.81) we obtain 

(TnToms AF, + To -_ To — AT,1X? =0 

Since this equation holds for all X, then 

Tonos AF,,, = AT, (4.82) 
AF 

AT, ” 
= Tonos (4.83)

AF, 

Taking the limit of Eq. (4.83) as AF,,, — 0 we obtain 

AT, ” 
lim =] = lim [TonTwsl (4.84)

s\F,..~olAF, AFpn=0 
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As AF,,,—0thedouble-primednetwork approaches the unprimed net-
work, so that 

Tp = London 
oF... 

Thus we have obtained the desired sensitivity relation relating a change in 
the system function T,, to a change in the branch transmittance F,,,. The 
desirable feature of this expression is that the sensitivity is expressed in terms 
of transfer functions of the network which can be computed using the matrix 
methods of Sec. 4.2. To determine a change AT,, in the system function 
T,, due to a large-scale change AF,,, in F,,,, we can use the Taylor’s series 
sXpansion 

AT,, = —=AF,,, +-—=(AF,,) +... (4.86)* oF, "™ 2 ore ) 

The higher-order derivatives (sensitivities) of T,, with respect to F,,, can be 
obtained from Eq. (4.85) by the chain rule of differentiation. Crochiere [20] 
has shown that this approach leads to an expression 

T,,T,., AF 
AT, — an mb nm (4.87)

1-T,,AF,,, 
A derivation of this result is suggested in Problem 19 of this chapter. 

Summary 

This chapter was directed toward the representation of digital filters in terms 
of block diagrams, signal flow graphs, and matrix notation. After presenting 
the signal flow graph and matrix representations in general, we presented a 
number of basic structures for IIR and FIR filters. 

One of the important considerations in the choice of a structure for imple-

mentation of a filter is the effect of finite-word-length coefficients. Thus we 
presented some of the parameter quantization considerations in the choice of 
filter structure. We then introduced Tellegen’s theorem for digital filters. 
From this theorem several important properties of filter structures were 
developed, including the transposition theorem for signal flow graphs. The 
chapter concluded with the derivation of a network sensitivity formula using 
Tellegen’s theorem. This formula provides a convenient means for computing 
sensitivity of filter structures and in addition leads to a large-scale sensitivity

relation for filter structures. 
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PROBLEMS 

1. Determine the system functions of the two networks in Fig. P4.1 and show that 
they have the same poles.

2. For the network shown in Fig. P4.2, determine all possible ordering of the nodes 
such that the node variables can be computed in sequence. 

3. It was stated in Sec. 4.2 that a necessary and sufficient condition for the com-

putability of a flow graph is that the nodes can be numbered so that in the 
matrix F? there are only zeros above the main diagonal and the main-diagonal 
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Op —0
x{n) y(n) 

rr cos 8 Network 1 

Om 
«(n) 

r sof V2 
Network 2 

r sin 6 r ein8 

-—0 

7(n) 

r cos 6) 

Fig. P4.1 

J— ay” 

x(n Y 

Fig. P4.2 

elements are zero. In this problem we wish to show that statement to be true. 
Let cj; denote the elements of the matrix F,. 

(a) Assume that in the matrix Ff, there are only zeros above the main diagonal 
and the main-diagonal elements are zero, so that c;; = 0, j &gt; k. Show 
that in this case the node variables w,(n), wy(n), . . . can be computed in 

sequence, i.e., first wy(n), then wy(n), etc. This requires showing that the 
computation of w;(n) does not utilize node variables w;(n) with / &gt; i. It can, 
of course, utilize any elements of the vector w(z — 1), since these correspond 
to the previous iteration of the flow graph. 



        

           

            

              

             

   

           

               

            

            

              

            

               

              

             

               

                 

               

    

               

           

               

   

 

 

               

              

    

    

    

 

 

  

 

 

          
           

        

         

            
             

               
              
   

            
                

             

             
               

             
                

               
             

                
                  

               
     

                
            

                
    

 

 
 

  

  

  

  

                
               

     

     

     
 

 

  

  

   
  

 
  

           
            

         

184 Flow Graph and Matrix Representation of Digital Filters 

Part (a) shows that the stated condition is a sufficient condition for 
computability. We now wish to show that it is also a necessary condition. 

(b) Assume that in the matrix F¢ there is at least one nonzero element above 
or on the main diagonal. Show that in this case the node variable cannot 
be computed in sequence.

Part (b) shows that the stated condition is a necessary condition since, 
if the nodes cannot be numbered so that F; is zero above and on the main 
diagonal, then there is no ordering for which the node variables can be 
computed.

4. In deriving the matrix representation of equations (4.29) from (4.21) we assumed 
that the matrix [I — F!] is nonsingular. Using the results of problem 3 above, 
show that for a computable flow graph, this assumption will always be valid. 
In equations (4.29) the matrix representation of a flow graph is in a form in which 
w(n) is expressed explicitly in terms only of past values of the node variables and 
current values of the input. In this problem we wish to modify that represent-

ation to obtain one in which the node vector w(n,) at time »; can be computed 
from the node vector w(r,) at time ny and the input vector s(n) for ny &lt;n &lt; n,. 
(a) Modify Eq. (4.29a) to express w(n) in terms of w(z — 2) and the inputs

x(n — 1) and x(n). 
(b) Let n; = ny + M, where M is constant. By generalizing the procedure and 

result in part (a), determine a matrix representation based on Eq. (4.29a) 
but in which w(n,) is expressed in terms of w(#,) and the inputs x(n; — M), 
(ny — M+ 1),...,x(ny). 

os 

x4(n) 
—0 

Xo (n) 

O— -—0 

v,(n) yo(n) 

Fig. P4.6-1 

6. In Fig. P4.6-1 is indicated a digital network 4 with two inputs, x,(n) and x,(n), 
and two outputs, y,(n) and y,(n). The network 4 can be described in terms of 
the two-port set of equations 

Y1(2) = Hi(2)X,(2) + Hy(2)X5(2) 

Ya(2) = H3(2)X1(2z) + Hy(2)X,(2) 
vere 

1 

H,(z) =T= 

Hy,(z) =1 

1 + 2z71 
H(z) =T+123z1 

1 
H,(2) =1+11 

(a) Draw a flow-graph implementation of the network. The transmittance of 
each branch must be a constant or a constant times z~'. Higher-order 
functions of z~1 cannot be used as branch transmittances. 
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xq(n) x(n)
Dns 

+

H— 

y(n) 151) 
de Fa 2Fig 

{b) Write the set of equations corresponding to your network in part (a) in the 
form of equations (4.21).

(c) Determine an ordering for the nodes in the flow graph for which the flow 
graph is not computable and determine an ordering for the nodes so that 
the flow graph is computable.

(d) We wish now to connect a network B to the network A4 as indicated in Fig. 
P4.6-2. Network B has no internal source nodes and is characterized by 
the system function X,(z) = Y,(z2)Hp(z). Note that because of the notation 
used for network A, y,(n) denotes the input to network B and x,(n) is the 
output. By examining the flow graph in part (a) or the equations in part
(b), determine a necessary and sufficient condition on Hg(z) so that the 
overall system of Fig. P4.6-2 is computable. If you have difficulty, first 
try the two possibilities H(z) = 1 and Hg(z) =z 

7. Consider the discrete-time linear causal system defined by the difference equation 

y(n) —3y(n — 1) + y(n — 2) = x(n) + x(n — 1) 

Draw a signal flow graph to implement this system in each of the following
forms: 
(a) Direct form I. 
(b) Direct form TI. 
(¢) Cascade. 
(dy Parallel. 
For the cascade and parallel forms use only first-order sections. 

3. For many applications it is useful to have a digital network that will generate a 
sinusoidal sequence. One possible way to do this is with a digital network whose 
unit-sample response is e’®o"u(n). The real and imaginary parts of this response 
are then (cos wyn)u(n) and (sin wyn)u(n), respectively.

[n implementing a system with a complex unit-sample response, the real and 
imaginary parts are distinguished as separate outputs. By first writing the com-

plex difference equation to produce the desired response, and equating real 
and imaginary parts, draw a digital network that will implement this system.
The network that you draw can have only real coefficients in it. This imple-

mentation is often referred to as a coupled-form oscillator. 
9. The system with transfer function H(z) = (z7! — a@)/(1 — az) is an allpass 

system; i.e., the frequency response has unity magnitude.
(a) Draw a network realization of this system in direct II form. 
(b) In implementing the network in part (a), the coefficients will, of course, 

be subjected to quantization. With quantized coefficients would the net-

work in part (a) still correspond to an allpass network? 
The difference equation relating input and output of the allpass system 

can be expressed as 

v(m — avin —=1) = x(n —1) — ax(n) 
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or, equivalently, 

y(n) = aly(n — 1) — x(m)] + x(n — 1) (P4.9-1) 

(c) Draw a network realization of Eq. (P4.9-1) that requires two delay branches 
but only one branch requiring a multiplication by other than +1 or —1. 
With quantized coefficients would the network in part (c) still correspond 
to an allpass network? 
The primary disadvantage to the implementation in part (c) as compared
with that in part (a) is that it requires two delays. In some applications,

however, it is necessary to implement a cascade of allpass sections. For N 
allpass sections in cascade it is possible to utilize a realization of each in the 
form determined in part (c) but use only (N + 1) delay branches. This is 
accomplished essentially by sharing a delay between sections. 
Consider the allpass system with transfer function 

1 _q zp 
- — bzH(z) = 1 —az11 (P4.9-2) 

Draw a network realization of this system by “cascading” two networks 
of the form obtained in part (c) in such a way that only three delay branches 
are required.

With quantized coefficients, would the network in part (e) still correspond 
to an allpass network? 

10. A class of digital filter structures based on continued fraction expansions has 
been proposed (S. K. Mitra and R. J. Sherwood, “Canonic Realizations 
of Digital Filters Using the Continued Fraction Expansion,” IEEE Trans. 
Audio Electroacoust., Vol. AU-20, 1972, pp. 185-194). Although there are a 
variety of forms of such structures, we wish in this problem to illustrate one 
particular form. 

Consider a system function H(z) in the form 

H(z) _b, + a oh yew + bz M 
1 —ag.zl —... —axzVN 

where we assume that by # 0, ay # 0,and M &lt; N. 
Multiplying numerator and denominator of H(z) by z it can be expressed 

H(z) = bz"4biz A A by
ZN —a Nl —|—ay 

if we divide denominator into numerator, we obtain 

H(z) = Ay + Gy(2) 

vere A 1 = ba and Gy(z) would in general have the form 

N-1 
Guz) = cz +... +cy 

ZN — c.N —... — ay 

Now if ¢; # 0 and we divide numerator into denominator, we can express 
G,(z) as 

lz) = 4. + R.z+G(2) 



 

     

    
   

           

      

            

                

              

   

  

  

           

       

  

    

         

 
       

          

 

 

 

 

 

            

            

            
             

  

  

      

   
   

            

 

       

             
                 

               

    

   

  

 

   

            
        

   

     

          
 

   
      

           

 

  

  

  

  

             
            

             
              

   

Problems 187 

where G,(z) will have the form 

dy22 +... + dy
G1(2) = czN1+...+cey 

We can repeat the process of dividing numerator into denominator to obtain 

1 

Giz) = Ay + Boz + Gy(2) 

Thus, assuming that the set of rational functions {G,(2)}, k =0, 1,..., N, 
obtained by the above process is such that the numerator is of degree N — k — 1 
and the denominator is of degree N — k. then H(z) can be expressed as 

]

H(z) = Ag ~ 

4. + B.z 

A &gt; 

(P4.10-1) 

. = Bpz 

In order to implement a network realization based on Eq. (P4.10-1), we 
need only an implementation of the system function 

Gu(z) = ! 

Aq + Bez + Graa(2) 

Multiplying numerator and denominator of Eq. (P4.10-2) by (1/B,.1)z7t, we 
obtain 

Gur) = —UB” (V4 .0-3)
’ 1 + (Agra/Biei)z™ + (1/Biy1)z7Grin (2) 

A network realization of Eq. (P4.10-3) is shown in Fig. P4.10. 

1 = 
=z
By +1 

A 44 

Gy +1(2) 

Fig. P4.10 

(a) Since each successive G,(z) can be realized by a similar network, this 
suggests a complete structure for H(z) expressed in the form of Eq. (P4.10-1).

Assuming that N is odd, draw the network for such a structure. Each 
branch in this network must have a transmittance that is a constant or a 
constant times z—1. 



        

       

      

       
               

   
            

            
            

            

            

 

            

             

             

            

               

            

             

  

         

           

         

            

           

            

            

     
  

 
  

                

           

          

          
               

        

            

          

      

         

        

 

       

       
               

   
             

            
             

             
             

 

 

 

  

             
              

              
             

                
             

              
   

          
            

          
             

            
            

             
      

 
 

  

                 
            

           
          

                
         

             
           

      

188 Flow Graph and Matrix Representation of Digital Filters 

'b) For the second-order system with transfer function 

1 

HE) 1 —2r cos 6z71 + r2z2 

express H(z) in the form of Eq. (P4.10-1).
(c) Draw the network realization of the system in part (b) in the form that you

determined in part (a).
11. Speech production can be modeled as a linear system representing the vocal 

cavity, excited by puffs of air released through the vocal cords. In synthesizing
speech on a digital computer, one approach is to represent the vocal cavity 
as a connection of cylindrical acoustic tubes with equal length but with different 
cross-sectional areas, as depicted in Fig. P4.11. Let us assume that we want 

¥ 

L. 

+ 

Fig. P4.11 

to simulate this system in terms of the volume velocity representing air flow. 
The input is coupled into the vocal tract through a small constriction, the vocal 
cords. We will assume that the input is represented by a change in volume 
velocity at the left end, but that the boundary condition for traveling waves 
at the left end is that the net volume velocity must be zero. This is analogous 
to an electrical transmission line driven by a current source. The output is 
considered to be the volume velocity at the right end. We assume that each 
section is lossless. 

At each interface between sections a forward-traveling wave is transmitted 
to the next section with one coefficient and reflected as a backward-traveling 
wave with a different coefficient. Similarly, a backward-traveling wave arriving 
at an interface is transmitted with one coefficient and reflected with a different 

coefficient. Specifically, if we consider a forward-traveling wave f, in a tube 
with cross-sectional area A, arriving at the interface with a tube of cross-

sectional area Ag, then the forward-traveling wave transmitted is (1 + «)f. and 
the reflected wave is af, where 

A, — Ay
a =22__71

A. + A, 

Consider the length of each section to be 3.4 cm with the velocity of sound in air 
34,000 cm/s. Draw a digital network that will implement the four-section tube 
in Fig. P4.11, with the output sampled at a 20-kHz rate. 

[n spite of the lengthy introduction, this is a réasonably straightforward
problem. If you find it hard to think in terms of acoustic tubes, think in terms 
of transmission-line sections with different characteristic impedances. Just as 
with transmission lines, it is difficult to express the impulse response in closed 
form. Draw the network directly from physical considerations, in terms of 
forward- and backward-traveling pulses in each section. 
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12. In Fig. P4.12(a)-{d) several networks are shown. Determine the transpose of 
each and verify that in each case the original and transpose networks have the 
same transfer function. 

[3. In Fig. P4.13-1(a)-(f) six digital networks are shown. Determine which one 
of the last five [i.e., (b) through (f)] has the same transfer function as (a). You 
should be able to eliminate some of the possibilities by inspection. 
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Ot -{

x(n) y(n) 

~ 
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-

Bo’ 

Ds »—10 

x(n) y(n) 

&lt; 

Rg 

(f 

Fig. P4.13 (Contd.) 

14. In Sec. 4.5.4 we derived the frequency-sampling structure for FIR filters based 
on an expansion of the system function H(z) in terms of the DFT of the unit 
sample response or equivalently in terms of N samples at equal spacing around 
the unit circle. The expansion used was that given in Eq. (4.43), i.e., 

10s Ak)
Hz) =(1 —z7V) = — 14-

(2) =(1 —zM Ne TE (P4.14-1a) 

Hk) = H(2)e=w (P4.14-1b) 

To derive other FIR structures based on polynomial interpolation formulas, 
Eqs. (P4.14-1a) and (P4.14-1b) were then generalized in Sec. 4.5.5 to Egs.

(4.53), (4.54), and (4.55): 
at H(z)

H(z) = P(z —
( ) 2, Py(zp)(1 — zz7Y) 

~vhere 
N—1 

Piz) = J] (0 — zxz™® (} val .14-2b)
kr=0 

pi 

N—1 

P.(z) = II (1 — zz { 1.14-2¢)

5=l 



        

              

      

           

            

           

   

             

               

                  

           
             

               

    

         

            

  

   

              

          
           

            

   

 

 
 

              
   

                    

      

            

                

        

                

            

         
              

         
             

             

               

              
          

              
          

        

          

            

         

               
      

           
             

            
    

             
                

                  
            

              
               

     

          

             
   

    

               
           

            
             

  
      

  

               
    

                     
       

             
                 

         
                 

             
          
              

         
             
              

                
               

           

                      

         

           
             

192 Flow Graph and Matrix Representation of Digital Filters 

[n this problem we wish to verify a number of statements made in Secs. 4.5.4 
and 4.5.5 about Eqs. (P4.14-1) and (P4.14-2).

{a) Show that equations (P4.14-1) are a special case of equations (P4.14-2);

i.e., show that if z; = W3*, then equations (P4.14-2) reduce to equations 
(P4.14-1). As a consequence we need only concentrate on the more general 
case of equations (P4.14-2). 
Show that H(z) as expressed by equations (P4.14-2) is an (N — 1)st degree

polynomial in z~1. To do this it is necessary to show that it has no poles 
other than at z = 0 and that it has no powers of z~* higher than (N — 1).

c) We wish finally to verify that H(z) as expressed by equations (P4.14-2)
gives the correct values at the sampling points in the z-plane; i.e., we wish 
to verify that for z = z;, the right side of Eq. (P4.14-2a) reduces to H(z,).

Show, using L’Hopital’s rule, that 

_ a H(z) |am |7@ 2 Pr(zp)(l — zz) iz 

IS. Consider a finite impulse response filter for which the frequency response has 
the property that 

H(ei®) = | H(e®)|e—i®mo 

where rn, is not necessarily an integer. Let N be the length of the unit-sample 
response. Recall that the unit-sample response is completely specified by N 
samples of H(e’?) taken at w = 2#k/N, k =0,1,...,N — 1. 
(a) Sketch |H(e’®)| for the case N = 15, n, = 0, and 

1, k=0 
Hy| = |H(ei@19))| — 1/2, k=1,14 

Q, elsewhere 

(b) Write a general expression for h(n) in terms of the H,’s. (Do not assume 
that ny = 0.) 

(c) Sketch h(n) for the cases (1) ng = (N — 1)/2 = 7, and (2) ny = Nj2 = L7, 
where |H,| are as in part (a). 

fd) Draw a complete flow-graph realization of this system when N = 15, 
ny = 4%, and the [H,| are as in part (a). This realization should be in the 
form of a recursive filter, i.e., a frequency-sampling filter. 

16. A causal linear-phase FIR system has the property that A(n) = A(N — 1 — n) 
for n =0,1,...,N — 1. This symmetry constraint was used in Sec. 4.5.3 
to show that systems satisfying this constraint have linear-phase corresponding 
to a delay of (N — 1)/2 samples. This constraint results in a significant simplifi-

cation of the frequency-sampling realization of Eqs. (4.49) and (4.50).
(a) Using the above linear-phase constraint, show that, for Neven, H(N/2) = 0. 
(b) Determine an expression for 6(k) for k =0,1,...,N — 1 that is valid 

for N even. You may find it helpful to refer to the results in Sec. 4.5.3. 
Using the results of parts (a) and (b), show that for (rn) linear phase and 
with N even. Egs. (4.49) and (4.50) can be simplified to 

u 1 —zN 5 (— DF |HK)| 2cos (wk|N)(1 — z71) . go) 1
@) = N &lt;1 1 —2z71cos (2nk[N) + z72 1 —z7 

(We have assumed for convenience that r = 1.) 

(d) How is the above expression modified if N is odd? 
(e) Draw a flow-graph representation of the system function derived in part (c) 



 

            

         

           

      

             

            

        

           

          

  

   

       

   

              

 
             

   

        

   

            

  

            

            

               
         

          

               

      

               

    
         

            

             

        

        
      

               

   

            
               

            

           

  

            
         
           
       

              
             
         

           
           

      
        

    

               
 

              

   
       

    
             

   

             
             

              
          

           
               

       
                

    
          

             
              

         
        

       
                

    
            

                
             

            

Problems 193 

(f) If enough of the coefficients | H(k)| are zero, the frequency-sampling struc-

ture may require fewer arithmetic operations than the direct-form realiza-

tion. How may coefficients can be nonzero and yet have fewer multiplica-

tions and additions than the direct form? 
7. In Sec. 4.5.4 and Problem 16 above, we derived one class of frequency-sampling 

structures, based on sampling the frequency response of an FIR system at the 
frequencies w, = 27k/N, k =0,1,... ,N — 1. 

A second type of frequency sampling structure can be obtained by sampling

the frequency response of an FIR system at the N frequencies 

2 =0,1,....N — 

op== +d, k 
Let us define type 2 frequency samples as 

Ak) = H@)|,_*%, k=0,1,...,N—1 

(a) Express the unit-sample response 4(n) of the system in terms of the type 2 
frequency samples.

(b) Following the derivation of Sec. 3.5, show that H(z) can be expressed as 

1 + z7NN1 Hk)

H(z) = N 2 1 — em/N)pyskz1 

where Wik = ei@r/NE, 
(c) If we express the type 2 frequency samples in polar form as 

H(k) = |H(k)|e?*® 

determine the constraints on |H(k)| and 6(k) to ensure that h(n) is real. 
{d) Use the constraints of part (c) to show that for N even 

(zy = Lo 2(VY 2AM cos (0K) — 2 cos (04) — @IN)Kk + D)Y
IY “=o 1 —2z71 cos [2n/N)(k + 1)] + z2 

(e) How is the above equation modified if N is odd? 
(f) If the system has linear phase with delay (N — 1)/2 samples, write an ex-

pression for 6(k) when N is even. 
‘g) Use the result of part (f) to show that for N even and linear phase, 

H(z) = 1+z7N He 21H)(—DE+z7)sin(w(k+3)/N))
~~ N &amp;o 1 —2z1cos 2n(k + 3)/N) +z 2 

(h) How is the result of part (g) modified if N is odd? 
This problem and problem 16 are based on a paper by L. Rabiner and 

R. Schafer, “Recursive and Nonrecursive Realizations of Digital Filters 
Designed by Frequency Sampling Techniques, IEEE Trans. Audio Electro-
acoust., Vol. AU-19, No. 3, Sept. 1971. 

18. (a) Verify that Tellegen’s theorem in the form of Eq. (4.62) holds for the two 
networks of Fig. 4.39. 

(b) Repeat part (a) for Tellegen’s theorem in the form of Eq. (4.65).
19. In Sec. 4.7.3 an expression for the change in the transfer function of a linear 

signal flow graph due to a large-scale change in a branch transmittance was 
presented [Eq. (4.87)]. In this problem we wish to derive that result. 



        

             

 

   
    

    

              

              

           
           

    

      

   

        

    

      

 
   

              

          

         

         

             
  

  
         

               
               

            
            

    
 

       

   
 

         

 
      

 

        

  
   

              
           

          

194 Flow Graph and Matrix Representation of Digital Filters 

To derive this relation we begin by expressing AT, in a Taylor's series ex-

yansion as 
x 1 Ty, % 

= —— &gt; [AF

AT 2 k! oFk [AF] (P4.19-1) 

where T,, denotes the transfer function from node a to node b when the branch 
transmittance from node n to node m is given by F,,, and AT,, denotes the 
change in the transfer function when the branch transmittance changes by AF,,,,,. 
(a) Use Eq. (4.85) to show that 92T,,/9F2, can be expressed as 

zTor =2 Ton Ton Thy
oF2. 

(b) Show in a similar manner that 

Play _ 31T2 TonTos
9F3,, 

Fhe results in parts (b) and (c) generalize to 

ok 
= kIT VT, Thy, n&gt;1 (P4.19-2) 

nm 

‘c) Combining Eqs. (P4.19-1) and (P4.19-2), show that 

TeuTu AFpn 
(P4.19-3;Ala = 77 Ap_ 

20. Use Eq. (4.87) to show that for a nonrecursive digital filter, a large-scale change

in one branch transmittance generates a proportional change in the overall 
transfer function; i.e., show that AT, is proportional to AF,,,. 



  

 

            

          

           

          

           

         

            

            

        

               

               

          

            

            

           

          

          

           

             

         

             

 

   
 

  

            
           

            
           

            
         

             
             
         

                
                
           
             

            
            

           
           

            
              

          
              

 

5 

Digital Filter Design 
Techniques 

5.0 Introduction 

[n the most general sense, a digital filter is a linear shift-invariant discrete-

lime system that is realized using finite-precision arithmetic. The design of 
digital filters involves three basic steps: (1) the specification of the desired 
properties of the system; (2) the approximation of these specifications using 
a causal discrete-time system; and (3) the realization of the system using 
finite-precision arithmetic. Although these three steps are certainly not inde-

pendent, we find it convenient to focus our attention in this chapter primarily 
on the second step, the first being highly dependent on the application, and 
the third being discussed in Chapters 4 and 9. 

[n a practical setting, it is often the case that the desired digital filter is to 
be used to filter a digital signal that is derived from an analog signal by means 
of periodic sampling. The specifications for both analog and digital filters 
are often (but not always) given in the frequency domain, as, for example, 
in the case of frequency selective filters such as lowpass, bandpass, and high-

pass filters. Given the sampling rate, it is straightforward to convert from 
frequency specifications on an analog filter to frequency specifications on the 
corresponding digital filter, the analog frequencies being in terms of Hertz 
and the digital frequencies being in terms of radian frequency or angle 
around the unit circle with the point z = —1 corresponding to half the 

sampling frequency. There are, however, applications in which a digital 
signal to be filtered is not derived by means of periodic sampling of an 

195 



    

              

         

           

           

          

              

         

           

              

           

            

  

 

         

           

            

 

         

           

      

     

           

            

             

           

             

              

                  

        

     

               
          

            
           

           
               

          
           
               

            
             

 
  

 

  

    
 

 

 
 

 
     

          

            
             

  
          

            
       

      

            
             

              
            

              

               
                   

         

196 Digital Filter Design Techniques 

analog time function, and, as was noted in Sec. 1.7, there are a variety of 
means besides periodic sampling for representing analog time functions in 
terms of sequences. Furthermore, in most of the design techniques that we 
shall discuss, the sampling period plays no role whatsoever in the approxima-

tion procedure. Therefore, the least confusing point of view toward digital 
filter design is to consider the filter as being specified in terms of angle around 
the unit circle rather than in terms of analog frequencies. 

A separate problem is that of determining an appropriate set of specifica-

tions on the digital filter. In the case of a lowpass filter, for example, the 
specifications often take the form of a tolerance scheme, such as depicted 
in Fig. 5.1. The dashed curve represents the frequency response of a system 

[HEe)| 
3. II, 

N 

5. oe 

Dass band Transition Stopband 
v 

» 

»
5-

§e2yIIvIs 
Pl 

TTL 
ge Fed [on mT WwW 

Fig. 5.1 Tolerance limits for approximation of ideal lowpass filter. 

that meets the prescribed specification. In this case, there is a passband 
wherein the magnitude of the response must approximate 1 with an error of 

+4,; i.e. 
1 — 8, &lt;|H(®) &lt;1 + 6, lw| &lt; w, 

There is a stopband in which the magnitude response must approximate zero 
with an error less than J; i.e., 

|H(e™®)| &lt; 8,0 ow, &lt;]ol &lt;7 

The passband cutoff frequency w, and the stopband cutoff frequency w, are 
eiven in terms of z-plane angle. To make it possible to approximate the 
ideal lowpass filter in this way we must also provide a transition band of 
nonzero width (w, — ,) in which the magnitude response drops smoothly 
from the passband to the stopband. Many of the filters used in practice are 

t In this figure, the limits of tolerable approximation error are denoted by the shaded 
horizontal lines. Note also that it is sufficient to plot the specifications only for 0 &lt; w &lt; =. 
since the remainder can be inferred from symmetry properties. 



        

            

          

           

               

          

          

           

           

        

           

            

             

        

         
         

        

            

           

      

           

           

     

        

        

         

             

       

    

 
   

   

               

          

          

             

      

        

         

            
           

            
                

           
           

            
            

         
           

             
              

         
         

          

         

            
           

       

            
           

      
        

         
          
              
        

     

 
 

    
    

                
           

           
              
       

       

5.1 Design of IIR Filters from Analog Filters 197 

specified by such a tolerance scheme, with no constraints on the phase re-

sponse other than those imposed by stability and causality requirements; i.e., 
the poles of the system function must lie inside the unit circle. 

Given a set of specifications in the form of Fig. 5.1, the next step is to 
find a discrete-time linear system whose frequency response falls within the 
prescribed tolerances. At this point the filter design problem becomes a 
problem in approximation. In the case of IIR systems we must approximate 
the desired frequency response by a rational function, while in the FIR 
case we are concerned with polynomial approximation. For convenience 
our discussion is organized so as to distinguish between those design tech-

niques that are appropriate for IIR filters and those that are appropriate for 
FIR filters. We shall discuss a variety of design techniques for both types of 
filters. These techniques range from closed-form procedures, which involve 
only substitution of design specifications into design formulas, to algorithmic
techniques, where a solution is obtained by an iterative procedure. 

5.1 Design of IIR Digital Filters from Analog Filters 

The traditional approach to the design of IIR digital filters involves the trans-

formation of an analog filter into a digital filter meeting prescribed specifica-

tions. This is a reasonable approach because: 

The art of analog filter design is highly advanced and, since useful 
results can be achieved, it is advantageous to utilize the design pro-

cedures already developed for analog filters. 
Many useful analog design methods have relatively simple closed-

form design formulas. Therefore, digital filter design methods based 
on such analog design formulas are rather simple to implement. 
In many applications it is of interest to use a digital filter to simulate 
the performance of an analog linear time-invariant filter. 

Consider an analog system function, 

M 

25
k 

yi
f(s) =2 JS (5.1) 

s c s* X,(s)
k 

where x,(¢) is the input and y,(?) is the output and X,(s) and Y,(s) are their 
respective Laplace transforms. It is assumed that H,(s) has been obtained 
through one of the established approximation methods used in analog filter 
design. (Examples are discussed in Sec. 5.2.) The input and output of such a 
system are related by the convolution integral, 

Volt) = ( ” x,(h(t — 7) d= 



    

           

           

    

  
   

 
          

 

 
 

         

     

     

 

       
 

           

            

           

          

          

               

             

             

             

            

  

           

          

           

  
  

     

            

            

  

   

     

           
           

     

  
      

           

 

   
  

 

          

       
 

      
 

       
  

            
            

           
           

           
               

              
              

             
             

   

            
           

            
   

   

      
             

             

 
    

198 Digital Filter Design Techniques 

where h,(7), the impulse response, is the inverse Laplace transform of H,(s).

Alternatively, an analog system having a system function H,(s) can be de-

scribed by the differential equation 

Nod) Md (1)
c, —=—= = —2= (5.3)2a 2h, 

The corresponding rational system function for digital filters has the form 

u k

b,z™ 

H(z) i _Y( 
(5.4

Sart XO 
=0 

The input and output are related by the convolution sum 

y(n) = D&gt; x(k)h(n — k) (5.5 
k=—o0 

or, equivalently, by the difference equation 
N M 

2ay(n — ky =2 bx(n — k) (5.6)
e=0 =0 

In transforming an analog system to a digital system we must therefore 
obtain either H(z) or h(n) from the analog filter design. In such transforma-

tions we generally require that the essential properties of the analog fre-

quency response be preserved in the frequency response of the resulting 
digital filter. Loosely speaking, this implies that we want the imaginary 
axis of the s-plane to map into the unit circle of the z-plane. A second con-

dition is that a stable analog filter should be transformed to a stable digital 
filter. That is, if the analog system has poles only in the left-half s-plane, 
then the digital filter must have poles only inside the unit circle. These con-

straints are basic to all the techniques to be discussed in this section. 

§.1.1 Imoulse Invariance 

One procedure for transforming an analog filter design to a digital filter 
design corresponds to choosing the unit-sample response of the digital filter 
as equally spaced samples of the impulse response of the analog filter 
[1-4]. That is, 

h(n) = h,(nT) 

where T is the sampling period. 
It can be shown as a generalization of Eq. (1.29) that the z-transform 

of h(n) is related to the Laplace transform of 4,(z) by the equation 

1 @ 2

rz),or== At EL k) (5.7) 
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0 
s-plane HdnNeE 

3 

fe 

=m 

-37 

Fig 5.2 Representation of periodic sampling. 

From the relationship z = e*7 it is seen that strips of width 27/7 in the s-

plane map into the entire z-plane as depicted in Fig. 5.2. The left half of each 
s-plane strip maps into the interior of the unit circle, the right half of each 
s-plane strip maps into the exterior of the unit circle, and the imaginary 
axis of the s-plane maps onto the unit circle in such a way that each segment of 
length 277/T is mapped once around the unit circle. From Eq. (5.7) it is clear 
that each horizontal strip of the s-plane is overlayed onto the z-plane to form 
the digital system function from the analog system function. Thus the im-

pulse invariance method does not correspond to a simple algebraic mapping 
of the s-plane to the z-plane. 

The frequency response of the digital filter is related to the frequency 
response of the analog filter as 

H(e™) = =
1 = 

AE 27) (5.8)2 ‘ Jr k 

From our previous discussion of the sampling theorem in Sec. 1.7 it is clear 
that if and only if 

H.(jQ) = 0, Ql &gt; 7 
then 

1 w 
7H(e’® = | j 2), w| =~) i” i lo] 

Unfortunately, any practical analog filter will not be bandlimited, and conse-

quently there is interference between successive terms in Eq. (5.8) as illus-

trated in Fig. 5.3. 
Because of the aliasing that occurs in the sampling process, the frequency 

response of the resulting digital filter will not be identical to the original 
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| Hg (ioli) 

J{e iw) 

r [7% 

Fig. 5.3 Graphical representation of the effects of aliasing in the impulse
invariance design technique. 

analog frequency response. It is important to note that if we consider the 
filter specifications to be in terms of specifications on a digital filter, then a 
change in the value of T has no effect on the amount of aliasing in the impulse 
invariant design procedure. For example, referring to Fig. 5.3, we may 
consider that the cutoff frequency of the digital filter has been specified to be 
at the frequency labeled 2,7. That point in the frequency response is then 
constrained as the cutoff frequency of a lowpass digital filter, and if T is 
reduced, then €, in the analog filter must be correspondingly increased in 
such a way that Q,T remains constant and equal to the cutoff frequency 
specified for the digital filter. Thus if T is made smaller in an effort to reduce 
the effect of aliasing, £2, must be made correspondingly larger. With the 
attitude that the digital filter to be designed is specified in terms of frequencies 
on the unit circle, T is therefore an irrelevant parameter in impulse invariant 
design and could just as well be considered to be equal to unity. While it is 
common practice to include the parameter T in discussing impulse invariant 
design, it is important to keep in mind that the parameter plays a minor role 
in the design procedure.

To investigate the interpretation of impulse invariant design in terms of a 
relationship between the s-plane and the z-plane, let us consider the system 
function of the analog filter expressed in terms of a partial-fraction expansion. 
so that 

N A, 
(5.9)

Ho(s) =2 Ss — Sp 

The corresponding impuise resouiise is 

N 

h(t) = Ape’ u(t)
Ir~=1 

where u(t) is a continuous-time unit step function. 



        

         

      

   

           

  

    

                 

              

           

              

              

             

             

             

           

             

              

            

        

            

            

   

 
      

 

 

           

          

    

       

               

  

              

 

         

          

 
     

 

  

            

 
  

     

                 
               

            
              

               
              
              

              
            

              
               

             
         

             
            

    
 

  

  

  

            

        

     

      

                
   

              
  

5.1 Design of lIR Filters from Analog Filters 201 

and the unit-sample response of the digital filter is then 

N 
taf ) = h(nT) = 3.Aue"Tu(n) 

N 

=
=

SA(T) u(n) 

The system function of the digital filter H(z) is consequently given by 
N

A 
H(z) =&gt; ——&gt;

@ 27 — xT,1 (5.10) 

[n comparing Eqs. (5.9) and (5.10) we observe that a pole at 5s = s, in the s-

plane transforms to a pole at e+” in the z-plane and the coefficients in the 
partial-fraction expansion of H,(s) and H(z) are equal.t If the analog filter 
is stable, corresponding to the real part of s, less than zero, then the mag-

nitude of eT will be less than unity, so that the corresponding pole in the 
digital filter is inside the unit circle, and consequently the digital filter is also 
stable. While the poles in the s-plane map to poles in the z-plane according 
to the relationship z, = eT, it is important to recognize that the impulse 
invariant design procedure does not correspond to a mapping of the s-plane 
to the z-plane by that relationship or in fact by any relationship. In particular, 
the zeros of the digital transfer function are a function of the poles and the 
coefficients 4, in the partial-fraction expansion and they will not in general be 
mapped in the same way the poles are mapped. 

EXAMPLE. As an example of the determination of a digital filter from an 
analog filter by means of impulse invariance, let us consider the analog system

function H,(s) given by 
s+a 

Hats) = (s + a)® + b? 

SE SN 

s+a+jb s+a—jb 

The corresponding transfer function of the impulse invariant digital filter is then 

H(z) = 1 — oToT1+1 — eTeitT 1 

1 — (eT cos bT)z? 

(1 — Te PT1)(] — eTehTz7]) 

The digital filter consequently has one zero at the origin and a zero at z = 
eT cos bT. 

See Problem 5 of this chapter for a consideration of the modifications required for 
multiple-order poles. 
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oe 20 log, |H(i9)] a) 
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Fig. 5.4 (a) Pole-zero plot and frequency response of a second-order 
analog system; (b) pole-zero plot and frequency response of 
the discrete-time system obtained by sampling the impulse 
response of the above system. 

Figure 5.4 shows the s-plane pole-zero plot for H,(s) and the z-plane pole 
zero plot of H(z), along with the corresponding analog and digital frequency 
response functions. In this case the frequency response of the analog system

falls off rather slowly relative to the sampling frequency and thus the effects of 
aliasing are apparent in the digital frequency response. 

It should be noted that when the analog filter is “sufficiently bandlimited,” 
the above procedure produces a digital filter whose frequency response is. 
from Eq. (5.8), 

. 1 w 
He) ~— H 2)e™) T (52 



        

             

             

  

     

         

            

              

             

            

            

        

          

             

              

           

              

              

            

          

           

             

          

      

         

         

          

             

           

          

        

         

     

        

           

            

          

            

          

           

            

         

              
             

 

  
      

          
            
              

              
             

             
         

           
              
               

            
               

               
             
           

           
             

           
       

          
          

           
              

            
           

         
         

      

         
 

            
             

           
             

          
            

             

5.1 Design of IIR Filters from Analog Filters 203 

Thus, for high sampling rates (7 small) the digital filter may have an extremely 
high gain. For this reason it is generally advisable to use, instead of Eq.

(5.10), 
NTA,

Hz) =) ————

( ) 2 1 — Tz? (5.11) 

That is, the unit-sample response is h(n) = Th,(nT) [3,4]. 
The basis for impulse invariance as described above is to choose a unit-

sample response for the digital filter that is similar in some sense to the im-

pulse response of the analog filter. The use of this procedure is often not 
motivated so much by a desire to maintain the impulse response shape, but 
by the knowledge that if the analog filter is bandlimited, then the digital 
filter frequency response will closely approximate the analog frequency 
response. However, in some filter design problems, a primary objective may 
be to control some aspect of the time response such as the impulse response 
or the step response. In such cases a natural approach would be to design the 
digital filter by impulse invariance or a step invariance procedure. In the 
latter case, the response of the digital filter to a sampled unit step function is 
chosen to be samples of the analog step response. In this way, if the analog 
filter has good step response characteristics, such as small rise time and low 
peak overshoot, these characteristics would be preserved in the digital filter. 
Clearly, this concept of waveform invariance can be extended to the preserva-

:ion of the output waveshape for a variety of inputs. A more detailed con-

sideration of extensions of the impulse invariant procedure is given in 
Problems 3 and 4 of this chapter. 

Although in the impulse invariance design procedure, distortion in the 
frequency response is introduced due to aliasing, the relationship between 
analog and digital frequency is linear and consequently, except for aliasing, 
the shape of the frequency response is preserved. This is in contrast to the 
procedures to be discussed next, which correspond to the use of algebraic 
transformations. It should be noted in conclusion that the impulse invariance 
technique is obviously only appropriate for essentially bandlimited filters. 
For example, highpass or bandstop filters would require additional band-

limiting to avoid severe aliasing distortion. 

5.1.2 Designs Based on Numerical Solution of the Differential 
Equation 

A second approach to deriving a digital filter is to approximate the 
derivatives in Eq. (5.3) by finite differences. This is a standard procedure in 
numerical analysis [5] and in digital simulations of analog systems. This 
procedure can be motivated by the intuitive notion that the derivative of an 
analog time function can be approximated by the difference between con-

secutive samples of the function to be differentiated. We might expect that 
as the sampling rate is increased, i.e., the samples are closer together. then 



    

         

           

  

  
     

         

       

                    
   

  

      

 

      
 

              

             

      

  

   

   

        

 

  
  

  

  
           

            

  

  
  

           

            

           

             

     

          
           

   

 
     

         
        

                 
    

    

       

 

    
  

               
              
       

  

   
 

  

         

 

 
  

  

   

            
             

   
  
 

 
 

            
             

            
              

204 Digital Filter Design Techniques 

the approximation to the derivative would be increasingly accurate. For 
example, suppose that the first derivative is approximated by the first back-

ward difference [5] 

0 cw Yn)—y(n—1)
hour Vim] = T (5.12) 

where y(n) = y,(nT). Approximations to higher-order derivatives are ob-

tained by repeated application of Eq. (5.12); i.e., 

— = —{ —— y(t NGvi) n = Yi! (—1) 5.13(1) dd mr Veed*y.20m Gm ro)|) ve= (3 
For convenience we define 

VOLym)] = y(n) (5.14) 

Applying Eqs. (5.12)-(5.14) to (5.3) we obtain 

N M 

&gt; eV y(n] = &gt; dV [x(n)]
k=0 k=0 

where y(n) = y,(nT) and x(n) = x,(nT). We note that the operation V?[ ] 
is a linear shift-invariant operator and that V®®'[ ]can be viewed as a cascade 
of (k) operators V[ ]. In particular, 

[1 —z1 

SV [x(m)]] =|——|XG) 
hid 

STON = ||xe 

Thus taking the z-transform of each side we obtain 

M 1k

2d += |
Hz =tT (5.15)

1 — 717°

2 erFEk=0 T 

Comparing Eq. (5.15) to (5.1), we observe that the digital transfer function 
can be obtained directly from the analog transfer function by means of a 
substitution of variables 

1 — zd 
¢ = 

¥ 
(5.16) 

so that the process of replacing derivatives by differences does indeed truly 
correspond to a mapping of the s-plane to the z-plane, according to Eq. 
(5.16). We previously indicated that the imaginary axis in the s-plane should 
map onto the unit circle in the z-plane and that stable analog filters should 

https://5.12)-(5.14


        

           

             

 

   

 

                

                 

  

  

  

    

                

               

   

           
    

               

           

             

              

       

            

           

           

         
             

         

           
              

 
  

    

  

                
                  

   

  
   

 

    

                 

                

 
   

    

            
     

                
            

             
               
        
             

           
           

          
              

..* Design of IIR Filters from Analog Filters 205 

map into stable digital filters. To investigate these questions for the trans-

formation of Eq. (5.16) we must express z as a function of s, obtaining 

1 
1 —sT 

Substituting s = jQ, 

(5.17)
1 —iQT 

Clearly, the locus of the jQ-axis in the s-plane is not the unit circle in the z-

plane since |z| 7 1 for all values of Q in Eq. (5.17). In fact, we can write 
Eq. (5.17) as 

1 + jOT-
wb]i 1tiA iar. 

-1 (5.18)
11 + e’?

i2t
an (@1)) 

which corresponds to a circle whose center is at z = § and radius is §, as 

shown in Fig. 5.5. It is easily verified that the left half of the s-plane maps 

iQ 
3-plane Z plane 

mage of s= jal 

Fig. 5.5 Mapping of the s-plane to the z-plane corresponding to first 
backward-difference approximation to the derivative. 

nto the inside of the small circle and the right half of the s-plane maps into 
the outside of the circle. Therefore, although the requirement of mapping the 
jQ2-axis to the unit circle is not satisfied, this mapping does satisfy the sta-

sility condition since poles in the left half s-plane map to the inside of the 
small circle, which is inside the unit circle. 

[t is worth correlating this result with a common intuitive notion. It is 

generally assumed that the simulation on a digital computer of the proc-

essing of a continuous-time signal by a differential equation can be ac-

complished by replacing derivatives by differences if the continuous signal 
s sampled at a high-enough rate. For example, if we wish to differentiate a 



    

          

          

         

            

              

            

             

             

             

             

            

              

            
                  

              

           

           

 

         

          

     

      

         

              

 
             

          

          

              

           

          

            

          

            

        

  

          

         

          

      

      

     

          
           

          
             
               

             
              
              

              
              

             
               

             
                   

               
            

            
  

          
           
      

       

          
               

 
              
           

           
               

            

           
             

           
             

         

   

           
          

           
       

        

206 Digital Filter Design Techniques 

continuous signal we intuitively expect that an approximation to the deriva-

tive can be accomplished by sampling the continuous-time function with a 
small-enough spacing between samples and forming the first difference of 
the resulting sequence. To show that in fact this intuition is consistent with 
the results that we just obtained, we remark first of all that if a bandlimited 

analog signal is sampled at the Nyquist rate, then the spectrum is nonzero 
over the entire unit circle. As we increase the sampling rate from the Nyquist 
rate, that is, as we decrease the sampling period, the nonzero part of the 
spectrum of the digital signal is confined to a smaller and smaller portion of 
the unit circle, and, in particular, if we choose the sampling period to be 
sufficiently small, we can concentrate the nonzero part of the spectrum in the 
vicinity of z = 1 in the z-plane. Correspondingly, if T is sufficiently small in 
Eq. (5.13), then the frequency response of the digital filter will be concentrated 
on the small circle in Fig. 5.5 in the vicinity of z = 1. This is, of course, the 

point at which the small circle and the unit circle are tangent, and if both 
the filter response and the signal spectrum are concentrated in that region, 
then we can expect that the digital filter will accurately approximate the 
analog filter. 

{n the above procedure, derivatives were replaced by backward differences. 
An alternative approximation to the derivative is a forward difference. The 
first forward difference is defined as 

AV[y(m)] = y(n + 1) — y(n) 

The mapping corresponding to this approximation is examined in Problem 
2 of this chapter, where it is shown that unstable digital filters can result from 

this approximation.
The major point in the previous example and also in Problem 2 of this 

chapter is that, in contrast to the impulse invariance technique, decreasing 
the sampling period theoretically produces a better filter since the spectrum 
tends to be concentrated in a very small region of the unit circle. In general, 
however, there is little to recommend the use of forward or backward 

differences in digital signal processing, since the high sampling rates required 
result in a very inefficient representation of the filter and the input signal. 
Furthermore, it is clear that these procedures are highly unsatisfactory for 
anything but lowpass filters. Thus we are led to consider other mappings that 
avoid the aliasing problems of the impulse invariance method. 

5.1.3 Bilinear Transformation 

In the previous section a digital filter was derived by approximating 
derivatives by differences. An alternative procedure is based on integrating 
the differential equation and then using a numerical approximation to the 
integral. For example, consider the first-order equation 

re (1) + cup,(1) = dox(D) (5 190) 



        

           

 

 
  

          

     

         

       

            

  

            

   

  
       

 

     

 
                
 

            

  

 

   
   

  

              

 

 

  

            

                

          

   

 

         

            
  

 
 

  

          

 

    

        

 

     
 

             

  

             

    

  
       

  

      

 
   

 

             
   

    
  

 

               

 
 

 
  

    

             
                 
           

    
  

5.1 Design of IIR Filters from Analog Filters 207 

where y,(t) is the first derivative of y,(f). The corresponding analog system 
function 1s 

a 
H,(s) = 

C18 + € 

We can write y,(¢) as an integral ofy,(¢), as in 

t 

ya(t) - Ya(D) dt + yo(to) 

[n particular, ift=nT and ¢, = (n — DT, 

nT 

nD) =" yi dr 4 yi = DD)
(n—1)T 

[f the integral is approximated by a trapezoidal rule [5], we can write 

T ’ ’ 

vo(nT) = y(n — DT) + 5 [ya(nT) + y(n — DT)] (5.20) 

However, from Eq. (5.19), 

’ —Cy dy
va(nT) = —— yo(nT) + — x,(nT) 

Cy cy 

Substituting into Eq. (5.20) we obtain 

T[—cy d,
bn) n= D1 = 2 [= 000) + y(n = 1) + 2x0) + x00 — 1)

1 1 

where y(n) = y,(nT) and x(n) = x,(nT). Taking the z-transform and solving 
for H(z) gives 

Y d

i) =D = 2 (5.21)

Bm 21-2 hy
T1 4- —* 

From Eq. (5.21) it is clear that H(z) is obtained from H,(s) by the substitution 

_ 21-7
y

\ (5.22)
T1LL1 

[hat is, 

H(z) = H()|s—2/mazYas) (5.23) 

This can be shown to hold in general since an Nth-order differential equation 
of the form of Eq. (5.3) can be written as a set of N first-order equations of 
the form of Eq. (5.19). Solving Eq. (5.22) for z gives 

_ 1 4+ (T/2)s bod)
1 —(T/2)s 



    

           

          

             

       

 

   

  

    

 

   

                

   

              

   

            
  

          

            

              

                

               

     

             

             

             

            

             

     

           
           

              
        

 
 

  

   
   

 
      
  

                 

    

               

    
 

 

            
   

           
             

               
                 
                

      
              

             
              
             

              

208 Digital Filter Design Techniques 

The invertible transformation of Eq. (5.22) is recognized as a bilinear trans-

formation [1-4,6]. To demonstrate that this mapping has the property that 
the imaginary axis in the s-plane maps onto the unit circle, consider z = 
Then, from Eq. (5.22), s is given by 

3 
_21=e’~ 

T14+ e7@ 

2j sin (w/2) 
T cos (w/2) 

2 
= — j tan (w/2

—Jtan (0/2) 
= og + jQ 

Thus for z on the unit circle, 0 = 0 and Q and w are related by 

Lo = tan (w/2) 

This relationship is plotted in Fig. 5.6. From the figure it is clear that the 

w= 2 tan! (45) 
7 

ly 

Fig. 5.6 Mapping of the analog frequency axis onto the unit circle using
the bilinear transformation. 

positive and negative imaginary axes of the s-plane are mapped, respectively, 
into the upper and lower halves of the unit circle in the z-plane. 

In addition to the fact that the imaginary axis in the s-plane maps to the 
anit circle in the z-plane, the left half of the s-plane maps to the inside of the 
unit circle and the right half of the s-plane maps to the outside of the unit 
circle, as depicted in Fig. 5.7. 

This can be seen by referring to Eq. (5.24). For the real part ofsnegative, 
the magnitude of the factor (I 4 s77/2)/(1 — sT/2)is less than unity, correspond-

ing to the inside of the unit circle. Conversely, for the real part ofspositive, 
the magnitude of that ratio is greater than unity, corresponding to the outside 
of the unit circle. Thus we see that use of the bilinear transformation yields 
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{) s-plane Ville 

Image of 
‘s=ifd 

”~ 

&gt; 

Imageof 
eft half plane 

Fig. 5.7 Mapping of the s-plane into the z-plane using the bilinear trans-
formation. 

stable digital filters from stable analog filters. Also the bilinear transforma-

tion avoids the problem of aliasing encountered with the use of impulse 
invariance, because it maps the entire imaginary axis in the s-plane onto the 
unit circle in the z-plane. The price paid for this, however, is the introduction 
of a distortion in the frequency axis. Consequently, the design of digital 
filters using the bilinear transformation is only useful when this distortion 
can be tolerated or compensated. A particular class of filters in which this is 
true is filters that are chosen to approximate an ideal piecewise constant 
filter characteristic. For example, if we wish to design a lowpass filter, then we 
are looking for an approximation to the ideal lowpass characteristic shown 
in Fig. 5.8. If we are able to design an ideal lowpass filter in the s-plane with 
a cutoff frequency Q, = (2/T) tan (w,/2), then when that design is mapped 
to the z-plane by means of the bilinear transformation, the ideal character-

istic of Fig. 5.8 would result. Of course, neither in the analog case nor in 
the digital case are we able to exactly realize an ideal filter of this type. In 
general, we would approximate such a filter characteristic, allowing some 
deviation from one in the passband and some deviation from zero in the 
stopband with a transition band of nonzero width. Figure 5.9 depicts the 

yr

= B 

r=. 2m w 

Zio 5.8 Frequency response of an ideal lowpass filter. 
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oh 

w = 2 arctan (7) 
['a 
, 

3 o 

3 

1 
.-

IH. (i9)] 
0 

2, = £ ton (42) 

Qe = 2 tan (3) 

aa ra. 

Slo Ale 

Fig. 5.9 Frequency warping encountered in transforming an analog low-
pass filter to a digital lowpass filter. To achieve the desired 
digital cutoff frequency, the analog cutoff frequencies must be 
prewarped as indicated. 

mapping of an analog frequency response and tolerance scheme to a corre 
sponding digital frequency response and tolerance scheme. If the critical 
frequencies of the analog filter are prewarped as shown, then, when the 
analog filter is transformed to the digital filter using Eq. (5.23), the digital 
filter will meet the desired specifications. 

Typical frequency selective analog filter designs are Butterworth. 
Chebyshev, and elliptic filters [7,8]. As we shall see in the next section, 
these analog approximation methods have closed-form design formulas which 
make the design procedure rather straightforward. A Butterworth analog 
filter is monotonic in the passband and in the stopband. A Chebyshev 
filter has an equiripple characteristic in the passband and monotonic in the 
stopband. An elliptic filter is equiripple in both the passband and the 
stopband. Clearly, these properties will be preserved when the filter is mapped 
to a digital filter with the bilinear transformation. This is illustrated by the 
dashed frequency-response curves in Fig. 5.9. 

Although the bilinear transformation can be used effectively to map a 
piecewise constant magnitude characteristic from the s-plane to the z-plane. 

0 



     

            

           

          

            

       

    

           

           

      
        

           

          

            

     

   

         

           

            

             

          

         

  

 

    

          

             

            

      

      

             
            

           
             
        

     

           
            

       
         

           
           

             
      

    

          
            

             
              

          
          

   
  

     
           

             
             

 

 

        

5.2 Design Examples: Analog-Digital Transformation 211 

the distortion in the frequency axis will manifest itself in terms of distortion 
in the phase characteristic associated with the filter. If, for example, we 
were interested in a digital lowpass filter with a linear-phase characteristic, 
we could not obtain such a filter by applying the bilinear transformation to 
an analog lowpass filter with a linear-phase characteristic. 

5.2 Design Examples: Analog-Digital Transformation 

The techniques of the previous section rely upon the availability of appro-

priate analog filter designs [7,8]. In this section we discuss examples of 
several analog lowpass approximation techniques, including Butterworth, 
Chebyshev, and elliptic approximations. The discussion is organized as 
follows: First, we present the basic design formulas for a particular approxi-

mation method. Then, using the same lowpass filter specifications for each 
approximation method, we carry out the design of a digital filter using both 
impulse invariance and bilinear transformation [9]. 

5.2.1 Digital Butterworth Filters 

Butterworth filters are defined by the property that the magnitude 
response is maximally flat in the passband. For an Nth-order lowpass filter, 
this means that the first 2N — 1 derivatives of the squared magnitude 
function are zero at {2 = 0. Another property is that the approximation is 

monotonic in the passband and the stopband. The squared magnitude func-

tion for an analog Butterworth filter is of the form 

1
HOP = ————— 

1+ (QQ 

as sketched in Fig. 5.10. 
As the parameter N in Eq. (5.25) increases, the filter characteristics 

become sharper; that is, they remain closer to unity over more of the pass-

band and become close to zero more rapidly in the stopband, although the 

Hy, 

(1 

Eig. 2.10 Squared magnitude for analog Butterworth filter. 
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Fig. 5.11 Dependence of Butterworth magnitude characteristic on the 
order N. 

magnitude function at the cutoff frequency Q, will always be 1 V2 because 
of the nature of Eq. (5.25). The dependence of the Butterworth filter charac 
teristic on the parameter N is indicated in Fig. 5.11. 

From the squared magnitude function in Eq. (5.25), we observe that 
H,(s)H,(—s) must be of the form 

\ 

(5.26)Hu(H(=$) = 77 en 

The roots of the denominator polynomial (the poles of the squared magnitude 
function) are then at 

5, = (—1)PN(jQ,) 

Thus there are 2NV poles equally spaced in angle ona circle of radius Q, in the 
s-plane. The poles are symmetrically located with respect to the imaginary 
axis. A pole never falls on the imaginary axis and one occurson the real axis 
for N odd but not for N even. The angular spacing between the poles on the 
circle is «/N radians. For example, for N = 3, the poles are spaced by =/3 
radians or by 60 degrees, as indicated in Fig. 5.12. To determine the transfer 
function of the analog filter to associate with the Butterworth squared 
magnitude function, we wish to perform the factorization H,(s)H,(—s). We 
observe that the poles of the Butterworth squared magnitude function occur 
in pairs, so that if there is a pole at s = s,, then a pole also occurs at 5s = 

—s,. Consequently, to construct H,(s) from the squared magnitude function, 
we would choose one pole from each such pair. If we restrict the filter to be 
stable and causal, which is generally the case, then these poles will correspond 
to the poles on the left-half-plane part of the Butterworth circle. If we obtain 
a digital Butterworth filter from an analog Butterworth filter by mapping 
the pole pattern from the s-plane to the z-plane using the bilinear transforma-

tion, thenin the z-plane the corresponding squared magnitude function has2N 
zeros at z = — 1. The Butterworth circle in the s-plane then maps to a circle 
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slane 

D) 

al 

Fig 5.12 s-Plane pole locations for a third-order Butterworth filter. 

in the z-plane, since the bilinear transformation is a conformal mapping. 
However, the Butterworth circle in the z-plane is not centered at the origin. 
This circle in the z-plane is indicated in Fig. 5.13. 

While the poles in the s-plane were equally spaced in angle on the Butter-

worth circle, that is no longer true in the z-plane. In fact, pole pairs ats, and 
—s, in the s-plane map to pole pairs at z, and 1/z, in the z-plane. For the 
previous example with N = 3, the poles of the squared magnitude function 
in the z-plane are as indicated in Fig. 5.14. 

Generally, in designing a Butterworth filter using the bilinear transforma-

lion, the most straightforward procedure is to first determine the location 
of the poles in the s-plane and then map the left-hand plane poles to the z-

plane with the appropriate transformation, rather than attempt to locate 
the poles directly in the z-plane. 

{" dlane€ 

init circle 

N 

Butterworth 
circle 

1-.T 1+ QT 
+Q.7 1-Q.7 

Fig. 5.13 Butterworth circle transformed by bilinear transformation. 
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Z — plane 

N=3 

0T=3 
9 

275° 

Fig. 5.14 z-Plane pole locations for a third-order Butterworth filter 
transformed by bilinear transformation. 

As an example of the design of a Butterworth lowpass digital filter, assume 
that we require a filter such that the passband magnitude is constant to 
within 1 dB for frequencies below 0.27 and the stopband attenuation is 
greater than 15 dB for frequencies between 0.37 and =. Thus, if the passband 
magnitude is normalized to unity at w = 0. then we require that 

20 logy, |H(e'?)| &gt; —1 and 20 logy, [H(e*")| &lt; —15 

Using these specifications, we will now design a digital filter from an analog 
Butterworth filter using both impulse invariance and the bilinear transforma-

tion. These same specifications will be used for later examples of other 
approximation methods. 

Impulse Invariant Design. In designing the desired filter using impulse 
invariance on an analog Butterworth filter, we must first transform the 

specifications to specifications in terms of analog frequency. We recall that 
impulse invariance corresponds to a linear mapping from analog frequency 
to digital frequency in the absence of aliasing. A convenient procedure for 
designing the digital filter on the basis of impulse invariance is to assume 
that the effect of aliasing is negligible. After the design is carried out, the 
performance of the resulting filter can then be evaluated. 

For the required design, we will assume for convenience that the param-

eter T is unity. Then we desire an analog Butterworth filter with sauared 

magnitude function | H,(j€2)|2 for which 

20 logy, | Ha(j.2m) &gt; —1 
O) 

20 logo | H,(j.37)] &lt; —15 



     

       

  

 

           

          

       

 

      

             

            

            

              

             

          

               

            

           

                

             

     

     

     
 

    

          

           

            

       
       

          

   

   

           

          

      

        

 
  

  

            
           
        

   
 

        

              
            

             
               

              
           

                

            
            

                 
              

      

      

      
  

    

           

           
             

       
    

           

   

   

            
           

5.2 Design Examples: Analog-Digital Transformation 215 

Since the form of a Butterworth filter is 

1 
H(jQP = ——————

|H,(j€)] (QO 

he filter design consists essentially of determining the parameters N and Q, 
to meet the desired specifications. Let us initially determine these parameters 
to meet the specifications with equality so that 

| (227) 10°} (,.27)
Q,

and 

| —1 = 10"T ( 3a)"Q 1.5 (5.28) 

The solution of these two equations leads to the values N = 5.8858 and 
(2, = 0.70474. The parameter N, however, must be an integer and conse-

quently, in order that the specifications are met or exceeded, we round N 
ap to the nearest integer so that N = 6. Now both passband and stopband 
specifications cannot be met exactly. As the value of £2, varies, there is a 
tradeoff in the amount by which the stopband and passband specifications 
are exceeded. If we substitute N = 6 into Eq. (5.27) we obtain 2, = 0.7032. 

With this value, the passband specifications will be met exactly and the stop-

band specifications will be exceeded (for the analog filter). This allows some 
margin for aliasing in the digital filter. With this value of 2, and with N = 6. 
there are three pole pairs in the left half of the s-plane with coordinates. 

pole pair 1: —0.1820 + 7.6792 

pole pair 2: —0.4972 4 4972 

pole pair 3: —0.6792 + j.1820 
so that 

fi) 012093 _ __ 

‘ (s+ 0.3640s + 0.4945)(s*+ 0.99455 + 0.4945)(s&gt;+ 1.35855 + 0.4945) 

[f we express H,(s) as a partial-fraction expansion and perform the trans-

formation of Eq. (5.11). the resulting system function of the digital filter is 

H(z) 0.2871 — 0.44662" + —2.1428 + 1.145477"
z) — — — rere - © — 

1 — 1.2971z7% 4 0.694922 © 1 — 1.0691z7" 4 0.369922 

1.8558 — 0.6304z7* 

-- 0.9972z7" + 0.257022 

As is evident from the above equation, the system function resulting from 
the impulse invariant design procedure can be realized directly in parallel 
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Fig. 5.15 Frequency response of sixth-order Butterworth filter trans-

formed by impulse invariance. 

form. If cascade or direct form is desired, the separate second-order terms 

must be combined in an appropriate way. 
The frequency response of the above system is shown in Fig. 5.15. We 

recall that the filter was designed to exactly meet the specifications at the 
passband edge and to exceed the specifications at the stopband edge, and, in 
fact, this is the case. This is an indication that the analog filter was sufficiently 
bandlimited so that aliasing presented no problem. Sometimes this is not the 
case. If the resulting digital filter does not meet the specifications, we can 
try again with a higher-order filter or a different adjustment of the filter 
parameters, holding the order fixed. 



     

        

          

         

           

          

           

         
  

         

        

            

 

    

    

      

     

 

              

              

            

           

             

            

       

            

             

          

  

   

           

            

      

         
          

         
           

           
            

          
   

          
 

         

             
  

     

 

     

      
     

  

              
               

           
           

              
             

        
            

              
          
   

    

            

             

5.2 Design Examples: Analog-Digital Transformation 217 

Design Using the Bilinear Transformation. As discussed previously, in 
carrying out the design using the bilinear transformation, the digital fre-

quency specifications must be prewarped to the corresponding analog fre-

quencies so that with the frequency distortion inherent in the bilinear trans-

formation, the critical analog frequencies will map to the correct critical 
digital frequencies. For the specific filter that we are considering here, with 
H,(jQ)|? representing the squared magnitude function of the analog filter, 
we require that 

|
20 logy, | H( j2 tan (*27)) | &gt; —1 

and 

20 logy, | 12 tan (7) | &lt; —15 

where we have again conveniently assumed that 7 = 1. Solving the equations 
with equality, 

oh (2 en (0% (5 29) 

and 

. (2 tanDaf [ols (5.30) 

N — 1log [(10*® — 1)/(10°!—1)] 
2 1log [tan (0.157)/tan (0.17)] 

5 30466 

In order to meet the specifications, N must be chosen as 6. If we deter-

mine (2, by substituting N = 6 into Eq. (5.30) we obtain Q, = 0.76622. 
For this value of ,, the passband specifications are exceeded and the stop-

band specifications are met exactly. This is reasonable for the bilinear trans-

formation since we do not have to be concerned with aliasing. That is, with 
proper prewarping, we can be certain that the resulting digital filter will meet 
the specifications exactly at the desired stopband edge. 

In the s-plane the 12 poles of the squared magnitude function are uni-

formly distributed in angle on a circle of radius 0.76622, as shown in Fig. 
5.16. The transfer function in the s-plane corresponding to the left-half-

plane poles is 

H(s) — — 0.20238 

(s+ 0.3965 + 0.5871)(s® + 1.083s + 0.5871)(s% + 1.48025 + 0.5871) 

The transfer function H(z) for the digital filter is then obtained by applying 
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it 

S-plane 

Fig. 5.16 s-Plane pole locations for sixth-order Butterworth filter. 

the bilinear transformation to H,(s) with 7 chosen as unity, with the result 
that 

0.0007378(1 + z1° 
(1 — 1.26862"! + 0.7051z7%)(1 — 1.010627! + 0.358327?) 

I et -_— 

(1 — 0.904427 + 0.2155z7%) 

The magnitude and phase of the digital frequency response is shown in Fig. 
5.17. We note that at w = 0.27 the magnitude is down 0.5632 dB and at 

w = 0.37 the magnitude is down exactly 15 dB. 
It should also be noted that the magnitude function in Fig. 5.17 falls off 

much more rapidly than the one in Fig. 5.15. Thisis because thebilinear trans-

formation maps theentirejQ axis of the s-plane onto the unit circle. Since the 
analog Butterworth filter has a 6th order zero at s = co, the resulting digital 
filter has a 6th order zero at z = —1. 

5.2.2 Digital Chebyshev Filters 

In a Butterworth filter the frequency characteristic is monotonic in both 

the passband and the stopband. Consequently, if the filter specifications are 
in terms of, let us say, maximum passband approximation error, the speci-

fications are exceeded toward the low-frequency end of the passband. A 
more efficient approach, which usually leads to a lower-order filter, is to 
distribute the accuracy of the approximation uniformly over the passband 
or the stopband or both. This is accomplished by choosing an approxima-

tion that has an equiripple behavior rather than a monotonic behavior. The 
class of Chebyshev filters has the property that the magnitude of the fre-

quency response is either equiripple in the passband and monotonic in the 
stopband or monotonic in the passband and equiripple in the stopband. 
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Fig. 5.17 Frequency response of sixth-order Butterworth filter trans-

formed by bilinear transformation. 
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Fig. 5.18 Chebyshev lowpass filter approximation. 
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220 Digital Filter Design Techniques 

The former case is sketched in Fig. 5.18. The analytic form for the squared 
magnitude function is 

H, QZ = —_ x
OF = vam) 

where Vy(x) is the Nth-order Chebyshev polynomial defined as 

Vy(x) = cos (N cos! x) (5.32) 

For example, for N = 0, Vy(x) = 1; forN=1, V(x) = cos (cos! x) = x; 
for N=2, V(x) = cos (2cos tx) = 2x% — 1; etc. 

From Eq. (5.32), which defines the Chebyshev polynomials, it is straight-

forward to obtain a recurrence formula from which Vy,(x) can be obtained 

from Vy(x) and Vy_;(x), by applying trigonometric identities to Eq. (5.32),
with the result that 

Vax) = 2xV x(x) — Viy_i(x) (5.33) 

From Eq. (5.32) we note that V(x) varies between zero and unity for x 
between zero and unity. For x greater than unity, cos x is imaginary, so 
that V(x) behaves as a hyperbolic cosine and consequently increases mono-

tonically for x greater than unity. Referring to Eq. (5.31), then, |H,(Q)| 
ripples between 1 and 1/(1 + &amp;%) for 0 &lt; Q/€Q, &lt; 1 and decreases monotoni-

cally for QQ, &gt; 1. Three parameters are required to specify the filter: ¢, €,, 
and N. In atypical design, ¢ is specified by the allowable passband ripple and 
(), is specified by the desired cutoff frequency. The order N is then chosen so 
that the stopband specifications are met. 

The poles of the Chebyshev filter lie on an ellipse in the s-plane [2,7,8]. 
Referring to Fig. 5.19 the ellipse is defined by two circles corresponding to 

Fig, 5.19 Location of poles for a third-order Chebyshev filter. 



     

               

  

   

        

     

             

             

             

              

                 

            

             

              

            

               

             

          

         

         

        

    

             

          

                  

             

                

         

   

         

          

        

         

             

             

           

      

                
 

   
 

   

         

      

              
              

              
               

                  

             
              

               
             

                
              

           
          

          
         

     

              
           

                   

              

                 
          

    

          

           

         
          

              
              

            

5.2 Design Examples: Analog-Digital Transformation 221 

the minor and major axes of the ellipse. The radius of the minor axis is aQ),, 
where 

7] L(t _ a (5.34)
vith 

x= e141 + 72 

The radius of the major axis is bQ2,, where 

b = (MN + «VM (5.36) 

To locate the poles of the Chebyshev filter on the ellipse, we first identify 
the points on the major and minor circles equally spaced in angle with a 
spacing of «/N in such a way that the points are symmetrically located with 
respect to the imaginary axis and such that a point never falls on the imaginary 
axis and a point occurs on the real axis for N odd but not for N even. This 

division of the major and minor circles corresponds exactly to the manner in 
which the circle is divided in locating the poles of a Butterworth filter. The 
poles of a Chebyshev filter fall on the ellipse with the ordinate specified by the 
points identified on the major circle and the abscissa specified by the points 
identified on the minor circle. In Fig. 5.19 the poles are shown for N = 3. 

As an example of the design of a Chebyshev filter, let us consider the 
same specifications as for the Butterworth filter and again compare the 
impulse invariant design with the design using the bilinear transformation. 

Impulse Invariant Design. We desire an analog Chebyshev filter for 
which the squared magnitude function |H,(j€2)|* satisfies the specifications 

20 logy, |H,(j.37)| &lt; —15 

We will choose the design to exactly meet the specifications at 0.27 with the 
frequency response equiripple between = 0 and Q = 0.27. Consequently, 
(); = 0.27 and §; = 107% = &amp; = 0.50885. For N = 3,20 log, | H,(j.37)| = 

—13.4189, and for N = 4, 20 log,, |H,(j.37)| = —21.5834. Thus we choose 

the larger value of N. For this value of N, the parameters «, a, and b are 
x = 4.1702, a = 0.3646, and b = 1.0644. Thus 

H(s) = 0.038286 _ 

: (s® + 0.4233s + 0.1103)(s* + 0.1753s + 0.3894) 

The transfer function of the digital filter using impulse invariance is 

H(z) — 0.08327 + 0.0239z* ~~ 0.08327 + 0.0246z" 
1 — 1.565827" + 0.6549z7% 1 — 1.493427" + 0.839222 

[t is worth noting that due to aliasing the attenuation at the stopband edge 
(0 = 0.37 is slightly worse than for the analog filter. However, since the 
analog design provided for more attenuation than specified due to the fact 



    

              

          

     

         

     

 

 

 

     

     

 

 

 

 

 

 

 

 

        

   

     

              
           

      

          
      

  

 

 
 

 
   

  

  

 

 

 

 
  
 
  
 

 

 

 

 

 

 
 
  
 

  
  
 
 
   

 

 

  

  

 

 

 

     

      

    

 

     

     

         
    

222 Digital Filter Design Techniques 

that NN is required to be an integer, the resulting digital filter meets the speci-

fications. A plot of the resulting digital frequency response magnitude and 
phase is shown in Fig. 5.20. 

Design Using the Bilinear Transformation. In this case the specifications 
on the analog filter are that 

20 logy, A tan (7) | &gt; —12 
“ry

~ tbe 

20 log, 1, 12 tan (7) | &lt;-—15 
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Fig. 5.20 Frequency response of fourth-order Chebyshev lowpass filter 
transformed by impulse invariance. 



     

                

            

             

 

    

        

        

        

        

           

   

  

            

             

           

              

        

          

           

           

             

             

                

               

       

        

 

  

           

           

                

             

              

            

             

             

          

            

          

             

      

                 
             

              
  

     

         

         

         

         

            
    

   

             

             
            
               

        
           
            
            

              
              

               
               

        
         

 

   

            
            

                 

             
               

             
              

              
          

             
           

              

5.2 Design Examples: Analog-Digital Transformation 223 

Thus the parameter Q, is Q, = 2 tan (0.2/2) and, as before, §, = 107% = 
g = 0.50885. The minimum integer value of N for which the stopband 
specifications are met is N = 4. The transfer function of the resulting analog 
filter is 

H(s) = — 0.04381 _ 

(s® + 0.1814s + 0.4166)(s* + 0.4378s + 0.1180) 

The corresponding digital filter, using the bilinear transformation, is 

HZ) = — — — —— 0.001836(1 + z—1)* 

(1 — 1.499627" + 0.8482z7%)(1 — 1.55482" + 0.649327?) 

A plot of the resulting digital frequency response magnitude and phase is 
shown in Fig. 5.21. 

5.2.3 Elliptic Filters 

We have seen that if we distribute the error uniformly across the entire 

passband as in the Chebyshev case, we are able to meet the design specifica-

tions with a lower-order filter than if we permit a monotonically increasing 
error in the passband as in the Butterworth case. We note that in both the 

Chebyshev and Butterworth designs, the stopband error decreases mono-

tonically with frequency, raising the possibility of further improvements if we 
distribute the stopband error uniformly across the stopband. That is, let us 
consider, for example, a lowpass filter approximation as in Fig. 5.22. Indeed 
it can be shown [10] that this type of approximation, i.e., equiripple in the 
passband and the stopband, is the best that can be achieved for a given 
filter order N, in the sense that for given values of ,, d;, and §,, the tran-

sition band (£2, — €2,) is as small as possible. That is, this type of approxima-

tion yields the sharpest cutoff frequency selective filter. 
For analog filters, such an approximation is obtained as 

— 1 

IH,(j€)] [1 209) 

where Upy(Q) is a Jacobian elliptic function. To obtain equiripple error in 
both the passband and stopband, elliptic filters must have both poles and 
zeros. As can be seen from Fig. 5.22, the zeros of such a filter lie on the 

jQ-axis of the s-plane. A discussion of elliptic filter design, even on a super-

ficial level, is beyond the scope of this section, which is only meant to be 
an introduction. The reader is referred to the texts by Guillemin [7], Storer 
[8], and Gold and Rader [1] for a more detailed discussion. Our purpose here 
is simply to point out that this method of approximation leads to the best 
amplitude response in the sense previously stated. Since the bilinear trans-

form only distorts the frequency axis, it is clear that digital filters obtained 
from analog filters by bilinear transformation (with prewarping of Q, and 
(2,) are also optimum in the sense of having the smallest transition region for 
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Fig. 5.21 Frequency response of fourth-order Chebyshev lowpass filter 
zransformed by bilinear transformation. 
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Fig. 5.22 Equiripple approximation in both passband and stopband. 
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5.2 Design Examples: Analog-Digital Transformation 225 

given values of N, w,, 0;, and J,. On the other hand, the impulse invariant 
technique would destroy the optimality of the filter. 

An example of an elliptic filter that meets the specifications of the previous 
examples is shown in Fig. 5.23. In this case the parameters of Fig. 5.22 are 
6, = 107% ow, = 0.27, w, = 0.37, and 20 log, (4,) = —15dB. If we 

fix 6;, w,, and ws, it turns out that with N = 3, 20 log,, (4,) = —26.71 dB, 

thus exceeding the specifications. Prewarping the critical frequencies so that 
QQ, = 2 tan (0.27/2) and Q, = 2 tan (0.37/2), we obtain the system function 

H( 0.12460(s® + 1.3040)
os) (0.6498s + 0.2448)(s® + 0.25215 + 0.4313) 
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Fig. 5.23 Frequency response of a third-order elliptic filter transformed 
by bilinear transformation. 



    

          

       
      

    

            

         

      

          

           

        

          

            

         

          

          

          

         

            

           

            

          

          

           

           

         

           

         

             

         

          

              

           

            

   
  

 

 

       

  

     

           

          

     

             
          

       

           
            

         
           

             
          

           
           
           

          
             

            
             

           
           
            

            
          
           

 

         
              

          

           
               

            
            

    
   

  

  

        

   

226 Digital Filter Design Techniques 

and using the bilinear transformation, the digital filter system function is 

H(z) 0.05634(1 + z7)(1 — 1.016627 + z7%)
Zz) = — - Te - a——— 

(1 — 0.683027")(1—1.446127" + 0.7957z7%) 

Thus we see that for the example that we have been discussing, the 
elliptic filter yields the lowest-order filter that meets the specifications. 

5.2.4 Frequency Transformations of Lowpass IIR Filters 

The previous examples have illustrated the use of the impulse invariance 
and bilinear transformation methods for the design of IIR digital filters from 
analog system functions having lowpass frequency selective properties. The 
ideal frequency responses of the four commonly used types of frequency 
selective filters are shown in Fig. 5.24. Figures 5.24(a), (b), (c), and (d) 
depict the ideal frequency response of lowpass, highpass, bandpass, and 
bandstop filters, respectively. The traditional approach to the design of such 
frequency selective analog filters is to first design a frequency normalized 
prototype lowpass filter and then, by an algebraic transformation, derive the 
desired lowpass, highpass, bandpass, or bandstop filter from the prototype 
lowpass filter [7]. In the case of digital frequency selective filters, we can 
design an analog frequency selective filter of the desired type and then 
transform this filter to a digital filter. A disadvantage of this procedure is 
that we cannot transform highpass and bandstop filters using the impulse 
invariance technique, owing to the aliasing distortion that would result. An 
alternative procedure is to design a digital prototype lowpass filter and then 
perform an algebraic transformation on the digital lowpass filter to obtain the 
desired frequency selective digital filter [11-13]. This procedure can be 
applied regardless of the design procedure used to obtain the digital lowpass
filter. 

Frequency selective filters of the lowpass, highpass, bandpass, and band-

stop types can be obtained from a lowpass digital filter by use of rational 
transformations very similar to the bilinear transformation that we have 

ased to transform analog system functions into digital system functions. To 
see how this is done, let us associate the complex variable z with the lowpass 
system function, H,(z), and the complex variable Z with the desired system 
function H,(Z). Then letius define a mapping from the z-plane to the Z-

plane of the form 
7-1 = G(Z™)) 

uch that 

H,(Z) = H(G(Z71)) 

where G~1( ) denotes the inverse mapping; i.e., 

7-1 — G-1(z1) 
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Fig. 5.24 Frequency responses of ideal (a) lowpass, (b) highpass, (c) band-
pass, and (d) bandstop filters. 

We must insist that the mapping be such that a rational system function 
H(z) corresponding to a stable and causal lowpass digital filter be trans-

formed into a rational system function, H,(Z) corresponding again to a 
stable and causal digital filter. Therefore, we require that 

I. G(Z7') must be a rational function of Z= (or Z). 
2. The inside of the unit circle of the z-plane must map into the inside 

of the unit circle of the Z-plane. 



    

             
         

    

   

  

   

          

             

          

  
  

  

             

             

          

 
  

    

           

 

 
  

     

  
    

      

             

 

         

     

             
          

        
    

   
 

    

          
              

           

  
  

  
              

              
           

  
   

    

            

 

  
  

      

  
     

  

              

 

  

          

228 Digital Filter Design Techniques 

Thus, if 0 and w are the frequency variables in the z-plane and Z-plane,
respectively, i.e., z = ¢’® and Z = ’*, then 

0 70 —_ = | G(e jo
)] el g [Get )2 

and we reauire that 

ni 
1G(e77?) = 1 

0 = —arg [G(e™')] 

The above equation specifies the relationship between frequencies in the z-

plane and the Z-plane. It has been shown [11-13] that the most general form 
of the function G(Z™1) that satisfies all the above requirements is 

N 7-1 _
GZ) =+T]I ZZ—y

k=11— oa,Zt 
where |o,| &lt;&lt; 1 for stability. By choosing appropriate values for N and the 
constants a, a variety of mappings can be obtained. The simplest is one that 
transforms a lowpass filter into another lowpass filter. For this case, 

Zl —« 
-a - GZ) =——— 

(27) 1 — gq 7} 

If we substitute z = ¢’® and Z = €’°, we obtain 

— i 

oo £7 
1 — ae 

from which we can show that 

© (1 —a*)sinf
w = arctan | ——— 

2a + (1 + a) cos 01 

The nature of thus relationship is depicted in Fig. 5.25 for different values of 

r/? 

Ja Is J 

Fig. 5.25 Warping of the frequency scale in lowpass—lowpass transformation. 



     

             

              

         

          

                

   

   

             

           

           

  

          

           

  

             

             

            

  

    
         

             

            

 

      

   

         

     

   

        

             

          

             

               

        

      

              
               

          
           

                 

   
 

    

              
            
            

   

          
            
   
              

              
            

   

    
          

              
             

  

       

    

          
 

     

    

         

              
           

              
                

         

5.2 Design Examples: Analog-Digital Transformation 229 

x. Although a warping of the frequency scale is evident in Fig. 5.25 (except 
in the case a = 0), if the original system has a piecewise constant, lowpass 
frequency response with cutoff frequency 6,, then the transformed system 
will likewise have a similar lowpass response with cutoff frequency w, 
determined by the choice of «. Solving for « in terms of 8, and w,, we obtain 

sin (0, — @,)/2)
A 

~ sin((6, + w,)/2) 

Thus to use these results to obtain a lowpass filter H;(Z) with cutoff frequency 
w, from an already available lowpass filter H,(z), with cutoff frequency 6, 
we would use the above eauation to determine « in the expression 

Hy(Z) = H|(2)|s-1=(z-1-a)/1—az-1) 

We can derive transformations from a lowpass filter to highpass, band-

pass, and bandstop filters in a similar manner. These are summarized in 
Table 5.1 [11-13]. 

As an example of the use of these transformations, let us obtain a highpass 
filter from the Chebyshev lowpass filter of Sec. 5.2.2. We recall that the cutoff 
‘requency of the lowpass filter was 6, = 0.27. Using the bilinear transforma-

lion we obtained 

a 0.001836(1 + z 1)
2) (1 — 1.554827" + 0.6493z7%)(1 — 1.499627 + 0.848222) 

The frequency response of this filter is shown in Fig. 5.21. Suppose that we 
desire a highpass filter with cutoff frequency w, = 0.67. From Table 5.1 
we obtain 

_ cos [(0.67 + 0.27)/2] — 038] 

cos [(0.67 — 0.27)/2] 

Thus, using the lowpass—highpass transformation indicated in Table 5.1, we 
obtain 

H,(Z) =H(2) ez 0.38197) (1—0.3819727)) 

_ oo 0.02426(1—27H oo 

(1 — 1.0416Z7* + 0.4019Z7%)(1 — 0.5561Z7t + 0.7647Z7%) 

The frequency response of this system is shown in Fig. 5.26. Note that except 
for some distortion of the frequency scale, the highpass frequency response 
appears very much as if the lowpass response were shifted in frequency by =. 
Also note that the 4th order zero at z = —1 for the lowpass filter now 

appears at Z = 1 for the highpass filter. 



    

 

    

   

     

 

  

 

   
 

  
  

   
  

   
 

   

 
   

   

 

    

 
 

    

  

 
   

  

  

    

    

      

 

  

  

 
   

    

      

 

      

             

          

           

           

          

           

     

  

     
    

      

 

   
   

        

  

     

 
 

     
     

  

  
      

    
    

 
     

   

       

  

  

 
     

   
 

         

       

  

       

              
           

            
            

           
            

230 Digital Filter Design Techniques 

Table 5.1 

TRANSFORMATIONS FROM A LOWPASS-DIGITAL-FILTER PROTOTYPE 
OF CUTOFF FREQUENCY 6, 

Filter Type Transformation Associated Design Formulas 

(0, — w,

sin =)
Zl —« 

A = am eme—

{.owpass 
-1 

1 — aZ-1 . 0, + w, 

sin| ——5— 

w, = desired cutoff frequency 

2 
Zo 

Highpass 1+ oz! ED)
cos 27%) 

w, = desired cutoff frequency 

Wg + W, 

cos |—5— 
A = — ————————Ft le gigET) 

Wy — Wyk+1 k+1 
Bandpass cos ( 2 

=r Mk
k +1 k+1 k We — Wg 0, 

= cot — tan 2 

we, w; = desired upper and lower 

cutoff frequencies 

we + Ww, 

cos(2572) 
Wy — Wyza 2 pa 1k 

1+ k +k COS (52)
Bandstop 

Wy — Wy 0,kp 2 zai 
k = tan (252) tan

[+k 1+ 

we, w; = desired upper and lower 

cutoff frequencies 

5.3 Computer-Aided Design of IIR Digital Filters 

In the previous section we have seen that digital filters can be designed by 
transforming an appropriate analog filter design into a digital filter. This 
approach is reasonable when we can take advantage of analog designs that 
are given in terms of formulas or extensive design tables; e.g., frequency 
selective filters such as Butterworth, Chebyshev, or elliptic filters. In general, 
however, analytical procedures do not exist for the design of either analog 
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Fig. 5.26 Frequency response of highpass filter obtained by frequency
transformation. 

or digital filters to match arbitrary frequency response specifications or other 
types of specifications. In these more general cases, design procedures have 
been developed that are algorithmic in nature, generally relying on the use of 
a computer to solve sets of linear or nonlinear equations. In most cases the 

computer-aided design techniques apply equally well to the design of either 
analog or digital filters with only minor modification. Therefore, nothing is 
gained by first obtaining an analog design and then transforming this design 
to a digital filter. 



    

         

          

            

           

           

         

    

          

          

          

             

     

   

    

           

  

      
    

          

          

 
              

                   

            

            

          

       

   

          

 

      

  
  

 

 

         

  
          

                

     

         
           

             
            

            
          

     

           
          

           
              
      

 

      
 

            

  
    

    

           
           

 
               

                    

             
             

           
        

  
          
  

       

    
 

  

  
          

   
           

                 
 

232 Digital Filter Design Techniques 

There are a number of computer-aided design techniques for approxi-

mating an arbitrary frequency characteristic. In this section we shall discuss 
the nature of several of these procedures so as to illustrate the possibilities 
of computer-aided design of IIR digital filters. In our discussion we shall 
focus on the formulation of the design equations rather than the details 
of the numerical procedures involved in carrying out the solution. 

5.3.1 Minimization of Mean-Square Error 

Steiglitz [14,15] has proposed an IIR filter design procedure based on 
minimization of the mean-square error in the frequency domain. The pro-

cedure requires that the desired frequency response H,(e’”) be prescribed at 
a discrete set of frequencies {w;}, i = 1,2, ..., M. The mean-squared error 
at these frequencies is defined as 

M - . 2 

E =&gt; [[H(e’™)| — [Hye™)] (5.3 
[— 

[t is assumed that the filter transfer function is of the form 

K —-1 —-2

H(z) = A Las+h —= AG(z)
k=11 + zt + dz? 

The cascade form is chosen because of its relatively low coefficient 
sensitivity and for convenience in computation of derivatives required in the 
optimization procedure.

The error, expressed by Eq. (5.37), can be thought of as a function of the 
parameters (a;, by, ¢1, dy, Gy, by, . . . , di, A). Since we wish to find values of 

these parameters that minimize the error E, we take partial derivatives of E 
with respect to each parameter and set these derivatives equal to zero thus 
obtaining 4X + 1 equations in the 4K + 1 unknowns. 

The equation for A is particularly simple since 

ES » - jo, 
—— = 2 {2014] - |G(e’*)] — IH L('")]11G(e’*)|} = 0 
014] i= 

Solving this equation for | 4] gives} 

&gt; 16)! 1H e7)2 
A = ~ 

] 
(5.39

Mi 

&gt; Ge)? 
Differentiating with respect to the remaining 4K unknown parameters given 
by the vector 
y ¢ = [a,, by, C1, dy, as, b,, tees dx] 

+ The sign of A does not enter into the minimization since only the magnitude error is 
considered. 
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Fig. 5.27 Fixed values of the frequency response for an example of the use 
of Steiglitz’s design procedure. 

leads to 4K nonlinear equations, 

OFB®.4) _ n—1,2,....4K
dd. 

where ¢,, represents the nth component of ¢. These equations can be solved 
algorithmically using, for example, the Fletcher-Powell method [16]. We 
note that this procedure deals only with the magnitude function. As a 
result the optimization algorithm can yield values for the parameters corre-

sponding to an unstable filter; that is, the poles and zeros of each second-

order section are unconstrained. Rather than place constraints on the 

parameters, Steiglitz tested the roots of each second-order factor after com-

pletion of the minimization and, if a pole (or zero) was outside the unit 
circle, he replaced it by its reciprocal, thus leaving the magnitude function 
unchanged. He found that continuing the optimization procedure sometimes 
resulted in further minimization of the error. 

The following example [14], illustrates the use of the above procedure. 
An ideal lowpass filter was specified with cutoff frequency 0.17 as depicted 
in Fig. 5.27. That 1s. 

1, w = 0, 0.017, 0.027, ..., 0.097 

0.5, w=0.1x
Hy (e’?)| = 

0, w=0117,0.127,...,0.197 
0. w=02703m....09m x 

Note that there is no requirement that the specification frequencies {w;} be 
equally spaced. Figure 5.28 shows the result of the optimization procedure
for K=1andK=2. 

5.3.2 Minimization of a p-Error Criterion 

Deczky [17] has generalized the procedure of the previous section in a 
number of ways. Instead of minimizing the average squared error, a weighted 
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Fig. 5.28 Example of frequency responses obtained by minimization of 
mean-square error. (After Steiglitz [14].) 

average of the error raised to the pth power was minimized. Also, this 
technique was applied to both the magnitude and the group delay. There-

fore. the error expression minimized was a discrete approximation to either 

E ’ (I (€’)] (e’¢? z=-{ W(w)[|H HAN (5.40)— NTP dw 

E, ~f Ww)[r(w) — 74(w)]” dw (5.41)
0 

~here the group delay 7 is defined as 

d 
r(w) = — rn {arg [H(')]} (5.42) 

The desired digital filter is assumed to be represented as in Eq. (5.38). Pro-

ceeding as in Sec. 5.3.1 to minimize either Eq. (5.40) or (5.41), we are faced 
with the solution of 4K + 1 nonlinear equations in the 4K + 1 unknown 
parameters. It is shown [17] that if one begins with a stable approximating 
solution, then a local minimum of the error function exists for p &gt; 2 such 

that the optimum parameters correspond to a stable transfer function. This 
result depends on the observation that both the magnitude and group delay 
of each second-order section in Eq. (5.39) approach infinity as the poles 
approach the unit circle. Thus the error function becomes unbounded as the 
poles tend to move across the unit circle into the instability region. This 
condition serves as a barrier to the movement of the poles in solving the 

nonlinear equations using the Fletcher—Powell procedure [16]. 
As an example of the application of this technique. a fourth-order elliptic 

lowpass digital filter was designed. The attenuation characteristic (—20log,, 
'"H(e’*)|) of this filter is shown in Fig. 5.29(a) and the group delay is shown in 



       

 

  

 

  

 

   

 

          
         

          

          

          

           

        

              

             

          

                 

              

  

        

 

 

 
  
 
 
 

  

 

   

 

 

 
    

 
  
  

  

   
 
 

  
 
 

 

 
 

 

   

 

           
         

           

           
           

            
         

              
              

           
                  

               
   

5.3 Computer-Aided Design of IIR Digital Filters 235 

10 WAN
30 

0 
©
2 50! 
wv 
wv 
oO 

“J 10 

® 

Ow ~N

sb. O3n 

9 

7 

= 
~ Group delay after 

o 
D ‘equalization 
S 

12 

9 n t _ 

*  Qriginal group delay 
» 
Se 

~ 8 
» 
= 

=

O
Se 

2 
\ \ 

thin. 

r UOT 9.317 

b) 

Fig. 5.29 (a) Loss characteristics of a fourth-order elliptic lowpass filter; 
(b) group delay of the fourth-order elliptic lowpass filter equa-
lized by afour-section allpass filter (p = 10). (After Deczky [17].) 

Fig. 5.29(b). Since the elliptic filter has optimum magnitude response but 
rather nonlinear phase, an allpass equalizer was sought such that when 
cascaded with the elliptic filter, it would improve the phase curve, i.e., 
flatten the group-delay curve over the passband. Incorporating constraints 
on the coefficients in Eq. (5.39) for an allpass filter, and using a valuep=10 
in Eq. (5.41), the group-delay curve of Fig. 5.29(b) resulted. It can be seen 
that the group delay exhibits an equiripple behavior over the passband. 
This is due to the fact that a relatively large value of p was used. In fact, it 
can be shown in general that as p — oo, the optimum solution approaches a 
true equiripple approximation. 



    

   

           

           

         

             

              

    

 

             

 

  

          

             

              

             

        

  

      

       

              

 
  

               

     

   

  

     

         
    

        

   

     

    

            
            

         
             

               
     

  
              

 

  
  

           
              

               
              

         

  

       

 

         

               

  
   

               

      

   

   
    

         
     

         

   
 

236 Digital Filter Design Techniques 

5.3.3 Least-Squares Inverse Design 

In the two procedures discussed above, the filter was specified in the 
frequency domain and the resulting set of equations was nonlinear in the 
filter parameters. An alternative procedure, based on a least-squares ap-

proximation to the inverse of the desired filter, leads to a set of linear equa-

tions. In this procedure the filter is specified in terms of the first L samples 
of the desired impulse response: 

{ha(n)}, n=0,1,...,L—1 
[n our discussion we shall assume that the filter transfer function is of the 

form 

b, : (5.43)

H(z) Cl$Sas 

Generalizations of this procedure allowing both zeros and poles are discussed 
by Shanks [19] and Burrus and Parks [18]. In this simplified case the filter 
design is based on the criterion that the output of the inverse of H(z) must 
approximate a unit sample when the input is /4(n). If v(n) denotes the output 
of the inverse system with transfer function 1/H(z), then 

H(z)
V(z) = 1 

Thus we can write the recursion formula 

N 

hav(n) = hy(n) — 2 ahy(n — 1) (5.44) 

Recall that we require that v(n) be a unit sample. Thus it is reasonable to 

require that 
b, -— h.(0) 

and that v(n) be as small as possible for n &gt; 0. Therefore, choose the re-

maining coefficients so as to minimize 

7 — 3 (n° 

From Eq. (5.44), 
0 [os] N 0 N 9 

E=L St) —25 hm Sahin =n +3 | Sahn =n)
aq n=1 n=1 r=1 n=1r=1 

[he coefficients a, that minimize E satisfy the equations 

9E_ 4 i=12....,N 
da. 



      

           

 
  

   

  

     

        

         

        

           

             

         

     

          

         

           

            

            

            

          

           

        

           

   

                 

              

              

 
 

   

          

              

          

           

 

       

            
  

  

    
   

      

         
 

          

          

            
             

          

      

          
          
            

            
             

             
          
            
         

            

 

    

                  

               
              

  
 

    
 

           
               

           
            

  

5.4 Properties of FIR Digital Filters 237 

Differentiating with respect to a; and setting the derivative equal to zero 
results in 

N 0 0 

&gt;a,&gt;hin—hyn—i)= hy(n)hy(n — ri 
r=1 n=1 n=1 

If we define &amp;(i, r) as 

$i, r) = &gt; hg(n — r)hy(n — i) 
n=1 

Fhen the coefficients a; satisfy the set of linear equations 

S 4,40, r) = é(i, 0), i= 1, 2,...,N (5.45) 

[hese equations can be solved by any conventional technique. It can be 
shown [18, 19] that the matrix of quantities (i, r) is positive definite. There-

fore, a particularly efficient procedure is given by Levinson [20]. 

54 Properties of FIR Digital Filters 

The previous sections have been concerned with design techniques for infinite-

duration impulse response filters. Although such filters have many attractive 
features, they also have a number of disadvantages. For example, if one 
wishes to take advantage of the computational speed of the FFT and imple-

ment a filter as discussed in Chapter 3, a finite-duration impulse response is 
essential. Also, the examples of the previous section make it clear that IIR 
filters generally achieve excellent amplitude response at the expense of non-

linear phase. In contrast, FIR filters can have exactly linear phase. Thus 
design techniques for FIR filters are of considerable interest. 

The system function of a causal FIR filter is of the form 

N-1 

H(z) = &gt; h(n)z™" 

.e., H(z) is a polynomial in z=! of degree N — 1. Thus H(z) has N — 1 

zeros that can be located anywhere in the finite z-plane and N — 1 poles, 
all of which lie at z = 0. The frequency response H(e’”) is the trigono-

metric polynomial 
Na 

H(e™®) = h(n)e 7" (5.46)
n=0 

We recall that any finite-duration sequence is completely specified by N 
samples of its Fourier transform, so that the design of an FIR filter may be 
accomplished by finding either its impulse response coefficients or N samples 
of its frequency response. In the following sections we discuss examples of 
both methods. 



    

              

        

  

          
  

  

      

  

 

 

       

             

             

              

             

            

         

          

  

 

        

                 

            

     

       

    
               

         
   

       

     

 
 

    
 

  

 
              

              
               

              
             

          
           

 

 
  

 

 

         

                  
             

238 Digital Filter Design Techniques 

if the impulse response satisfies the condition 

h(n) =h(N—1— n) (5.47) 
then the filter has linear phase. As we discussed in Chapter 4, this is easily 
shown by substituting Eq. (5.47) into (5.46), thereby obtaining 

_ (N-3)/2 _ 

p—iw((N=-1)/2) (5) + &gt; 2h(n) cos (fn _—))] ,
2 n=0 2 

H(e'®) — N odd (5.48a) 

N/2—1 N—1

possi &gt; 2h(n)cos (w(n —=) N even 
n=0 

(5.48b) 
[t is seen from these equations that the condition of Eq. (5.47) implies a 
linear phase shift corresponding to a delay of (N — 1)/2 samples. We note 
that for the case of N odd, the phase shift corresponds to an integer number 
of samples delay, while for N even, the delay is an integer plus one-half 
sample.f This distinction between odd and even values of N is often of 
considerable importance in design and realization of FIR filters. Examples 
of impulse responses having linear phase are shown in Fig. 5.30. 

13 

it) 
N even 

N—1 1 N-

I
5 

Fig. 5.30 Typical impulse responses for linear-phase FIR filters. 

t It can be shown [6] that Eq. (5.47) is both necessary and sufficient for a causal digital 
Alter to have linear phase. Thus only FIR filters can have linear phase. 



       

           

           

   

      

            

        

           

   

        

     
 

           
          

             

          

            

           

         

             

             

           

            

         

  

           

        

  
   

             

     

  

      

    

           

      
 

        

            
            
    

       

            
         

            
 

     

         

     
  

            
           

              
           

             
            

          
             

              
            

             
          

   
            

         

 
     

             
      

    

       

      

            

       
 

5.5 Design of FIR Filters Using Windows 239 

Since linear phase is generally desirable and often a necessity, and since 
linear phase often simplifies a design procedure, most of our discussion will 
center on linear-phase filters. 

5.5 Design of FIR Filters Using Windows 

The most straightforward approach to FIR filter design is to obtain a finite-

length impulse response by truncating an infinite-duration impulse response 
sequence. If we suppose that H,(e’”) is an ideal desired frequency response, 
then 

Hy(e'®) = 2 hy(n)e®" (5.4923) 

where h(n) is the corresponding impulse response sequence, 1.e., 

h(n) = 1 | H(e’®)e’*" dw
27 Jn 

[n general, Hy(e’*) for a frequency selective filter may be piecewise constant 
with discontinuities at the boundaries between bands. In such cases the 

sequence hy(n) is of infinite duration and it must be truncated to obtain a 
finite-duration impulse response. As we have pointed out before, Eqs. (5.49) 
can be thought of as a Fourier series representation of the periodic frequency 
response H,(e’”), with the sequence h,(n) playing the role of the “Fourier 
coefficients.” Thus the approximation of an ideal filter specification by 
truncation of the ideal impulse response is identical to the study of the con-

vergence of Fourier series, a subject that has received a great deal of study 
since the middle of the eighteenth century. The most familiar concept from 
this theory is the Gibbs phenomenon. In the following discussion we shall see 
how this nonuniform convergence phenomenon manifests itself in the design 
of FIR filters. 

If h,(n) has infinite duration, one way to obtain a finite-duration causal 

impulse response is to simply truncate A(n), i.e., define 

_[hy(n), 0&lt;n&lt;N-—1
hg) = lo otherwise (5.50) 

[n general, we can represent A(x) as the product ofthe desired impulse response 
and a finite-duration “window” w(n); i.e., 

h(n) = hy(n)w(n) (551) 

where in the example of Eq. (5.50). 

win) = {1° 0&lt;n&lt;N-—1 (5.52)
“10, otherwise 

Using the complex convolution theorem derived in Chapter 2 we see that 

H(e'®) — 1 | H (e®)W(ee) do (5.53
Var J—r 



    

           

           

           

         

 

 

 

          
      

    

            

    
            

            

               

          

            

          

          

 

    
   

 

  

 

     

           
           
            
          

 

  

 
   

 

  

   
 

 
 

 

           
       

     

             
    

             
             
                
           

             
           

           

  

     
   

   
  

240 Digital Filter Design Techniques 

That is, H(e’) is the periodic continuous convolution of the desired fre-

quency response with the Fourier transform of the window. Thus the fre-

quency response H(e’) will be a “smeared” version of the desired response 
H,(e’*). Figure 5.31(a) depicts typical functions H,(e’) and W(e’*™®) as 

a) 

We i{w—8)) 

Ty 

iy
— Hgle 1) 

Jo 

H(el@) 1) 

\ nm

7 Ta 
2 

\ 
— 

~~ -

Fig. 5.31 (a) Convolution process implied by truncation of the desired 
impulse response; (b) typical approximation resulting from 
windowing the desired impulse response. 

required in Eq. (5.53). (Both are shown as real functions only for convenience 
in depicting the convolution process.)

From Eq. (5.53) we see that if W(e’®) is narrow compared to variations 
in H,(e’), then H(e’) will “look like” H,(e’*). Thus the choice of window 
is governed by the desire to have w(n) as short as possible in duration so as 
to minimize computation in the implementation of the filter, while having 
W(e’) as narrow as possible in frequency so as to faithfully reproduce the 
desired frequency response. These are conflicting requirements, as can be seen 
in the case of the rectangular window of Eq. (5.52), where 

A—1 Lav 

V(e'®) = 3 ein —1—e’eh 
n=0 1 id ge 

(§ 54)

io(v—1)/2) Sin (wN/2) 
sin (w/2) 
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sin(wN/2)

| sin(w/2) | 
{IN = 8)

\ B 

MN /\ 

ir 

Ra-4 NA IN 
Le a | &amp;r ” 

Fig. 5.32 Magnitude of the Fourier transform of a rectangular window 
(N = 8). 

The magnitude of W(e’) is sketched in Fig. 5.32 for N = 8 and the phase is 
linear, as can be seen from Eq. (5.54). As N increases, the width of the 
“main lobe” decreases. (The main lobe is arbitrarily defined as the region 
between w = —2w/N and +2x/N.) 

However, for the rectangular window, the “side lobes” are not insignifi-

cant and, in fact, as NV increases, the peak amplitudes of the main lobe and 
the side lobes grow in a manner such that the area under each lobe is a 

constant, while the width of each lobe decreases with N. The result of this 
is that as W(e’“™) slides by a discontinuity of H,(e’) with increasing o, 
the integral of W(e’“~®)H,(e’) will vary in an oscillatory manner as each 
lobe of W(ei'“™®) moves past the discontinuity. This is depicted in Fig 
5.31(b). Since the area under each lobe remains constant with increasing N, 
the oscillations only occur more rapidly but do not decrease in amplitude as 
N increases. In the theory of Fourier series, it is well known that this non-

uniform convergence, the Gibbs phenomenon, can be moderated through 
the use of a less abrupt truncation of the Fourier series. 

By tapering the window smoothly to zero at each end, the height of the 
side lobes can be diminished; however, this is achieved at the expense of 
a wider main lobe and thus a wider transition at the discontinuity. Examples 
of some commonly used windows are shown in Fig. 5.33. These windows 

are specified by the following equations [21]: 

R
ectangular : win) = 1. 0O&lt;n&lt;nN—I1 (5 55a)

Bartlett: 
( 

A 0p]
_ 

N—1 2 
vin) = 

| 35b)

a Nod_ no ] 
N 1 " 
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vin) 
Rectangular 

J).8 

DN.6 

“amming 
4 

7 

Zz Sartlett 

v 

7 

Blackman 
) 4 

N).2? ~Hanning 

1 

A]. 

Fig. 5.33 Commonly used windows for FIR filter design. 

Hanning: 

om) =|1 — COS (7=)] 0&lt;n&lt;N-—-1 (5.55¢)
2 N—1 

Hamming: 

w(n) = 0.54 — 0.46 cos (27): 0&lt;n&lt;N-—1 (555 

Blackman: 

w(n) = 0.42 — 0.5cos (277) +008cos (7), 0&lt;n&lt;N—1N—1 N—1 

(5.55¢) 
The function 20 log,, | W(e’®)| is plotted in Fig. 5.34 for each of these 

windows for N = 51. Note that since these windows are all symmetrical, 

the phase is linear. The rectangular window clearly has the narrowest main 
lobe and thus, for a given length, N should yield the sharpest transitions of 
H(e’) at a discontinuity of H,(e’”). However, the first side lobe is only 
about 13 dB below the main peak, resulting in oscillations of H(e’”) of 
considerable size at a discontinuity of H,;(e’”). By tapering the window 
smoothly to zero, the side lobes are greatly reduced; however, it is clear 
that the price paid is a much wider main lobe and thus wider transitions at 
discontinuities of H,(e’®). 

Kaiser [4] has proposed a flexible family of windows defined by 

fed)
fo)] 
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Fig. 5.34 Fourier transforms of windows of Fig. 5.33: (a) rectangular;

(b) Bartlett (triangular); (c) Hanning; (d) Hamming; (e) Black-
man. 
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Fig. 5.34 continued 

where I,( ) is the modified zeroth order Bessel function of the first kind. 
Kaiser has shown that these windows are nearly optimum in the sense of 
having the largest energy in the main lobe for a given peak side lobe amplitude. 
The parameter w, can be adjusted so as to trade off main-lobe width for 
side-lobe amplitude. Typical values of w,((N — 1)/2) are in the range 
4 &lt; wa((N — 1)/2) &lt;9. 

As an illustration of the use of windows in filter design, consider the 
design of a lowpass filter. Anticipating the need for delay in achieving a 
causal linear-phase filter, the desired frequency response is defined as 

joy go, loo] &lt;
Ha(e™) lo otherwise 

The corresponding impulse response is 

(= [0 eio(n—a) dw2 —Wge 

' sin [wy(n — a)] _ 

\ ln —o) 
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1) Aa 

) 2 

J prtegetes
to 20 30 40 5 n 

nol 

Fig. 5.35 Truncated impulse response of an ideal lowpass filter. (Delay
is 25 samples, total length is 51 samples, and cutoff frequency is 
w, = 7/2.) 

Clearly, h,(n) has infinite duration. To create a finite-duration linear-phase 
causal filter of length N, we define 

h(n) = h,(n)w(n) 

vhere 

N —1 
¥ m=Fe 

~ 

[t can easily be verified that if w(rn) is symmetrical, this choice of « results in 
a sequence h(n) satisfying Eq. (5.47). Figure 5.35 shows a plot of A,(n) for a 
rectangular window, N = 51, and wo, = =/2. Figure 5.36 shows 20 log, 
|H(e’”)| for the impulse response of Fig. 5.35 weighted by each of five 
windows of Fig. 5.34. Note the increasing transition width, corresponding 
to increasing main-lobe width, and the increasing stopband attenuation, 
corresponding to decreasing side-lobe amplitude.

From Eq. (5.54) we note that the width of the central lobe is inversely 
proportional to N. This is generally true and is illustrated for a Hamming 
window in Fig. 5.37, where it is clearly evident that as N is doubled, the 
width of the central lobe is halved. Figure 5.38 illustrates the effect of 
increasing N on the transition region in a lowpass filter design. Clearly, the 
minimum stopband attenuation remains essentially constant, being dependent 
on the shape of the window, while the width of the transition region at the 
discontinuity of H,(e’”) depends on the length of the window. 

The examples that we have given illustrate the general principles of the 
windowing method of FIR filter design. Through the choice of the window 
shape and duration, we can exercise some control over the design process. 
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Fig. 5.36 Effect of different windows for the example of Fig. 5.35: (a)

rectangular; (b) Bartlett; (c) Hanning; (d) Hamming; (e)
Blackman. 
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Fig. 5.36 continued 

For example, for a given stopband attenuation, it is generally true that N 
satisfies an equation of the form 

N — A 
Aen 

where Aw is the transition width [roughly the width of the main lobe of 
W(e’)] and A is a constant that is dependent upon the window shape. As 
we have seen, the window shape is essential in determining the minimum 
stopband attenuation. For the windows that we have discussed, the basic 
parameters for lowpass filter design are summarized in Table 5.2. It should 
be noted that the values in Table 5.2 are approximate; they depend somewhat 
apon N and the cutoff frequency of the desired filter. Kaiser’s windows, 
Eq. (5.55e), have a variable parameter, w,, whose choice controls the trade-

off between side-lobe amplitude and side-lobe width. Tables and curves 
governing the use of these windows are given by Kaiser [4,22]. 

The basic principles illustrated by our examples are true in general and 
can be applied in the design of any filter for which we can define a desired 

frequency response. In this sense, the technique has considerable generality. 
However, a difficulty with the technique is in the evaluation of the integral 
in Eq. (5.49b). If H,(e’) cannot be expressed in terms of simple functions 
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Fig. 5.37 Dependence of the Fourier transform of a Hamming window 
upon window length: (a) N = 51; (b) N = 101; (c) N = 201. 
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Fig. 5.38 Effect of window length in filter design (lowpass filter, w, = 7/2
and Hamming window): (a) N = 51; (b) N = 101; (c) N = 201... 
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Table 5.2 

Peak Amplitude Transition Width | Minimum Stopband
Window of Side Lobe (dB) of Main Lobe Attenuation (dB) 

Rectangular —13 4u7[N 21 

Bartlett ~25 87/N 25 

Hanning -31 87IN —44 

Hamming —41 8n|N 33 
Blackman —57 12#/N —74 

for which the integration can be performed, an approximation to A,(n) 
must be obtained by sampling H;(e’”) and using the inverse discrete Fourier 
transform to compute 

5 1 M-1

An) ssIv H (3m!Mk) pil2a/N)kn 

2hyn + rM) 
If M is large, h(n) can be expected to be a good approximation to #,(n) in 
the interval of the window. Another limitation of the procedure is that 
it is somewhat difficult to determine, in advance, the type of window and the 
duration N required to meet a given prescribed frequency response specifica-

tion.} However, a very simple digital computer program can be used to make 
such a determination by a trial-and-error procedure. Thus, design of digital 
filters using a window is often a convenient and satisfactory approach. 

5.6 Computer-Aided Design of FIR Filters 

The window technique is straightforward to apply and is in a sense quite 
general. However, we often wish to design a filter that is the “best” that can 
be achieved for a given value of N. It is of course meaningless to discuss this 
question in the absence of a definition of an approximation criterion. For 
example, in the case of window designs, it follows from a fundamental 
result of the theory of Fourier series that the rectangular window provides 
the best mean-square approximation to a desired frequency response for a 
given value of N. That is. 

(hm), O0&lt;n&lt;N-—
hn) = #5 otherwise 

minimizes the expression 

-
1"

[1H 
; 

— H(e®)|? dw 

Kaiser [22] has systematized the process for the window of Eq. (5.55¢). 



      

            

          

           

         

          

          

            

       

  

           

           

     

 

                

              

    
  

  
   

              

              

   

      

  

       
     

          

               

 

   

             

          

           

          
              

            

              

       

            
           

            
          

           
           
             

        

   

            
            
      

  

            

              
    

  

  
    

              
               

    

    

   

      
      

           
                

  

   

              
           

            
           

               
             

               

5.6 Computer-Aided Design of FIR Filters 251 

(see Problem 12 of this chapter). However, as we have seen, this approxima-

tion criterion leads to adverse behavior at discontinuities of H,(e). A 
better criterion for many types of filters is minimization of the maximum 
absolute error. For example, design procedures have been developed for 
minimizing the maximum absolute error in one or more frequency bands. 

In this section we discuss several iterative design procedures for FIR 
filters, which in general yield better filters than the window method at the 
expense of greater complexity in the design procedure. 

5.6.1 Frequency-Sampling Design 

In Chapter 3 we showed that a finite-duration sequence can be represented 
by its discrete Fourier transform. Thus an FIR filter has a representation 
in terms of the “frequency samples” 

” N-1 

Hk) = H(z)|,_omme = h(n)e™i@r/Nkn2 (n)e b k = 0, 1, * v0 y N _— 1 

As we showed in Chapter 3, H(z) can be represented in terms of the samples

A(k) by the expression 
_ ,—NN-1 ry

H(z) —1-27" &gt;—20 
N 501 — /@r/Nk,—1 

As was shown in Chapter 4, Eq. (5.56) serves as the basis of the frequency-

sampling realization of an FIR filter. If we let z = ¢’*, then the frequency 

response has the representation 

oy 1 — eoF A H(k)

HED = BToem 

p~Jo((N—1)/2) 5 F)eima-1m sin [N(w - (2w/N)k)/2] (5.57)
N k=0 sin [(w — Qw/N)k)/2] 

Equation (5.57) suggests a simple but rather naive approach to filter 
design, i.e., to specify the filter in terms of samples of one period of the desired 
Tequency response 

Hk) = Hy(e'*M%),  k=0,1,...,N—1 

relying on the interpolation indicated in Eq. (5.57) to “fill in the gaps” in 
the frequency response. As an illustration of this approach, consider the 
approximation of an ideal lowpass filter with cutoff frequency w, = 7/2. 
Figure 5.39(a) shows the desired frequency response H,;(e’”) and the samples 
H(k) for N = 33. As can be seen, the magnitude of the frequency response 
is specified at multiples of 27/33 radians, with the cutoff frequency w, = 
7/2 being between w = 167/33 and 187/33. The phase is taken to be linear 
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Hate} |, |Fa€®)|,|H(Kk) 
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mila. 

%
C 

~—0—-0—0—0—0—0—0L— w
Oa tL111  k
01 2 3% 4 5 6 1 C10 1 12 13 19 15 16 

a) 

[Ha (el)|,[Atk|
—0—0—0—0—0—8— 

pH. 

—V—v——0-CF————— w 
a ibid veloliieerem—

0 4 L 345©&gt;791011 1213 1415 16 k 

b) 

Fig. 5.39 Fixed samples of ideal lowpass filter frequency response: (a) no 
transition sample; (b) one transition sample H,. 

with delay equal to (NV — 1)/2 samples. The impulse response can of course 
be obtained using the inverse discrete Fourier transform. as in 

1 N—1 - } 

h(n) == 3 H(k)e®/N*e pn —0,1.....N—1 (5.58)
N =o 

0 otherwise 

If we evaluate the frequency response corresponding to such a filter, we 
obtain the rather disappointing curve shown in Fig. 5.40(a). This figure 
shows 20 log,, | H(e’)|, with the fixed sample points being indicated by the 
heavy dots in the passband and the points indicating infinite attenuation at 
the zero samples in the stopband. We note that there is a smooth transition 
between 167/33 and 187/33; however, the minimum stopband attenuation is 
somewhat less than 20 dB. This filter would be unsatisfactory for most 
purposes. As we have repeatedly seen, one way to improve the stopband 
attenuation is to widen the transition band. This can be easily done in this 
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Fig. 5.40 Effect of a single transition sample: (a) H; = 0 (no transition 
sample); (b) H, = 0.5; (c) H, = 0.3904. 

case by allowing a sample at the boundary between passband and stopband 
to take on a value different from either 1 or 0, as depicted in Fig. 5.39(b). 
Figure 5.40(b) shows the frequency response for H; = 0.5. Note that the 
transition band is now about twice as wide, but the minimum stopband 

attenuation is considerably greater. 
[t can be seen from Eq. (5.57) that H(e’®) is a linear function of the param-

eters H(k). Thus linear optimization techniques can be used to vary these 
parameters so as to give the best approximation to the desired filter. This 
approach, first proposed by Gold and Jordan [23], and developed by 
Rabiner, et al. [24], has been used to design a variety of filters. For example, 
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Fig. 5.41 Frequency sampling design using two transition samples: (a)
desired frequency response with fixed samples and two transition 
samples; (b) resulting optimum frequency response for two 
transition samples. 

in the case that we are discussing, a simple gradient search technique can be 
used to choose the value of H; such that the maximum error in either the 
passband or stopband is minimized. Figure 5.40(c) shows the response for 
H, = 0.3904, the value that minimizes the error (maximizes the attenuation) in 

the stopband 

07 of &lt;
23 

Thus, it is clear that the stopband attenuation is significantly improved. If 
further improvement is required, we can broaden the transition region further 
by allowing a secondt sample to differ from 1 or 0. If &amp; is held fixed. this 

Rabiner et al. [2%] give results for lowpass filters with up to four variable transition 
= Ea Yar 



      

          

            

           

             

              

      

      

           

          

            

              

            

          

   

       

            

          

           

           

          

           

           

           

           

          

           

           

        

      

     

        

          

            

          

            

         

           

                 

            
                

         

       

           
             

            
              

               

       

       

            
           

             
               

             
           

  

        
             

           
            

            

           
            

           
            

            
           

            
            

         
       

      

         
           

            
           

             
          
            

                 

             
                 

          

5.6 Computer-Aided Design of FIR Filters 255 

results in a transition region twice as wide. However, greater attenuation 
can be achieved. Of course, if we double N, the transition width remains 

the same, while allowing two transition samples to vary. Figure 5.41(a )shows 
such a set of samples for the example that we have been discussing for 
N = 65.1 Figure 5.41(b) shows 20 log,, | H(e’*)| for N = 65 and 

H, = A(17) = H(/®*/%)) = 0.5886 

H, = H(18) — H(e!'%07/8%)) = 0.1065 

These are very close to the optimum transition samples that minimize the 
maximum absolute error (maximize the attenuation) in the stopband. As can 
be seen, by comparing Fig. 5.41(b) to Fig. 5.40(c), by using two transition 
samples and increasing N by approximately a factor of 2 (from 33 to 65), the 
stopband attenuation is increased by about 24 dB, with a transition band that 
is somewhat narrower (67/65 versus 87/66) than for one transition sample 
when N = 33. 

Frequency sampling designs are particularly attractive for narrow-band 
frequency selective filters where only a few of the samples of the frequency 
response are nonzero [25,26]. In such cases a frequency sampling realization 
as discussed in Chapter 4 may be considerably more efficient than either 
direct convolution or convolution using the DFT. In general, even if more 

than a few samples are nonzero, the frequency-sampling design method yields 
excellent results. However, it is clear from the example of lowpass filter 
design that the method lacks flexibility in specifying the passband and stop-

band cutoff frequencies since the placement of ones and zeros and transition 
samples is constrained to integer multiples of 27/N. By making N large 
enough, samples can be obtained arbitrarily close to any given frequency; 
however, this is an inefficient approach. For this reason, particularly if the 
filter is not to be realized using the frequency sampling structure, other 
algorithmic design techniques have been developed with more attractive 
features for general frequency selective filter design. 

5.6.2 Equiripple Approximations for FIR Filters 

The frequency-sampling design technique uses an iterative procedure to 
arrive at an FIR filter having the smallest maximum stopband approximation 
error (largest minimum attenuation) for a given duration N, a set of pre-

scribed frequency samples, and a given set of variable frequency samples. 
[n the case of frequency selective filters designed by this technique, there is 
an undesirable limitation on the choice of cutoff frequencies. Furthermore, 
the approximation error tends to be highest around the transition region and 

t Note that 2 - 33 = 66 is an even number and would therefore require a noninteger 

number of samples of delay for linear phase. Although frequency sampling designs can 
be obtained for N even with no more difficulty than for N odd, there are often practical 
reasons for choosing N to be an odd integer [25]. 



    

            

          

          

            

            

            

           

      

  

   

               

  

              

           

       

             

             

                

                

 

            

            

            

 

 

       

     

             
           

           
             

             
             

            
       

  

   

                
 

   

               
            

         

              
              
                 
                 

  
            

             
             

 

 

 

 
 

 

 
 

        

256 Digital Filter Design Techniques 

smaller in regions that are remote from the region in which the transition 
samples are located. It seems intuitively reasonable that if the approximation 
error were spread out uniformly in frequency, a given design specification 
should be met with a lower-order filter than if the approximation just meets 
the specification at one frequency and far exceeds it at others. This intuitive 
notion is confirmed by a theorem to be discussed later in this section. 

In all the following discussion we shall be concerned with zero-phase FIR 
filters with frequency responses of the form 

. M . 

H(e'?) = 2hme 

The duration of the impulse response is N = 2M + 1, and for zero phase we 
require 

h(n) = h(—n) 

We note that a causal system can be obtained by simply delaying h(n) by M 
samples. Because of the symmetry of 4(n), we can write H(e’”) as 

H(e’®) = h(0) + Ss 2h(n) cos (wn) (5.59) 

From Eq. (5.59) we observe that H(e’”) is purely real. Suppose that we wish 
to design a lowpass filter according to the tolerance scheme of Fig. 5.42. That 
is, we wish to approximate 1 in the band 0 &lt; |w| &lt; w, with maximum error 
3, and we wish to approximate zero in the band w, &lt; |w| &lt; 7 with maximum 
error Os. 

It is, of course, not possible to specify independently each of the param-

eters M, d,, 6,, w,, and w,. However, design algorithms have been developed 
in which some of these parameters are fixed and an iterative procedure is 

(ep! 

+5 

-8, 

N 
nN 

- ew 

I; x
Qw3 

Fig. 5.42 Error tolerance for lowpass filter approximation. 



      

         

        

          

              

           

             

           

         
           

             

 

    

       

            

        

            

          

            

                 

   

    

             

            

            

              

       

          
         

           
               

            
              

           
          
            

              

 

 

 

 

 

 
      

 

        

             
         

             
           

             
                  

    
 

      

              
            

             
               

5.6 Computer-Aided Design of FIR Filters 257 

used to obtain optimum adjustments of the remaining parameters. Two 
rather distinct approaches have been developed. Herrmann and Schuessler 
[27,28], and later Hofstetter et al. [29-31], developed procedures in which 
M, d,, and J, are fixed and w, and w, are variable. Parks and McClellan 
[32,33] and Rabiner [34,35] developed procedures in which M, w,, and wo, 
are fixed and 8, and J, are variable. Since the work of Herrmann and 
Schuessler was the earliest and stimulated the later approaches to the equi-

ripple design problem, we shall begin by discussing their approach. 
Let us assume that we derive an equiripple approximation to a lowpass 

frequency selective filter as depicted in Fig. 5.43. We shall see later that such 

1'a 

+3, 

y 

3 

ye
¢ 

wi 
LA Wz Wp WwW S \ | aw 

So 

Fig. 5.43 Equiripple approximation of a lowpass filter. 

approximations are optimum in the sense of having the smallest values of d, 
and 9d, for given values of w, and w,. 

The number of local maxima and minima in the frequency range 0 &lt; 
w &lt; is an important parameter of equiripple approximations. To examine 
the dependence of this parameter on the length of the impulse response we 
ase the fact that cos wk can be expressed as a sum of powers of cos w to 

write Eq. (5.59) as 
M 

H(e'®) = 3 a(cos w) (5.60) 

where the a;’s are constants that are related to the values of the unit-sample 
response. Equation (5.60) places in evidence the fact that H(e’) is an Mth-

order trigonometric polynomial. As such, there can be at most M — I 
local maxima and minima in the interval 0 &lt; w &lt; 7. Furthermore, if we 



    

        

 

         
 

              

                  

         

           

          

               

        

    

  

          

      

  

       

   

  

     

            

      

              

              

            

                

          

             

            

             

           

         

             

             

     

         

 
        

  

               
                   

          

            
           

                
         

    

   

           

       

   

        

    

   

      

             
       

 

               

               
             

                

           

 

              
             

              

            
          

              
              

258 Digital Filter Design Techniques 

differentiate Eq. (5.60) with respect to w we obtain 

H(e™® M

H'(e’”) =EH) = —sin of &gt; kay(cos wy) (5.61)
dw k=1 

From Eq. (5.61) we see that H(e’) will always have either a maximum or a 
minimum at w = 0 and ow = #. Thus there will be at most M + 1 local 

extrema in the closed interval 0 &lt; w &lt; 7. 

Using this fact Herrmann and Schuessler [27,28] showed how to write a 
set of equations that guarantees the equiripple behavior depicted in Fig. 
5.43. The parameters M, 6,, and J, are fixed and w, and w, are allowed to 
be free to vary, being defined by the equations 

H(e’») = 1 — 6, 

H(e’®) — Oy 

For the example of Fig. 5.43 we can write the equations 

H(e™) = 1+ 4, H(™) = 6, 

He“) =1—6,, H'()=0 

H(e’®2) = 1 + 4, H'(e"2) = 0 

H(e’*s) = — 0d, 

H(e’™) = 0, 

H(e’sy = —0,, H'(e’*s) = 0 

In this example, there are three extrema in the passband and four extrema 
in the stopband. Thus we must have 

M+1=4+4+3=17 

i.e., M=6 or N= 13. There are M + 1 = 7 unknown coefficients in 

either Eq. (5.59) or (5.60), and five unknown frequencies w;, ws,. .. , ws, at 
which the extrema occur, making a total of 12 unknowns to be determined 
as a solution to the above set of 12 equations. In general, we can have N,, ex-

trema in the passband and N; extrema in the stopband, where 

N,+N,=M-+1 

and we can write 2M equations relating the M + 1 filter coefficients and 
the M — 1 frequencies at which extrema occur (two extrema occur at 

w = 0 and w = =). These equations are unfortunately nonlinear and must 

be solved by an iterative procedure. Owing to the numerical difficulty of 
solving nonlinear equations, this approach has only been satisfactory for 
rather low values of M (on the order of 30). Furthermore, for given values 
of M, 8,, and d,, there are only M different equiripple filters, corresponding to 



      

                

              

        

              

         

       

        
        

             

       

            

        

  

 

        
        

       
   

            

          

          

             

            

                 

         

          

            

       

                 
               
         

               
          

       
        

        
             

        
             

         

 
 
 

 
 

 
    

 

 

        
        

       
    

             
           

          
             

             
                  

          
           

             

5.6 Computer-Aided Design of FIR Filters 259 

the fact that only M different values of NV, (or N) can be chosen. That is, for 
fixed values of M, d,, and J,, only M different choices of w, are available. 
Thus, although the equiripple approximations designed as discussed above 
will have the narrowest transition region (w, — w,) for a given value of M, 
there is essentially no improvement over the frequency sampling design 
technique with regard to choice of cutoff frequency.

A technique developed by Hofstetter, Oppenheim, and Siegel [29-31]
effectively deals with the computational limitation of the Herrmann-

Schuessler approach, but since M, J,, and J, are fixed as before, the limita-

tion on choice of w, and w, remains. 
Instead of writing a set of nonlinear equations, Hofstetter et al. used an 

iterative technique for producing a trigonometric polynomial that has 

7 
\ 
\ 

3,
2 
he 

5, 
~ 

—O——O-— 
.

\ “AO ~~ 
5a 

-L 

1) 

Fig. 5.44 Typical successive approximations in the Hofstetter design
procedure. The dashed curve is the approximation obtained by

locating the extremum points of the previous approximation
(solid curve). (After Hofstetter,etal.[29].) 

extrema of the desired value. The procedure begins by choosing N, and Nj 
and then estimating the frequencies at which the extrema occur. Then 
standard Lagrange interpolation methods [5] are used to compute a poly-

nomial that takes on the prescribed extremal values (1 £ J, in the pass-

band and 4-4, in the stopband) at the estimated frequencies. An example is 
shown as the solid curve in Fig. 5.44 for N, = N, = 3. The solid dots are 

initial estimates of extremum frequencies. The extrema of the resulting 
polynomial are computed by evaluating the polynomial on a finely spaced 
set of frequencies and searching for local maxima and minima on the discrete 



    

            

          

          

          

        

          

        

           

               

               

              

            

            

             

           

              

  

        

           

            

                

            

         

         

           

         

          

    

           

      

           

           

       

  
   

            

          

     

             
           

           
           

         
          
         

            
                
                
               

             
             

              
            

               
   

         
            

             
                 

            
          

          
            

          
           

      

            
       

            
            

       
 

   
    

             
           

260 Digital Filter Design Techniques 

set of frequencies. If the maxima and minima have the prescribed values, the 
procedure is terminated; otherwise a new polynomial is computed with the 
new estimate of extremum frequencies being the extrema of the previous 
polynomial. The dashed curve in Fig. 5.44 shows the resulting polynomial, 
with the open circles denoting the estimated extremum frequencies. 

The fact that this procedure converges to the desired equiripple approxi-

mation has been demonstrated computationally, although no proof of 
convergence was found [29]. An example of a lowpass filter designed by 
this technique is shown in Fig. 5.45. In this case M = 125, N, = 32, 
and N; = 94, 6, = 0.01, and J, = 0.00004. Figure 5.46 shows a bandpass 
filter in which there are three distinct regions, rather than two as in Fig. 5.45. 
In this case there is a low-frequency passband containing N,, = 12 extrema, 
in which H(e’”) = 0.25 is approximated with maximum error of d;, = 
0.01. The upper passband contains N,, = 31 extrema and H(e’) = 1 is 
approximated with maximum error of §,, = 0.02. In the stopband there 
are N, = 18 extrema and H(e’”) = 0 is approximated with peak error of 
0g = 0.0001. 

These examples illustrate the flexibility of the equiripple approximation 
method; however, there remains the problem of lack of precise control over 
the passband and stopband edges. In order to obtain control over w, and 
w, when M is fixed, it is necessary to allow d; and §, to vary. Parks and 
McClellan [32,33] have shown that with M, w,, and wo, fixed, the fre-

quency selective filter design problem becomes a problem in Chebyshev 
approximation over disjoint sets, a problem of considerable importance in 
approximation theory, and one for which a number of very useful theorems 
and procedures are already available [37]. To formalize the approximation 
problem in this case, let us define an approximation error function 

E(w) = W(w)[Hy(e’) — H(e’)] (5.62) 

where E(w) is evaluated over the passbands and stopbands of the desired 
filter, and W(w) is a weighting function. 

For example, suppose that we wish to obtain an approximation as in 
Fig. 5.42, where M, w,, and w, are fixed. In this case. 

H ,(e’®) wm 0,ly 0cw= =&lt; ” 
11.d 

W(w) = x l&lt;w&lt;Low,
1. ow, &lt;w &lt;7 

This choice of W(w) specifies a relationship between the relative sizes of the 
passband and stapband approximation errors. That is, K should be equal 
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Fig. 5.45 Lowpass filter with M = 125, N, = 32, N, = 94, §, = 0.01, and J, = 0.00004. (After Hofstetter et al. [29].) 
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Hofstetter et al. [29].) 



      

             

  

 

 

     

        

          

  

           

                

             

             

                

            

             

           

          

           

      

             

               

 
  

        

    

          
   

       

             
   

 
  

      
         

          
   

            
                

              
              
                 

             
              

            
           
            

       
              

                

 

  

  
  

      
  

           
    

5.6 Computer-Aided Design of FIR Filters 263 

to the desired ratio d;/d,. In this case, the design procedure requires an algo-

rithm for minimizing 
maximum |E(w)|

0&lt;o&lt;on,
0 .&lt;O&lt;T 

which is equivalent to minimizing J,. 
Parks and McClellan [321 reformulated a theorem of approximation 

theory [37] in terms of the above filter-design problem, thereby obtaining

he following theorem. 

ALTERNATION THEOREM Let F be any closed subset of the closed interval 
0 &lt; w &lt; =. In order that H(e’®) of Eq. (5.59) be the unique best approxima-

tion on F to Hy(e’®), it is necessary and sufficient that the error function E(w) 
exhibit on F at least M + 2 “alternations,” thus: E(w;) = —E(w;_,) = 
+E] = max [E(w)| with 0) &lt; 0; &lt; wy... &lt; wp, and wo; contained in F. 

It is instructive to interpret this theorem in terms of the lowpass design 
problem. In this case, the closed subset F is made up of the intervals 
0 &lt;w&lt;w, and ow, &lt;w &lt;m. Since Hy(e’) is piecewise constant, the 
frequencies w, corresponding to peaks in the error function E(w) likewise 
correspond to frequencies at which H(e’®) just meets the error tolerance. A 
typical example is sketched in Fig. 5.47. 

Recall from our previous discussion that H(e’*) can have at most M — 1 

local maxima and minima in the interval 0 &lt;&lt; w &lt; 7, and likewise in the 

8 

5, \ 

Pe i 
ws wy i 

w- Wa wp We i We { Wg mr Ww 
wz wag : re -

Fig 5.47 Typical example of a lowpass filter approximation that satisfies 
the alternation theorem (M.=7). 



    

               

          

    

  

             

                  

          

               

        

                

                

             

              

             

             

                

         

           

         

            

             

           

            

         

   
           

         

          

             

          

         
             

              

                  

                

         

              

             

           

            

     

                

           

    

   

              
                   

          
               
         

                 
                 

              
               

             
              

                 

         
            
          

             
              

           
           

          
    

            
          

           
              
           

         
              

               
                   
                 

          

               
              

 

         
 

 

             

 

264 Digital Filter Design Techniques 

combined open intervals 0 &lt; w &lt; w, and w, &lt; w &lt; mw. Furthermore, by 

definition of the passband and stopband, H(e’”) is constrained such that 

H(e'?) = 1 — §, 

H(e’®s) = +6, 

Also we recall that H(e’”) will always have a local maximum or minimum at 
w = 0 and w = =. Thus there can be at most M + 3 frequencies at which 

the error curve attains its maximum. Therefore, the unique best approxima-

tion for the desired lowpass response has either M + 2 or M + 3 alterna-

tions of the error function. Four different possible frequency-response 
curves for a value of M = 7 are shown in Fig. 5.48. Figure 5.48(a) shows the 
case when the maximum error is attained at both w = 0 and w = #7, and 

there are M + 3 alternations. Figures 5.48(b) and (c) show the cases where 
the maximumerroris attained only at w = 7 and w = 0, respectively. In these 

two cases there are only M +- 2 alternations. Figure 5.48(d) shows the case 
where there are only M + 2 alternations and the maximum error is attained 
at both w = 0 and w = 7. According to the alternation theorem, all of these 

filters are optimum? approximations for their prescribed passband and stop-

band cutoff frequencies. Filters of the type depicted in Fig. 5.48(a) were 
called “extraripple” filters by Parks and McClellan [32]. This terminology 
was motivated by the fact that such filters have more than the minimum 
number (M + 2) of alternations of the error required for optimality. If the 
endpoints w, and w, are included, the filters designed by the Herrmann-

Schuessler and Hofstetter techniques have M -- 3 points at which the fre-

quency response attains the prescribed tolerance; therefore these filters are 
identically the extraripple filters. 

In addition to providing a clear statement of the conditions for optimum 
FIR approximation, Parks and McClellan [32] also presented an iterative 
procedure for obtaining optimum filters. This procedure is similar to the 
Hofstetter algorithm except in this case, K, M, w,, and wo, are the fixed 
parameters and d, is allowed to vary. Following the alternation theorem, 
the procedure begins by estimating M + 2 frequencies {wd,i=0,1,...,
M + 1, at which the error function E(w) attains its maximum value. These 
frequencies must lie in the regions 0 &lt;w &lt; w, and w, &lt;w &lt;7. Note 
that since w,, and w, are fixed, it is known that w,, is equal to one of the w,’s; 
i.e., w, = w, where 0 &lt;I! &lt;M + 1 and w, = w;;,. Assuming that these 

estimated frequencies are the desired error extremum frequencies we can 

compute the value of the magnitude of the peak error, which we call p, from 
Eq. (5.62). That is, we can write a set of M + 2 equations 

M 

W(w;) |He) — h(0) — &gt; 2h(n) cos (i) = —(—1)p.
n=1 

i—=0,1.....M+1 

Optimumt means in the sense of minimum maximum error in the passband and 

\tonband. 
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Fig. 5.48 Possible optimum lowpass filter approximations for M = 7: 

(a)M+ 3 alternations (extraripple case); (b)M+2alternations 
(extremum at w = 7); (c) M + 2 alternations (extremum at 
w = 0). (d) M + 2 alternations (extremum at both w = 0 and 
w = 77). 
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266 Digital Filter Design Techniques 

This set of equations can be solved for all the M + 2 unknowns {k(n)} and 
p, however, it is more efficient to only solve for p. Then a trigonometric 
polynomial is determined which has the correct value at the frequencies 
{w;};ie,l + Kpif0&lt;w; &lt;w,and +p if wo, &lt; w; &lt;=. This is depicted 
in Fig. 5.49, where it is clear that the estimate of extremum points was such 

” 

~ i 

a : 

Qa?wo w 1 wa Wp wg \ weg NS. mw 

Yan 

Fig. 5.49 Parks-McClellan algorithm for optimum approximation. 

that the computed value of p was too small. As in the Hofstetter algorithm, 
the new estimate of the extremum frequencies is taken to be the peaks of the 
interpolating polynomial. These peaks are found by searching over a finely 
divided set of points in the passband and stopband. In this case, w, and w, 
are again known to be extremum frequencies of the error function. In 
addition, there are M — 1 local minima and maxima in the open intervals 

0 &lt; ow &lt; w, and w, &lt; ® &lt; 7. The remaining extremum can be either at 
w = 0 or w = =. If there is a peak of the error function at both 0 and =, 

the frequency at which the greatest error occurs is taken as the new estimate of 

extremum frequency. The cycle—computation of p, fitting a polynomial to 
the assumed error peaks, and then locating the actual error peaks—is repeated 
antil p does not change from its previous value. This value of p is then the 
desired minimum of d,. 

The resulting filter has the minimum 6,(6, = KJ,) for a prescribed 
transition band (w, — w,). If given values of ¢, and 4, are desired, the above 
algorithm can be employed iteratively to determine a filter with prescribed 
values of 8, and 8, by fixing w, and varying , until the desired J, and 9, 
are obtained. A summary of results of this type is given in Fig. 5.50, where 
Aw = w, — w, is plotted against w, for fixed values of M, J,, and 0, 
(K = 1). This curve shows that as w, increases, the transition width Aw 
attains local minima. These points on the curve correspond to the extraripple 
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Fig. 5.50 Dependence of transition width upon cutoff frequency for 
optimum approximation of a lowpass filter. M = 5,4, = §, = 0.1 

(M + 3 extrema) filters. All points between the minima correspond to 
filters that are optimum according to the alternation theorem. Thus the 
filters obtained by the Herrmann-Schuessler and Hofstetter approaches are 
special cases of the approximations obtained by the Parks—McClellan 
algorithm.

In the above algorithm all the unit-sample response values h(n) are 
implicitly varied on each iteration to obtain the desired optimum approxima-

ion. The final step of the algorithm is to compute A(n) by sampling the 
optimum frequency response at N or more points and computing an inverse 
discrete Fourier transform. 

Rabiner [34,35] has discussed a formulation of the equiripple design 
problem that is equivalent to the Parks-McClellan formulation but is specially 
structured to be amenable to solution by linear programming techniques. 
The essence of this approach is to note that H(e’”) can be expressed as a 
linear combination of cosine functions as in Eq. (5.59) or as a linear com-

bination of functions of the form 

sin [N(w — 27[N)k)/2] 

sin [(w — (27[N)k)/2] 

as in Eq. (5.57). In Eq. (5.59) the coefficients are the unit sample response

values h(n) and in Eq. (5.57) the coefficients are frequency samples H(k). 
[n either case, some or all of the coefficients can be varied systematically 

lo meet prescribed design tolerances. If only a few of the parameters are 
variable, filters of the form of the previous section result. If all the parameters 
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are varied, optimum approximations are obtained. The linear programming 
solution is slower computationally but is more flexible in that it allows 
time domain constraints as well as frequency domain constraints [34,35]. 
Much more detail on FIR design for arbitrary frequency response specifi-

cations can be found in Ref. [36]. 

5.7 A Comparison of IIR and FIR Digital Filters 

This chapter has been concerned with design methods for linear shift-

invariant digital filters. We have discussed a wide range of methods for the 
design of both infinite- and finite-duration impulse response filters. Questions 
that naturally arise are: What type of system is the best, IIR or FIR? Why 
give so many design methods? Which method yields the best results? The 
answer to these questions is that we have discussed a wide variety of methods 
for both IIR and FIR filters because no single type of filter nor single design 
method is best for all circumstances. 

The choice between an FIR filter and an IIR filter depends upon the 
relative weight that one attaches to the advantages and disadvantages of each 
type of filter. IIR filters, for example, have the advantage that a variety of 
frequency selective filters can be designed using closed-form design formulas. 
That is, once the problem has been specified in terms appropriate for a given 
kind of filter (e.g., Butterworth, Chebyshev, or elliptic), then the coefficients 
(or poles and zeros) of the desired digital filter are obtained by straight-

forward substitution into a set of design equations. This kind of simplicity 
of the design procedure is attractive if only a few filters are to be designed or 
if limited computational facilities are available. 

In the case of FIR filters, closed-form design equations do not exist. 
Although the window method can be applied in a rather straightforward 
manner, some iteration may be necessary to meet a prescribed specification. 
Most of the other FIR design methods are iterative procedures, requiring 
rather powerful computational facilities for their implementation. In 
contrast, it is often possible to design frequency selective IIR digital filters 
using only a hand calculator and tables of analog filter design parameters. 
However, the price paid for simplicity of the design process can be measured 
in terms of loss of flexibility in the attainable filter response. The closed-form 
IIR designs are primarily limited to lowpass, bandpass, and highpass filters, 
etc. Furthermore, these designs generally disregard the phase response of 
the filter. Thus, although we might obtain an elliptic lowpass filter with 
excellent amplitude response characteristics by a relatively simple computa-

tional procedure, its phase response will be very nonlinear (especially at 
the band edge).

fn contrast, FIR filters can have precisely linear phase. Also, the window 
method and most of the algorithmic methods afford the possibility of approxi-

mating rather arbitrary frequency response characteristics with little more 
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difficulty than is encountered in the design of lowpass filters. Also, it appears 
that the design problem for FIR filters is much more under control than the 
[IR design problem because there is an optimality theorem for FIR filters 
that is meaningful in a wide range of practical situations. 

Finally, there are questions of economics in implementing a digital filter. 
Concerns of this type are usually measured in terms of hardware complexity 
or computational speed. Both of these factors are more or less directly 
related to the order of the filter required to meet a given specification. If we 
put aside phase considerations, it is generally true that a given amplitude 
response specification will be met most efficiently with an IIR filter. However, 
in many cases, the linear phase available with an FIR filter may be well worth 
the extra cost, and in some cases [38] one may not need to sacrifice efficiency 
in choosing an FIR filter. A detailed consideration of these questions is 
given in Ref. [39]. 

Thus a multitude of tradeoffs must be considered in designing a digital 
filter. Clearly, the final choice will most often be made in terms of engineering 
judgement on such questions as the formulation of specifications, the method 
of implementation, and computational facilities available for carrying out 
the design. 

Summary 

[n this chapter we have considered a variety of design techniques for both 
infinite duration and finite-duration impulse response digital filters. Our 
emphasis was on frequency-domain specification of the desired filter charac-

teristics since this is most common in practice. Our objective was to give 
a general picture of the wide range of possibilities available for digital 
filter design while also giving sufficient detail about some of the techniques 
50 that they may be applied directly without further consultation of the 
literature on digital filter design. Thus we gave considerable attention to 
the well-established methods of impulse invariance and bilinear transforma-

tion and a much less complete discussion of some of the algorithmic design 
methods for IIR filters, since these methods are used much less in practice. 
Similarly, considerable detail is given concerning the windowing and fre-

quency sampling methods of FIR filter design, while not as much discussion 
is devoted to the algorithmic design methods. 

The chapter concludes with some remarks on the choice between the 
two classes of digital filters. The main point of this discussion is that the 
choice is not always clear cut and may depend on a multitude of factors 
that may be difficult to evaluate. However, it should be clear from this 
chapter and the preceding one that digital filters are characterized by great 
flexibility in design and implementation; this fact makes it possible to imple-

ment rather sophisticated signal processing schemes that in many cases 
would be difficult, if not impossible, to implement by analog means. 
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PROBLEMS 

l. Digital filters are frequently used to process bandlimited analog signals in the 
manner depicted in Fig. P5.1. In the ideal case, the analog-to-digital converter 
samples the analog signal to produce the sequence x(n) = x,(nT), and the 
digital-to-analog converter converts the samples y(n) into a bandlimited wave-

form 

~ S$ 0) sin (7/T)(t — nT)
“=. (=|) — nT) 
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A/D D/A 
converter 1(n) converter 

xq 1) (period T) «(n) on) (period T) v(t) 

Fig. P5. 1 

The overall system is equivalent to a linear time-invariant analog system.

(a) If the system h(n) has a cutoff frequency of #/8 radians and if 1/T = 10 kHz, 
what is the cutoff frequency of the equivalent analog filter? 

(b) Repeat part (a) for 1/T = 20 kHz. 
) The approximation of an analog system using backward difference was dis-

cussed in Sec. 5.1.2. An alternative procedure could be based upon forward 
differences. Assume that y(n) = y,(nT) and x(n) = x,(nT) and define the 
first forward difference as 

AD[y(m)] _ yn +D—ym 

Higher-order differences are defined as 

AE [y(n)] = AV[A® [y(m)]] 
: x] 

AO y(m)] = y(n) 

Consider the approximation of the differential equation 

N gk M kVat) _ d*x,(1)

Sola 8 0, Tl 
Oy the difference eguation 

N M 

&gt; a ABR] = 3 di AP [x(n)]
pn Feo 

(a) If H,(s) = Y,(5)/X,(s) and H(z) = Y(z)/X(z). determine the mapping 
function s = y(z) such that 

H(z) = H,(y(z)) 

(b) What is the contour in the z-plane that is the image of the jQ axis in the 
s-plane for the mapping y found in part (a)?

(c) Are stable systems in the s-plane mapped into stable systems in the z-plane?
3 Let h,(t), s,(t), and H,(s) denote the impulse response, step response, and 

system function of a continuous-time linear time-invariant filter. Let h(n),

s(n), and H(z) denote the unit-sample response, step response, and system
function of a discrete-time linear shift-invariant digital filter. 

n 

(a) If h(n) = ho(nT). does s(n) = &gt; ho(kT)?
k=— 00 

_(b) If s(n) = 5,(nT), does h(n) = h,(nT)? 
4. Consider a continuous-time system with system function 

s+a 
H,(s) = (s + a) + bh? 
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Determine the system function H(z) (i.e., the z-transform of the unit-sample

response) of a discrete system designed from this system on the basis of: 
(a) Impulse invariance, i.e., such that 

h(n) = hy(nT) 

(b) Step invariance, i.e., such that 
s(n) = s5,(nT) 

where 

s(n) =2 h(k) 
3°ad 

t 

5,(t) = | h,(7) dr 
— © 

5. Assume that H,(s) has an rth-order pole at s = s,, so that H,(s) can be expressed 
as 

Tr Ag

H,(s) 2 (s _ 50)" + G(s) 

where G,(s) has only first-order poles.
(a) Give a formula for determining the constants 4; from H,(s). 
{b) Obtain an expression for the impulse response 4,(¢) in terms of s, and g,(¢),

the inverse Laplace transform of G(s).
(©) Suppose that we define h(n) = h,(nT) to be the impulse response of a 

digital filter. Using the result of part (b) write an expression for the system
function H(z).

(d) Discuss a direct procedure for obtaining H(z) from H,(s).
B. We want to design a digital lowpass filter with a passband magnitude charac-

teristic that is constant to within 0.75 dB for frequencies below w = 0.2613# 
and stopband attenuation of at least 20 dB for frequencies between © = 0.4018« 
and =. 

Determine the transfer function H(z) for the lowest-order Butterworth 
design which meets these specifications. Draw the cascade-form realization 
for this filter, including all necessary constants. Use bilinear transformation. 

Fundamental Constants 

log! (0.75) = 5.6240 log (tan (0.40187) = 0.52840 
log~! (0.075) = 1.1885 log (525.2) = 2.72032 
tan (0.26137) = 1.0736 log (0.1885) = —0.72469 
log (tan (0.20097) = —0.13616 log (0.23721) = —0.6253 
log (tan (0.13067)) = —0.36131 log (2.00000) = 0.30103 
log (tan (0.2613)) = 0.03081 tan (0.17) = 0.32492 

1. Many IIR digital filters are designed by mapping analog designs using the 
bilinear transformation. The digital specifications are mapped to analog

specifications and the corresponding analog filter is then either determined 
from a filter table, a computer program, or hand calculation. Before any of 
these techniques can be used, however, the filter order N must be determined. 
(N equals the number of poles.) This problem is addressed to that problem.

Despite the length of the problem, it is straightforward. Examine carefully the 
problem to be solved and the information given you. You will find that you

have been given far more information than you need. Careful use of the charts 
minimizes hand calculation. (Figures P5.7-3 —- P5.7-7 are reprinted from Ref. 
£39). 
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H(e™)| 
+ 84 

ry 

N. LrlL 

Tw 

Fig, P5. 7-* 

We wish to design a digital filter that meets the following specifications (see

Fig. P5.7-1): 
| +8, &gt; HE?) 21-6, 0&lt;o0&lt;=&lt;aw, 

8, &gt; |H(®)| = 0, wo, &lt;o &lt;x 

where 4, = 0.01, J, = 0.01, w, = 0.37, and w; = 0.47. Unfortunately, for 
historical reasons analog filters are normally specified in terms of a different 
set of parameters. In addition, they are normally specified with a peak gain

of 1 (Fig. P5.7-2). The peak gain constraint can be countered by multiplying the 

Hali)] 

JS1+ el 

he 
A CT 

Jgf 0 

Fig. P5. 7-2 

digital magnitude specifications by a factor of 1/(1 + 6,). Thus the digital and 
analog specifications are related by 

J+ 1+4 
-

Lg! 

15 
A 1+0, 

Q,, Q,, wy, and w, are related by the bilinear transformation warping function. 
It is also useful to define the additional filter parameter 

2 
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The parameter 1 has been shown to be a basic analog filter parameter which is 
used in the filter design curves. Other definitions that might be useful include 

. : Q, 
k = transition ratio = — 

Q, 

Wy
Fy ssbandcutoff frequency = 2a 

Wg
F, = stopband cutoff frequency = 

v = F. — F, = transition bandwidth 

N = filter order 

For elliptic filters, 
Nv — KOKN1 — 7) 

K(DKW1 — &amp;% 

where K( ) is the complete elliptic integral of the first kind. 
For Chebyshev filters, 

N — cosh™ (1/7) 
In 8 ! 

8,=0.1 005 002 001 0,005 
~ - —_p—— A ZZ 0002 

0.00] 

~00005 
2 

~00002 
0 — 4-3 0.0001 

—_— 000005 

ry 4 ws 
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Fig. P5. 7-4 

vhe: 

1 +1 —&amp;2 
p= IVF 

For Butterworth filters 

N=
In 

Armed with all this information (and see Figs. P5.7-3 through P5.7-7):

(a) What is the order of the minimum-order elliptic filter that meets the 
specifications ? 
What is the order of the minimum-order Chebyshev filter that meets the 
specifications ? 

(c) What is the order of the minimum-order Butterworth filter that meets the 
specifications ? 

{d) Suppose that we are willing to use a filter of twelfth order. For the given 
values of é,, d,, and w,, how small can w; be made with a filter of twelfth 
order or less for each of the three filter types? 

8. Let H(z) denote the system function for a digital lowpass filter. The filter 
corresponds to a linear shift-invariant causal system and can be implemented 
by means of a digital network comprised of adders, gains, and unit delays 
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Fig. P5. 7-8 

From this lowpass filter we want to implement a lowpass filter for which the 
cutoff frequency can be varied by changing one parameter. The proposed 
strategy is to replace each unit delay in the network for H(z) by a network R 
represented by the difference equation 

y(n) = x(n — 1) — a[x(n) — y(n — 1)] (P5.8-1) 

where a is real, |«| &lt; 1, and x(n) and y(n) represent the input and output of R,

respectively.
(a) Let G(z) denote the system function for the filter resulting when the 

network corresponding to Eq. (P5.8-1) is substituted for each unit delay

in the original filter. Show that the frequency response associated with 
G(z) is related to the frequency response associated with H(z) by a mapping

of the frequency axis; i.e., if G(e’®) and H(e’%) denote the two frequency 
responses, then o can be expressed as a real function of 6. Sketch w as a 
function of 6. 
If the cutoff frequency associated with H(z) is 6,, determine as a function of 
the parameter, «, the cutoff frequency w,, associated with G(z).

(b) Instead of replacing each unit delay by a network described by Eq.
(P5.8-1), let us consider replacing each unit delay by a network represented 
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Fig. P5. 7-6 

by the difference equation 

vin) = x(n — 2) —alx(n — 1) — y(n — 1)] (P5.8-2) 

The network of Eq. (P5.8-2) is the network of Eq. (P5.8-1) in cascade with 
a unit delay. It will also be true in this case that the response associated 
with G(z) is related to the frequency response associated with H(z) by a 
mapping in the frequency axis. Determine this mapping and show that 
in this case, if H(z) corresponds to a lowpass filter, G(z) will not correspond 
to a lowpass filter. 

9. An analog highpass filter can be obtained from an analog lowpass filter by

replacing s by 1/s in the transfer function; i.e., if G(s) is the transfer function 
for a lowpass filter, then H,(s) is the transfer function for a highpass filter if 

H,(s) = G, () 

Also, a digital filter can be obtained by mapping an analog filter by means of 
the bilinear transformation 

c= ZT 1 

EE 
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[Assume for convenience that T= 2 in Eq. (5.22).] This mapping preserves

the character of the magnitude characteristic, although the frequency scale is 
distorted. The network in Fig. P5.9 depicts a lowpass filter with cutoff fre-

quency wy = w/2. 

The constants 4, B, C, and D are real. Determine how to modify the 
coefficients to obtain a highpass filter with cutoff frequency wy = =/2. 

10. Assume that the continuous-time filter is a lowpass filter and that H(z) = 
H,((z + 1)/(z — 1). Then the passband of the digital filter is centered at 
(a) o = 0 (lowpass). 
(b) ® = = (highpass). 

(c) A frequency other than 0 or = (bandpass).

(Choose the correct answer.) 

[1. Let h(n) be the unit-sample response of an FIR filter so that a(n) = 0 for 
n &lt;0, n = N. Assume that h(n) is real. We can guarantee that the filter will 
have linear phase by imposing certain symmetry conditions on its unit-sample 
response h(n).
(a) The frequency response of this filter can be represented in the form 

H (7?) — He’) elle) 
=§ 

(ei?) is real 

https://0.10-30.40
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«n) 
/ y(r 

Fig. P5. 9 

(1) Find 0(w) for 0 &lt; w &lt; 7 when h(n) satisfies the condition 

h(n) = h(N — 1 — n) 

Find 6(w) for 0 &lt; w &lt; = when 

h(n) = —h(N — 1 —n) 

(Be careful; it may be necessary to treat cases N even and N odd 
separately.) 

(b) Denote by H(k) the N-point DFT of h(n). 

(1) If h(n) satisfies 
h(n) = —h(N — 1 — »n) 

show that 
HO =0 

2) If N is even, show that 

hin) = h(N — 1 — 7) 
lth, 

1.dl 

i(3)=o 
12. Let hy(n) denote the unit-sample response of an ideal desired system with fre-

quency response Hg(e’®) and let h(n) denote the unit-sample response, of 
length N samples, for an FIR system with frequency response H(¢’?). In Sec. 
5.6 it was asserted that a rectangular window of length N samples applied to 
ha(n) will produce a unit-sample response s(n) such that the mean-square error 

T 

2 = 1 | |H(7?) — H(e®)|2 dw 
2x J__ 

is minimized. 
(a) The error function E(e’®) = H,(e’®) — H(e’®) can be expressed as the 

power series 
oO 

EE) = 3 e(ne ion 

Find the coefficients e(n) in terms of h,(n) and a(n).

(b) Express the mean-square error 2 in terms of the coefficients e(n).

(©) Show that for a unit-sample response 4(n) of length N samples, &amp;* is mini. 
mized when 

_[hg(n), 0&lt;n&lt;N-1
h(n = lo otherwise 
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That is, the rectangular window gives the best mean-square approximation 
to a desired frequency response for a fixed value of N. 

[3. An ideal bandlimiting differentiator with delay = is defined by the frequency 
response 

oy _ |(Je, Ql &lt;Q
Ho(j£) § otherwice 

(a) Find the unit-sample response of an ideal “digital differentiator with delay’

by impulse invariance; i.e., find A;(n) such that hz(n) = Th,(nT). (Assume
that Q, = xT.) 
Find and sketch the corresponding frequency response H;(e’®). What is 
the delay of this system in samples?
One way to obtain a causal digital differentiator approximation is to use the 
window method. Suppose that the unit-sample response h(n) of the 
approximation is to be nonzero only in the interval 0 &lt;n &lt; N — 1. How 
should we choose = if (1) N is even and (2) N is odd? What is the delay 
in samples in each case? Sketch a typical unit-sample response for each 
case. 

(d) Let N = 2 and + = T/2 and choose 

h(n) = {2:9: n=0,1
0. otherwise 

(1) Express the output of this system in terms of the input.

(2) What is the frequency response H(e’®) in this case? 
(3) Obtain an expression for the relative error 

_ Hy(e’®) — H(e™®) 

BO) == 

in this case. Plot E(w) for 0 &lt; ow &lt; 7. 

(¢) Repeat part (d) for N =3 and» =T. 

4. A finite impulse response filter has frequency response 

H(e’?) = |H(e??)|e= 19% 

where n, is not necessarily an integer. Let N be the length of the unit-sample 
response. Recall that the unit-sample response is completely specified by N 
samples of H(e’®) taken at = 2#k/N, k =0,1,...,N — 1. 
(a) Sketch [H(&amp;’?)| for the case N = 15, n, = 0. and 

_ 1, k=0 

Hk) = |H@P"] = (3,  k=1,14 
0. elsewhere 

(b) Write a general expression for h(n) in terms of the H(k)’s. (Do not assume 
that n, = 0.) 

(c) Sketch h(n) for the cases (1) ny = (N — 1)/2 =7, and (2) ny = NJ2 = 
15/2, for |H(k)| as in part (a). 
Draw a complete block diagram (i.e., digital network) of a realization of 
this system when N = 15, n, = 4%, and the |H(k)| are as in part (a). This 
realization should be recursive, i.e., a frequency-sampling filter. Compare

the number of additions and multiplications required to the number required

by a direct-form realization. 
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ho (rn) 

| 
5 , 1 

rCG 

Fig. P5. 15 

1S. Two finite-duration sequences, #,(n) and y(n), of length 8 are sketched in Fig.

P5.15. They are related by a circular shift. 
{(a) The magnitude of the eight-point DFTs are equal. (Yes or no?)
(b) We wish to implement a lowpass nonrecursive filter and must use either 

hy(n) or hy(n) as the unit-sample response. Which one of the following 
statements is correct? 

(1) hy(n) is a better lowpass filter than A,(n).

(2) ho(n) is a better lowpass filter than h(n).

(3) They are both about equally good (or bad) as lowpass filters. 
16. The Parks—McClellan algorithm as originally written determined the sequence

a(n) such that 
M

min [max we (se — &gt; a(n) cos on) | (P5.16-1)
fan)}\ o n=0 

h(n) = h(— n) = a(n)/2 l&lt;n&lt;M 

h(0) = a(0) 

It thus required that (1) N = length of unit-sample response = 2M + 1 be 
odd, and (2) unit-sample response is symmetric. There are three other interesting 
cases: 

A: Positive symmetry, even length: (N = 2M) 
M 

H(e’®) = b(n) cos [(n — }w]
n=1 

B: Negative symmetry, odd length: 
- M ' 

H(e'®) = Y c(n) sin (wn)
n=1 

C. Negative symmetry, even length: 
M 

H(e®) = 2,dn) sin (w(n — 1) 
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Given an algorithm that computes a(n) according to (P5.16-1), show how it 
can be used to design filters corresponding to the other three cases. 
(a) Find a function W(e’®) that can be used to solve case A and show how to 

determine b(n) from a(n).
(b) Find a function W(e’®) that can be used to solve case B and show how to 

determine c(n) from a(n).
Find a function W(e’®) that can be used to solve case C and show how to 
determine d(n) from a(n). 



   

 

 

           

           

         
            

          

         

           

    

          

      

             

                 

           

      

          

           

 

    
  

  

            
            

          
             

           
          

 
            

 

    
 

           

 

      
 

              
                  

           
       

          
            

 

6 

Computation of the Discrete 
Fourier Transform 

6.0 Introduction 

We have seen in previous chapters that the discrete Fourier transform plays 
an important role in the analysis, the design, and the implementation of 
digital signal processing algorithms and systems. Later chapters will add 
further support to this assertion. One of the reasons that Fourier analysis is 
of such wide-ranging importance in digital signal processing is because of 
the existence of efficient algorithms for computing the discrete Fourier 
transform[1]. 

From Chapter 3 we recall that the discrete Fourier transform (DFT) is 

N-1 

Xk) =D x(n)W4, k=01...,N—1 (6.1)
n=0 

where Wy = e=®/M_ The inverse discrete Fourier transform (IDFT) is 

N-1 

x(n) = ~ S XWH", n=01,....N—1 (6.2)
k=0 

In Eqs. (6.1) and (6.2), both x(n) and X(k) may be complex. The expressions 
of Egs. (6.1) and (6.2) differ only in the sign of the exponent of Wy and in a 
scale factor 1/N. Thus a discussion of computation procedures for Eq. (6.1)

applies with straightforward modifications to Eq. (6.2). 
To indicate the importance of efficient computation schemes, it is in-

structive to consider the direct evaluation of the DFT equations. Since x(n) 

184 



  

     

          

         

 

               

           

            

           

          

           

           

          

        

           

           

         

            

          

         

           

            

           

           

           

            

         

   

          

            

   

     

            

         

         

       

             

            

          

         

   

   

      
 

          
 

          

  
                

            
             

            
           
           

            
           

         
            

            
          

             
           

          
            

             
           

            
            
            

          
    

           
            
 
    

      
             
          

          

        

             
             

          
          

    

6.0 Introduction 285 

may be complex we can write 
N-1 

X(k) = &gt; {(Re [x(n)]Re [WX] — Im [x(n)] Im [WF]
n=0 

+ j(Re [x(m)] Im [WF] + Im [x(n)] Re [WED}, 

k=01...,N—1 (6.3) 
From Eq. (6.3) it is clear that for each value of k, the direct computation of 
X(k) requires 4N real multiplications and (4N — 2) real additions.t Since 
X(k) must be computed for N different values of k, the direct computation 
of the discrete Fourier transform of a sequence x(n) requires 4N? real 
multiplications and N(4N — 2) real additions or, alternatively, N2 complex 
multiplications and N(N — 1) complex additions. In addition to the multi-

plications and additions called for by Eq. (6.3), the implementation of the 
computation of the DFT on a general-purpose digital computer or with 
special-purpose hardware of course requires provision for storing and 
accessing the input sequence values x(n) and values of the coefficients WX". 
Since the amount of accessing and storing of data in numerical computation 
algorithms is generally proportional to the number of arithmetic operations, 
it is generally accepted that a meaningful measure of complexity, or, of the 
time required to implement a computational algorithm, is the number of 
multiplications and additions required. Thus, for the direct computation of 
the discrete Fourier transform, a convenient measure of the efficiency of the 
computation is the fact that 4N2 real multiplications and N(4N — 2) real 
additions are required. Since the amount of computation, and thus the com-

putation time, is approximately proportional to N?, it is evident that the 
number of arithmetic operations required to compute the DFT by the direct 
method becomes very large for large values of N. For this reason, computa-

tional procedures that reduce the number of multiplications and additions 
are of considerable interest. 

Most approaches to improving the efficiency of the computation of the 
DFT exploit one or both of the following special properties of the quantities

wx: 
I. WEN=® — (Wkny*, 

2. wke — Wilrt® — WE 
For example, using the first property, i.e., the symmetry of the cosine and 
sine functions, we can group terms in Eq. (6.3) as 

Re [x(n)]Re [IW] + Re [x(N — n)] Re [WR] 

= (Re[x(n)] + Re [x(N — n)])Re [WH] 

t Throughout the discussion the figure for the number of computations is only ap-

proximate. Multiplication by Wy, for example, does not in fact require a multiplication. 
Nevertheless, the general dependency of computational complexity on N obtained by

including such multiplications is sufficiently accurate to permit comparisons between 
different classes of algorithms. 



      

          

         

             

         

               

               

         

           

         

          

    

        

            

          

             

         

             

            

        

          

          

              

            

           

          

            

            

  

          

           

         

            

       

             

         

           

            

        

         

              

       

       

 

           

          

              
          

                
                

          
            

         
           

     
         

             
          

              

         
              

            

         
           

           
               

             
            

           
            

             
   

           
            

          
             

        
              

          
           

             
         

          

               
        

226 Computation of the Discrete Fourier Transform 

and 

—Im [x(n)] Im [W%'] — Im [x(N — n)] Im [W5¥-"] 

= —(Im [x(n)] — Im [x(N — n)]) Im [W}] 

Similar groupings can be found for the other terms in Eq. (6.3). By this 
method, the number of multiplications can be reduced by approximately 
a factor of 2. Also we can take advantage of the fact that for certain values 
of the product kn, the sine and cosine functions take on the values 1 or 0, 
thereby eliminating the need for multiplications. However, reductions of this 
type still leave us with an amount of computation that is approximately 
proportional to N2 Fortunately, the second property, i.e., the periodicity

of the complex sequence Wj", can be employed in achieving significantly 
greater reductions of the computation. 

Computational algorithms that exploit both the symmetry and the 
periodicity of the sequence Wj" were known long before the era of high-speed 
digital computation. At that time, any scheme that reduced hand computa-

tion by even a factor of 2 was welcomed. Runge [2] and later Danielson 

and Lanczos [3] described algorithms for which computation was roughly

proportional to N log N rather than N° However, the distinction was not of 
great importance for the small values of N that were feasible for hand com-

putation.t The possibility of greatly reduced computation was generally 
overlooked until about 1965, when Cooley and Tukey [1] published an 
algorithm for the computation of the discrete Fourier transform that is 
applicable when N is a composite number; i.e., N is the product of two or 
more integers. The publication of this paper touched off a flurry of activity 
in the application of the discrete Fourier transform to signal processing and 
resulted in the discovery of a number of computational algorithms which 
have come to be known asfast Fourier transform, or simply FFT, algorithms. 
Collectively, the entire set of such algorithms is often loosely referred to as 
“the FFT” [5]. 

The fundamental principle that all these algorithms are based upon is 
that of decomposing the computation of the discrete Fourier transform of a 
sequence of length N into successively smaller discrete Fourier transforms. 
The manner in which this principle is implemented leads to a variety of 
different algorithms, all with comparable improvements in computational 
speed. In this chapter we shall be concerned with two basic classes of FFT 
algorithms. The first, called decimation-in-time, derives its name from the 
fact that in the process of arranging the computation into smaller trans-

formations, the sequence x(n) (the index n is often associated with time) is 
decomposed into successively smaller subsequences. In the second general 
class of algorithms, the sequence of discrete Fourier transform coefficients 

t An interesting article by Cooley, Lewis, and Welch [4] traces the history of efforts 
directed toward improving the efficiency of DFT computations. 



   

         

           

          

            

            

          

            

          

             

           

           

        

  

          

            

            

           

              

     

         

      

              

             

  

    

   

      

    

       

   

         

            

    

         

            
           

             
             

           
             

           
              

            
            

         

   

           
             

             
            

               

      
          

        

               
              

   
 

    
 

 

   
 

       

 

    
 

        

    

          
             

6.1 Goertzel Algorithm 287 

X(k) is decomposed into smaller subsequences, hence the name decimation-

in-frequency.
In this chapter we shall consider a number of algorithms for computing 

the discrete Fourier transform. The algorithms to be discussed vary in 
officiency, but all of them are more efficient than direct evaluation of Eq. 
(6.3). We shall begin with a discussion of the Goertzel method [6,7], which 
requires computation proportional to N? but with a smaller constant of 
proportionality than the direct method. Most of our effort will be devoted to 
a discussion of FFT algorithms, i.e., algorithms for which computation is 
roughly proportional to N log N. In this discussion we shall not attempt to 
be exhaustive in our coverage of algorithms, but shall illustrate the general 
principles common to all algorithms of this type by considering in detail 
only a few of the more commonly used schemes. 

5.1 Goertzel Algorithm 

A computation procedure that is somewhat more efficient than the direct 
method is called the Goertzel algorithm [6]. This method is an example of 
how the periodicity of the sequence WX" can be used to reduce computation. 
Specifically, we shall see that the discrete Fourier transform can be viewed 
as the response of a digital filter which can be structured in a manner that 

reduces the number of arithmetic operations. 
To derive the Goertzel algorithm, we begin by noting that 

WEN _ oi@nr/N)Nk __ ,i27k __ 1 (6.4) 

This is, of course, a direct result of the periodicity of Wx"*". Because of Eq. 
(6.4) we may multiply the right side of Eq. (6.1) by W5*" without affecting 
the equation. Thus 

N-1 

X(ky = WN 3 x(n\W¥
r=0 

(6.5)
N—1 

. 3 x(7) WRN)
r=0 

For convenience, let us define the sequence 

N—-1 

y(n) — 3 x(r)WE (£5)
—{) 

From Eqs. (6.5) and (6.6) it follows that 

X(k) = y(n) =n 

Equation (6.6) is evidently a discrete convolution of the finite-duration 
sequence x(n), 0 &lt;n &lt; N — 1, with the sequence WN". Consequently, 



      

          

            

              

             

            

           

             

               

           

              

            

            

          

           

               

        

   

          

    

   

    

  
     

             

          

             

         

               

          

            

       

 

 

 

           

             
               

              
             

           
             
               

            
               

             
             

          
 

            
                

         

 
    

           
     

   
     

  
      

              

           
              

          
                

           
             

288 Computation of the Discrete Fourier Transform 

(mr— 

Un) y,(n) 

N 

Fig. 6.1 Flow graph of first-order complex recursive computation of X(k). 

y(n) can be viewed as the response of a system, with unit-sample response 
W*", to an input x(n). In particular, X(k) is the value of the output when 
n = N. A system with unit-sample response Wx"" is depicted in Fig. 6.1. 

Since both the input x(n) and Wx" are complex, the computation of each 
new value ofy,(n) requires four real multiplications and four real additions. 
Since all the intervening values y,(1), y:(2), ..., y(¥ — 1) must be com-

puted in order to compute y,(NN) = X(k), the use of the scheme depicted by 
Fig. 6.1 requires 4N real multiplications and 4N additions to compute X(k) 
for a particular value of k. Thus this scheme is slightly less efficient than the 
direct method. However, we note that the method of Fig. 6.1 does not 
require the computation of, nor the storage of, the coefficients WEP since these 
quantities are effectively computed by the recursion process implied by Fig.
6.1. 

It is possible to retain this simplification while reducing the number of 
multiplications by a factor of 2. To see how this may be done, note that the 
system function of the system of Fig. 6.1 is 

1 
H(z) = 1— Wkz1 

Multiplying both the numerator and denominator of H,(z) by the factor 
(1 — Wz), we obtain 

Hf) = 1 —Wwh 
(1 — WHFzH(1 — Whz™) 

Vo Whe 
t — 2cos (2n/N)k)z™* + z72 

The signal flow graph of Fig. 6.2 corresponds to the system function of Eq. 
(6.8).

Only two multiplications are required to implement the poles of this 
system, since the coefficients are real and (—1) need not be counted as a 

multiplication. As before, four additions are required to implement the 
poles. Since we only need to bring the system to a state where y,(V) can be 
computed, the complex multiplication by — Wj required to implement the 
zero need not be performed at every iteration of the difference equation, but 
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Dp 
tS

«(n) 4 nN. 

| 2 cos (2mk)| — WK 

Fig. 6.2 Flow graph of second-order recursive computation of X(k)

(Goertzel algorithm). 

only after the N*" iteration. Thus the total computation is 2N real multipli-

cations and 4N real additions for the poles plus four real multiplications and 
four real additions for the zero. The total computation is therefore 2(N + 2) 
real multiplications and 4(N + 1) real additions, about half the number of 
real multiplications required with the direct method. In this more efficient 
scheme, we still have the advantage that cos ((2m/N)k) and Wj are the only 
coefficients that must be computed and stored, the set of coefficients wy 
being again computed implicitly in the iteration of the recursion formula 
implied by Fig. 6.2. 

As an additional advantage of the use of this network, let us consider the 
computation of the z-transform of x(n) at conjugate locations on the unit 
circle, that is, the computation of X(k) and X(N — k). It is straightforward 
to verify that the network in the form of Fig. 6.2 required to compute 
X(N — k) has exactly the same poles as that in Fig. 6.2, but the coefficient 
for the zero is the complex conjugate of that in Fig. 6.2 (see Problem 6.1). 
Since the zero is only implemented on the last iteration, the 2N¥ multiplica-

tions and 4N additions required for the poles can be used for the computation 
of two DFT values. Thus, for the computation of all N points of the discrete 
Fourier transform using the Goertzel algorithm, the number of multiplica-

tions required is approximately NN? and the number of additions is approxi-

mately 282 However, as with the direct computation of the discrete Fourier 
transform, the amount of computation is still proportional to N2. 

In the direct method or the Goertzel method we do not need to evaluate 

all NV different values of X(k). Indeed, we can in general evaluate X(k) for 
any M values of k. In this case the total computation is proportional to NM. 
These schemes are attractive when M is small; however, more sophisticated 
algorithms are available for which the computation is proportional to 
N log, N when N is a power of 2. Thus, when M is less than log, N, either 
the Goertzel or the direct method may in fact be the most efficient method, 
but when all &amp; values of X(k) are required, the algorithms to be considered 
next are roughly (N/log, N) times more efficient than the direct method or the 
Goertzel method. 



      

   

             

        

           

         

          

      

         

           

  

            

         

           

    

          

      

                  

 

 

      
 

  

     

    

      

      

 

          
  

    

              

           

             

                

                

       

    

              
         

            
          

           
       

         
            

  

             
          

            
 

   
 

          

       

                   

  
 

       
  

   

      
     

       

       

 
          

   

    

               
            

             
                 

                 

Tf"3 Computation of the Discrete Fourier Transform 

6.2 Decimation-in-Time FFT Algorithms 

To achieve the dramatic increase in efficiency to which we have alluded, it is 
necessary to decompose the DFT computation into successively smaller 
DFT computations. In this process we exploit both the symmetry and the 
periodicity of the complex exponential Wj = e~*"/M*= Algorithms in 
which the decomposition is based on decomposing the sequence x(n), into 
successively smaller subsequences, are called decimation-in-time algorithms. 
The principle of decimation-in-time is most conveniently illustrated by con-

sidering the special case of N an integer power of 2; i.e., 

N = 27 

Since N is an even integer, we can consider computing X(k) by separating 
x(n) into two N/2-pointf sequences consisting of the even-numbered points 
in x(n) and the odd-numbered points in x(n). With X(k) given by 

N-1 

X(k) =&gt; x(mW,  k=0,1,....N—1 (6.9
n=0 

and separating x(n) into its even- and odd-numbered points we obtain 

fk) = 3 x(mWi + 3 x(mW5 

or with the substitution of variables n = 2r for n even and n = 2r + 1 for 

n odd, 
(N/2)-1 (N/2)—1

X(ky= 3 xQrWI+ 3 xr + HWE 
r=0N r=0 

(6.10)
(N/2)-1 (N/2)-1 . 

I x@NWRE+WE 3 xCr + DR 
But Wa = Wy, since 

wa — e—2i27/N) — e—i2n/(N/2) — We 

Consequently Eq. (6.10) can be written as 

(N/2)-1 (N/2)-1

X(ky = 3 xQOWi¥, + Wh &gt; xr + DW, 6.11)
r=0 r=0 . 

= G(k) + WHk) 

Each of the sums in Eq. (6.11) is recognized as an N/2-point DFT, the first 
sum being the N/2-point DFT of the even-numbered points of the original 

t When discussing FFT algorithms, we shall use the words sample and point inter-

changeably to mean sequence value. Also, we shall refer to a sequence of length N as an 
N-point sequence, and the DFT of a sequence of length N will be called an N-point DFT 



    

          

            

           

               

            

           

         

 

 

 

 

 

 

 

 

         
         

              

           

          

            

            

            

            

         

          

           

             

               

              

             

     

     

           
             

            
                

             
            
          

 

  

 

 

 

 

 
  

 

 

  

 

  

 

  

 

 

  

 

 
  

  
 

  
  

 

         
          

               
            

           
            

             

             
             

          
           

            
              

                
               

              
      

6.2 Decimation-in-Time FFT Algorithms 291 

sequence and the second being the N/2-point DFT of the odd-numbered 
points of the original sequence. Although the index k ranges over N values, 
k=0,1,...,N— 1, each of the sums need only be computed for k 
between 0 and N/2 — 1, since G(k) and H(k) are each periodic in k with 
period N/2. After the two DFTs corresponding to the two sums in Eq. 
(6.11) are computed, they are then combined to yield the N-point DFT, 
X(k). Figure 6.3 indicates the computation involved in computing X(k) 

G(O)
«(O)o— X(0) 

~ As (1)1 

N ; » X 
5 ~point "en

6"
DFT 

7
((4)o- oS 

63) © 
((6)o- ho 

a 

pe
x{1)o~ ox(4)

HO) % 

N__. N X(5)(3)o—. 
2 point CHC \ WR 

«(B)o— DFT 
X(6)

H( WR 
(7)o-

1g \ 
X(7) 

a wl 

Fig. 6.3 Flow graphof the decimation-in-time decomposition of an N-point
DFT computation into two N/2-point DFT computations (N = 8). 

according to Eq. (6.11) for an eight-point sequence, i.e., for N = 8. In this 
figure we have used the signal flow graph conventions that were introduced 
in Chapter 4 for representing difference equations [5,7]. That is, branches 
entering a node are summed to produce the node variable. When no coeffi-

cient is indicated, the branch transmittance is assumed to be one. For other 

branches, the transmittance of a branch is an integer power of Wy. Thus 
we note in Fig. 6.3 that two four-point DFTs are computed, with G(k) 
designating the four-point DFT of the even-numbered points and H(k) 
designating the four-point DFT of the odd-numbered points. X(0) is then 
obtained by multiplying H(0) by Wx and adding the product to G(0). 
X(1) is obtained by multiplying H(1) by Wx and adding that result to G(1). 
For X(4) we would want to multiply H(4) by Wj and add the result to G(4). 
However, since G(k) and H(k) are both periodic in k with period 4, H(4) = 
H(0) and G(4) = G(0). Thus X(4) is obtained by multiplying H(0) by Wx 
and adding the result to G(0). 



      

         

         

            

       

         

          

        

        
           

          

             

         

                 

        
             

                

               

          

            

  

       
  

 

       
 

 

        
 

            

           

            

              
        

            

          

             

              

           

  

                  

  

       

          
          
             

       
          

           
         

        
            

          
              

          
                  

        
              

                
                

           
             
 

  

        
   

 

       
  

 
 

        
  

             
            

             
               

         

             
           

              
               
            

   

                  

   

292 Computation of the Discrete Fourier Transform 

With the computation restructured according to Eq. (6.11), we can 
compare the number of multiplications and additions required with those 
required for a direct computation of the DFT. Previously we saw that for 
direct computation without exploiting symmetry, N? complex multiplications

and additions were required.f By comparison, Eq. (6.11) requires the 
computation of two N/2-point DFTs, which in turn requires 2(N/2)? complex 
multiplications and approximately 2(N/2)? complex additions. Then the two 
N/2-point DFTs must be combined, requiring N complex multiplications,
corresponding to multiplying the second sum by Wj and then N complex 
additions, corresponding to adding that product to the first sum. Con-

sequently, the computation of Eq. (6.11) for all values of k requires N + 
2(N/2)? or N + (N?%2) complex multiplications and complex additions. 
[t is easy to verify that for N &gt; 2, N +4 N?/2 will be less than N?2. 

Equation (6.11) corresponds to breaking the original N-point computa-
tion into two N/2-point computations. If N/2 is even, as it always is when 
N is equal to a power of 2, then we can consider computing each of the N/2-

point DFTs in Eq. (6.11) by breaking each of the sums in Eq. (6.11) into two 
N/4-point DFTs, which would then be combined to yield the N/2-point 
DFTs. Thus G(k) and H(k) in Eq. (6.11) would be computed as indicated 
below: 

(N/2)—1 (N/4)—1 (N/4)-1

Gky= 3 gMWia= 3 gQDWiL+ 3 gQl+ DWi3"* 
r=0 1=0 1=0 

(N/4)—1 (N/4)—1

Gk)y= 3 gCDhW¥,+ Wk; &gt; gQl+ DWH, (6.12)
1=0 1=0 

Similarly, 
(N/4)-1 (N/4-1)

Hk) = XY hQ@DOWHu+ Whe 2 hQl+ DW, (6.13)
T=0 1=0 

Thus if the four-point DFTs in Fig. 6.3 are computed according to Egs. 
(6.12) and (6.13), then that computation would be carried out as indicated 
in Fig. 6.4. Inserting the computation indicated in Fig. 6.4 into the flow 
graph of Fig. 6.3, we obtain the complete flow graph of Fig. 6.5. Note that 
we have used the fact that Wy, = Wi. 

For the eight-point DFT that we have been using as an illustration, the 
computation has been reduced to a computation of two-point DFTs. The 
two-point DFT of, for example, x(0) and x(4), is depicted in Fig. 6.6. With 
the computation of Fig. 6.6 inserted in the flow graph of Fig. 6.5, we obtain 
the complete flow graph for computation of the eight-point DFT, as shown 
in Fig. 6.7. 

t For simplicity we shall henceforth assume that N is large, so that N — 1 can be ap-

proximated by N. 
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Fig. 6.4 Flow graph of the decimation-in-time decomposition of an N/2-
point DFT computation into two N/4-point DFT computations
{(N = 8). 
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Fig. 6.5 Result of substituting Fig. 6.4 into Fig. 6.3. 
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Fig. 6.6 Flow graph of a two-point DFT. 
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Fig. 6.7 Flow graph of complete decimation-in-time decomposition of an 

eight-point DFT computation. 

For the more general case with NV a power of 2 greater than 3, we would 

proceed by decomposing the N/4-point transforms in Eqs. (6.12) and (6.13)

into N/8-point transforms, and continue until left with only two-point 
transforms. This requires » stages of computation, where » = log, N. Pre-

viously we found that in the original decomposition of an N-point transform 
into two N/2-point transforms, the number of complex multiplications and 
additions required was N + 2(N/2)2. When the N/2-point transforms are de-

composed into N/4-point transforms. then the factor of (N/2)? is replaced by 
N[2 + 2(N/4)?, so the overall computation then requires N + N + 4(N/4)? 
complex multiplications and additions. If N = 2, this can be done at most 
v = log, N times, so that after carrying out this decomposition as many times 

as possible the number of complex multiplications and additions is equal to 
N log, N. 

The flow graph of Fig. 6.7 displays the operations explicitly. By counting 
branches with transmittances of the form Wy, we note that each stage has 
N complex multiplications and N complex additions. Since there are log, N¥ 
stages, we have, as before, a total of N log, N complex multiplications and 
additions. This is the substantial computational savings that we have pre-

viously indicated was possible. We shall see that the symmetry and periodicity 
of Wx can be exploited to obtain further reductions in computation. 

6.2.1 In-Place Computations 

The computational flow graph of Fig. 6.7 describes an algorithm for the 
computation of the discrete Fourier transform. What is important in the 



    

             

             

          
           

           

           

         

          

              

         

             

      

                

            

             

         

         

             

            

             

            

            

                

              

            

           

       

               

             

           

  

  

  

  

  

  

  

  

            

               

     

             
             

          
            

            
            
          

           
               

          
              

       
                 

             
              

          
          

              
             

              
             

             
                 

               
             

            
        

                
              

            

   

   

   

   

   

   

   

   

            
                

6.2 Decimation-in-Time FFT Algorithms 295 

flow graph of Fig. 6.7 are the branches connecting the nodes and the trans-

mittance of each of these branches. No matter how the nodes in this flow-

graph are rearranged, it will always represent the same computation pro-
vided that the connections between the nodes and the transmittances of the 

connections are maintained. The particular form for the flow graph in Fig. 
6.7 arose out of deriving the algorithm by separating the original sequence 
into the even-numbered and odd-numbered points, and then continuing to 
create smaller and smaller subsequences in the same way. An interesting 
by-product of this derivation is that the flow graph in Fig. 6:7, in addition to 
describing an efficient procedure for computing the discrete Fourier transform, 
also suggests a useful way of storing the original data and storing the results 
of the computation in the intermediate arrays. 

To see that this is so, it is useful to note that according to Fig. 6.7, each 
stage of the computation takes a set of N complex numbers and transforms 
them into another set of NV complex numbers. This process is repeated v = 

log,Ntimes, resulting in the computation of the desired discrete Fourier 
transform. When implementing the computations depicted in Fig. 6.7 we 
can imagine the use of two arrays of (complex) storage registers, one for the 
array being computed and one for the data being used in the computation. 
For example, in computing the first array in Fig. 6.7, one set of storage 
registers would contain the input data and the second set of storage registers 
would contain the computed results for the first stage. While the validity of 
Fig. 6.7 is not tied to the order in which the input data are stored, let us 
order the set of complex numbers in the same order that they appear in Fig. 
6.7 (from top to bottom). We shall denote the sequence of complex numbers 
resulting from the mth stage of computation as X,,(/), where / =0,1,..., 
N—1,and m=1,2,...,v. Furthermore, for convenience, let us define 
the set of input samples as X,(/). We can think of X,,(/) as the input array 
and X,,,;(/) as the output array for the (m + 1)st stage of computations: 
Thus for the case of N = 8 as in Fig. 6.7. 

X,(0) = x(0) 

Xy(1) = x(4) 

Xo(2) = x(2) 

Xo(3) = x(6) 
(6.14)

Xo(4) = x(1) 

Xo(5) = x(5) 

Xo(6) = x(3) 

Xo(?) = x(7) 

Using this notation and ordering, it can be seen that the basic computa-

tion in the flow graph of Fig. 6.7 is as shown in Fig. 6.8. The equations 



      

      

  
  

         

        

     

             

     

          

           

        

    

     

    

            

             

           

                

              

 
  

 

 

          
 

       

    

    
 

           

         

      

              
      

           
            

         

     

     

     

             
              

            
                 
               

    

 
  

           
  

296 Computation of the Discrete Fourier Transform 

{Cm iD) O— 2 Xm +1 (p) 

X..(q) —_ 0
wir+N/2) Xme1 sl 

A 

Fig 6.8 Flow graph of basic butterfly computation in Fig. 6.7. 

represented by this flow graph are of the form 

(6.15)
Xm+1(q) = X.(p) + WiNEX (9) 

Because of the appearance of the flow graph of Fig. 6.8, this computation is 
referred to as a butterfly computation. 

Equations (6.15) suggest a means of reducing the number of complex 
multiplications by a factor of 2. To see this we note that 

py N/2 — ge i@r/N)N/2 — p—iT — __1 

50 that equations (6.15) become 

KXm1(p) = Xp) + WiX,.(q) 
(6.16)

Xmi(q) = X,.(p) — WiX,.(9) 

Equations (6.16) are depicted by the flow graph of Fig. 6.9. Therefore, since 
there are N/2 “butterflies” of the form of Fig. 6.9 per stage and log,N 
stages, the total number of multiplications required is (N/2) log, N, instead 
of Nlog, N as it seems from Fig. 6.7. Using the basic flow graph of Fig. 6.9 
as a replacement for butterflies of the form of Fig. 6.8, we obtain from Fig. 

(p) o— 
wm + JDa 

N 
—0 Xm+1(q)X(qo 

Fig. 6.9 Flow graph of simplified butterfly computation requiring only one 
complex multiplication. 



    

            

      

                

            

              

               

             

 

  

 

 

 

 

 
  

 

 

 

  

 

 

 

          
  

        

            

           

             

             

              

             

            

           

            

            

                

             

             

            

             

     

             
       

                 
             

               
                

              

   

     

  

 

  
 

   

  
 

    

   

 
  

          
   

        
             

           
             

              
               

              
             

           
             

             
                 

              
              
             

              

6.2 Decimation-in-Time FFT Algorithms 297 

6.7 the flow graph of Fig. 6.10. The total number of complex multiplications 
is evident by inspection of Fig. 6.10. 

In Eq. (6.16), p, q, and r vary from stage to stage in a manner that is 
readily inferred from Fig. 6.10 and from Egs. (6.10), (6.12), (6.13), etc. It 
is clear from Figs. 6.9 and 6.10 that the complex numbers in locations p and 
g of the mth array are required to compute the elements p and g of the 
(m + 1)st array. Thus only one complex array of N storage registers is 

¢(Q) o- X (0) 

(4) o we 
&gt; X(1) 

(2) o 

§ 

&gt; X(2) 
VW 

x{6) o- 7» X(3) 

x(1) o- - x(a) 
Ww: 

x(5) o— X (5) 

x(3)o X (6) 

Ww 
(7) o- X(7) 

Fig. 6.10 Flow graph of eight-point DFT using the butterfly computation
of Fig. 6.9. 

physically necessary to implement the complete computation if X,,..(p)

and X,,.,(g) are stored in the same storage registers as X,,(p) and X,(q), 
respectively. This kind of computation is commonly referred to as an “in-

place” computation, since it has the advantage that as a new array is com-

puted the results can be stored in the same storage locations as the original 
array. The fact that the flow graphs of Fig. 6.7 or 6.10 represent an in-place 
computation is tied to the fact that we have associated nodes in the flow 
graph that are on the same horizontal line with the same storage location 

and that the computation between two arrays consists of a butterfly computa-

tion in which the input nodes and the output nodes are horizontally adjacent. 
[n order that the computation may be done in place as discussed above, 

we note that with the flow graph of Fig. 6.7 (or 6.10) the input data must be 
stored in a nonsequential order. In fact, the order in which the input data 
are stored is in bit-reversed order. To see what is meant by this terminology, 
we note that for the eight-point flow graph that we have been discussing, 
three binary digits are required to index through the data. If we write the 



      

            

  

  

  

 

  

  

  

  

            

           

             
         

          

             

         

             

          

              

             

            

             

           

   
  

 

    

 

 

 

 

 

      

       

             

   

   

   

  

   

   

   

   

             
            
              

          

           
              

          
             

           
               
              

             
             

            

 
 

 

 
  

 
    

 
 

   
   

 
 

  

 
  

 

       

298 Computation of the Discrete Fourier Transform 

indices in Eq. (6.14) in binary form, we obtain the set of equations 

X,(000) = x(000) 

X,(001) = x(100) 

X,(010) = x(010) 

X,(011) = x(110) 
(6.17)

X,(100) = x(001) 

X,(101) = x(101) 

X,(110) = x(011) 

X,(111) = x(111) 

If (nynyn,) is the binary representation of the index of the sequence x(n), 
then the sequence value x(nym;n,) is stored in the array position Xy(ngn,n,). 
That is, in determining the position of x(n,n;n,) in the input array, we must 
reverse the order of the bits of the index n. 

To see why bit-reversed order is necessary for in-place computation, let 
us recall the process that resulted in Fig. 6.7. The sequence x(n) was first 
divided into the even-numbered samples and the odd-numbered samples with 
the even-numbered samples occurring in the top half of Fig. 6.3 and the odd-

numbered samples occurring in the bottom half. Formally, such a separation 
of the data can be carried out by examining the least significant bit (n,) in 
the index n. If the least significant bit is zero, the sequence value corresponds 
to an even-numbered sample and therefore will appear in the top half, and 
if the least significant bit is 1, the sequence value corresponds to an odd-

numbered sample and consequently will appear in the bottom half of the 

ng 
OD 

~~ 

1 
— x(100) 

0 
I~ iFrei; x(O1 0) 

1 
— x(110)

X (ng ny no)
—_— a 

0] 
— x(001)

A 

— x(101) 

0 
-— x(011) 

x{(111) 

. 6.41 Tree diagram depicting bit-reversed sorting. 



    

            

             

          

             

          

             

           

           

            

         

           

           

    

  

             

               

             

            

             

             

          

            

          

             

        

            

            

           

            

             

           

            

           

             

        
              

          

            

          

           

             

             

     

             
              

          
              

           
             

            
            

             
          

            
            

     

   

             
                
              

             
              

              

           
             
          

              
         

             
             

            
             

             
            

             
            

              
        

               
           

             
           

            
              

              

6.2 Decimation-in-Time FFT Algorithms 299 

array X,o(/). Next the even and odd subsequences are each sorted into their 
even and odd parts, and this can be done by examining the second least 
significant bit in the data index. Considering first the even-numbered sub-

sequence, if the second least significant bit is zero, the sequence value is an 
even-numbered term in this subsequence and if the second least significant 
bit is 1, then the sequence value has an odd-numbered index in this subse-

quence. The same process is carried out for the subsequence formed from 
the original odd indexed sequence values. This process is repeated until N 
subsequences of length 1 are obtained. This sorting into even and odd indexed 
subsequences is depicted by the tree diagram of Fig. 6.11. 

Thus the necessity for bit-reversed ordering of the sequence x(n) is seen 
to result from the manner in which the DFT computation is decomposed 
into successively smaller DFT computations. 

6.2.2 Alternative Forms 

Although it is reasonable to store the results of each stage of the com-

putation in the order in which the nodes appear in Fig. 6.10, it is certainly not 
necessary to do so. No matter how the nodes of Fig. 6.10 are rearranged, 
the result will always be a valid computation of the discrete Fourier transform 
of x(n) as long as the branch transmittances are unchanged. Only the order in 
which data are accessed and stored will change. If we associate the nodes with 

complex storage locations and associate the ordering of the nodes with 
indexing of an array of complex storage locations, it is clear from our 
previous discussion that a flow graph corresponds to an “in-place” computa-

tion only if the rearrangement of nodes is such that the input and output 
nodes for each butterfly computation are horizontally adjacent. Otherwise 
two complex storage arrays will be required. Figure 6.10 is, of course, such 
an arrangement. Another is depicted in Fig. 6.12. In this case the input 
sequence is in normal order and the transform is in bit-reversed order. 
Figure 6.12 can be obtained from Fig. 6.10 by interchanging all the nodes 
that are horizontally adjacent to x(4) in Fig. 6.10 with all the nodes horizon-

:ally adjacent to x(1). Similarly, all the nodes that are horizontally adjacent 
0 x(6) in Fig. 6.10 are exchanged with those that are horizontally adjacent 
to x(3). The nodes horizontally adjacent to x(2), x(5), and-x(7) are not 
disturbed. The resulting flow graph in Fig. 6.12 corresponds to the form of the 
decimation-in-time algorithm originally given by Cooley and Tukey [1].

It can be seen that the only difference between Figs. 6.10 and 6.12 is in 
the ordering of the nodes. The branch transmittances (powers of Wy) 
remain the same. There are, of course, a large variety of possible orderings; 
however, most do not make much sense from a computational viewpoint. 
As another useful possibility, suppose that the nodes are ordered such that 
the input and output both appear in normal order. A flow graph of this 
type is shown in Fig. 6.13. In this case, however, the computation cannot be 
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«(0) -0X(0) 

x(1)o--

gv) 

ro X(4) 

x(2)o- © X(2) 

x(3)o—- &gt; X(6) 

LL &gt; X11) 

0. 5) 

&gt; AUB)(aor 
«(7) WR © 57) 

Fig, 6.12 Rearrangement of Fig. 6.10 with input in normal order and output
in bit-reversed order 

~(0) 2X(0) 

- 1a 

0h«Nc 

«((2)v ™ 

x(3)o—- (2) 

5} (4)xX @o-' 
X (5)oo 0 X (5) 

x(6) VW (6) 

(7) We (7) 

Fig. 6.13 Rearrangement of Fig. 6.10 with both input and output in 
normal order. 

carried out in place. Thus, two complex arrays of length N would be re 
quired to perform the computation depicted in Fig. 6.13. 

In realizing the computations depicted by Figs. 6.10, 6.12, and 6.13, it 
is clearly necessary to access elements of intermediate arrays in nonsequential 
order. Thus, for greater computational speed, the complex numbers must 
be stored in random access memory. For example, referring to Fig. 6.10, 
to compute the first array from the input array, the inputs to each butterfly 
computation are adjacent node variables which are thought of as being 



    

         

             

             

           

             

             

             

             

              

           

 

  

  

  

 

 

           
       

          

               

          

           

             

         

            

            

       
              

           

             

          

          

             

     

          
              

              
            

              
              

              
              

               
            

   

    

   

   

   

 
   

  

  

            
        

           
                

           
           
              

          
             
             
       

              
            

              
           

           
              

6.2 Decimation-in-Time FFT Algorithms 301 

stored in adjacent storage locations. In computing the second intermediate 
array from the first, the inputs to a butterfly are separated by two storage 
locations, and in computing the third array from the second, the inputs to a 
butterfly computation are separated by four storage locations. If N is larger 
than 8, the separation between butterfly inputs is 8 for the fourth stage, 16 
for the fifth stage, etc. The separation in the last (vth) stage is N/2. 

In Fig. 6.12 the situation is similar in that computing the first array from 
the input data we use data separated by 4, to compute the second array 
from the first array we use input data separated by 2, and then finally in 
computing the last array we use adjacent data. Although it is straightforward 

(0) o— ©X(0) 

(4) Nd »(4) o—— ra) 

x(2) o—= 2) 

X (6)JWR 3) 

(1) o— 4) 

W 
x(5) o ‘H) 

(3) 6) 

(7) o- XA7) 

Fig. 6.14 Rearrangement of Fig. 6.10 having the same geometry for each 
stage, thereby permitting sequential data accessing and storage. 

to imagine simple algorithms for modifying index registers to access the 
data in either the flow graph of Fig. 6.10 or 6.12, the data are not accessed 
sequentially so that random-access memory would be very desirable. In the 
low graph of Fig. 6.13 the data are accessed nonsequentially, the computa-

lion is not in place, and a scheme for indexing the data is considerably 
more complicated than in either of the two previous cases. 

A rearrangement of the flow graph in Fig. 6.10 that is particularly useful 
when random-access memory is not available is shown in Fig. 6.14. This flow 
graph represents the decimation-in-time algorithm originally given by
Singleton [8]. Note first that in this flow graph the input is again in bit-

reversed order and the output in normal order. The important feature of 
this flow graph is that the geometry is identical for each stage; only the 
branch transmittances change from stage to stage. This makes it possible 
to access data sequentially. Suppose that we have four magnetic-tape units 
(or four sequential areas of disc storage) and suppose that the first half of 



      

             

            

               

               

               

               

 

   

         

          

          

          

           

        

              

               

 

     
 

  

          
 

           

            

            

             

 

       

               

       
  

 

      

 

       

  

           

                 

       

              
             

                
                
                

                
  

    

         
          
           

           
            

        
               

                
 

  

       
 

  

          
  

            
             
             

              

 

       
 

                
        
   

  
       

 

 

       
 

   

            
                  

302 Computation of the Discrete Fourier Transform 

the input data (in bit-reversed order) is stored on one tape and the second 
half is stored on another tape. Then data can be accessed sequentially on 
tapes 1 and 2 and the results written sequentially on tapes 3 and 4 with the 
first half of the new array being written on tape 3 and the second half on 
tape 4. Then at the next stage of computation tapes 3 and 4 are the input 
and the output is written on tapes 1 and 2. This is repeated for each of 
v stages. 

6.3 Decimation-in-Frequency FFT Algorithms 

The decimation-in-time FFT algorithms were all based upon the decom-

position of the DFT computation by forming smaller and smaller subse-

quences of the input sequence, x(n). Alternatively we can consider dividing 
the output sequence, X(k), into smaller and smaller subsequences in the 
same manner. The class of FFT algorithms based on this procedure is 
commonly referred to as decimation-in-frequency. To derive the decimation-

in-frequency forms of the FFT algorithm for N a power of 2, we can first 
divide the input sequence into the first half and the last half of the points so 
that 

(N/2)—1 N-1 

X(ky= 3 x(mWy +
n=N/2

&gt; x(M)W
n=0 

jv 

(N/2)—1 (N/2)—1 N

X(kh)y= 3 x(mWy + Ww» 3 x(n + 3 wy (6.18)
n=0 n=0 

[t is important to observe that while Eq. (6.18) contains two summations 
over N/2 points, each of these summations is not an N/2-point DFT since 
W3* rather than W{¥,, appears in each of the sums. Combining the two 
summations in Eq. (6.18) and using the fact that W{"/?* = (—1)* we obtain 

(N/2)—1 N

Xky= [xm + (1x + ol WR (6.19)
n=0 

Let us now consider k even and k odd separately, with X(2r) and X(2r + 1) 
representing the even-numbered points and the odd-numbered points, 
respectively, so that 

(N/2)-1 N 
75. 0)X2r)y= EQ 4 x(n + NM wi"

n=0 

(N/2)—1 N

XQr+1)= &gt; EQ — x(n + 2] wwe,
n=0 

r—=0.1,...,(N/2 —1) (6.21) 

Equations (6.20) and (6.21) can be recognized as N/2-point DFTs; in the 
case of Eq. (6.20), of the sum of the first half and the last half of the input 



    

               

              

           

  

  

                

               

 

 

 

 

 

 

 

  

  

 

  

   

  

  

  

 

  

         
       

  

           

          

         

             

    

           

               

          

        

             

              

           

           
           

           

         

     

  
               
            

   

   

                 
                

   
 

     

  
 

   

  
  

 
      

  
    

  
   

          
       

   

            
           

         
              

     
           

                
          

         
              
               

            

           
            

            
          

6.3 Decimation-in-Frequency FFT Algorithms 303 

sequence, and in the case ofEq. (6.21), of the product of Wy with the difference 
of the first half and the last half of the input sequence. As distinguished from 
Eq. (6.19), the two summations in Eqs. (6.20) and (6.21) correspond to 
N/2-point DFTs because 

war = Wh, 

Thus on the basis of Eqs. (6.20) and (6.21) with g(r) = x(n) + x(n + N/2) 
and h(n) = x(n) — x(n + NJ/2), the DFT can be computed by first forming 

aq(O)

IN
0 X (0) 

7 

(1) a- Zam 
a - point -0X(2) 

a2)
2) 0 X(4)

™, 
DFT

-

7a(3)
(3) -0 X (6) 

Lh(0) W 
{4} 0 X{1)

-1

Nh) Wi
«BY + N - point -0 X(3) 

hie) WE 
dB) —_— £{) X (5)

DFT
“h(3) Wa 

(7) -~ ~(7) 

Fig. 6.15 Flow graph of the decimation-in-frequency decomposition of an 
N-point DFT computation into two N/2-point DFT computations
N = 8). 

the sequences g(r) and h(n), then computing h(n) Wy, and finally computing 
the N/2-point DFTs of these two sequences to obtain the even-numbered 
output points and the odd-numbered output points, respectively. The pro-

cedure suggested by Eqs. (6.20) and (6.21) is illustrated for the case of an 
cight-point DFT in Fig. 6.15. 

Proceeding in a manner similar to that followed in deriving the decima-

tion-in-time algorithm, we note that since NV is a power of 2, N/2 is even, and 
consequently, the N/2-point DFTs can be computed by computing the even-

numbered and odd-numbered output points for those DFTs separately. 
As in the case of the original decomposition leading to Eqs. (6.20) and (6.21), 
this is accomplished by combining the first half and the last half of the input 
points for each of the N/2-point DFTs and then computing N/4-point DFTs. 

The flow chart resulting from aking this step for the eight-point example
is shown in Fig. 6.16. For the eight-point example, the computation has 
now been reduced to the computation of two-point DFTs, which, as was 
discussed previously, are implemented by adding and subtracting the input 
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point(1) \ DFT &gt; X(4) 

» 0 X(2)«(2) . 
IN 

8point
\ w2 | DFT | »—0 X(6)(3) a 

/ 
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N point X(1) 
«(s) &amp; lo X(5)DFT 
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4 ~point
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(7) DFT a X(7) 

Fig. 6.16 Flow graph of decimation-in-frequency decomposition of an 
eight-point DFT into four two-point DFT computations. 

X,-1(p)o— © X,(p) 

wQ=1
XK, -1(q)Cr —o X,{q) 

Fig. 6.17 Flow graph of a typical two-point DFT as required in the last 
stage of decimation-in-frequency decomposition. 

(0) }- © X(0) 

wo(1)\
\ 

&gt;No x(a) 

»—0 X(2)(2g
\ 

(3) WR X(6) 

/ 

(4). — We »—0 X(1) 

Wo 
RA(5)d- lo X(5) 

(6)— 0X(3) 

me 
(7+. ~Nox(7) 

Fig. 6.18 Flow graph of complete decimation-in-frequency decomposition of 
an eight-point DFT computation. 
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6.3 Decimation-in-Frequency FFT Algorithms 305 

points. Thus the two-point DFTs in Fig. 6.16 can be replaced by the com-

putation shown in Fig. 6.17, so the computation of the eight-point DFT 
becomes that shown in Fig. 6.18. 

By counting the arithmetic operations in Fig. 6.18, and generalizing to 
N = 2’, we see that the computation of Fig. 6.18 requires N/2 log, N com-

plex multiplications and N log, N complex additions. Thus the total com-

putation is the same for the decimation-in-frequency and the decimation-in-

time algorithms. 

6.3.1 In-Place Computation 

The flow graph in Fig. 6.18 depicts one FFT algorithm based on decima-

tion-in-frequency. We can observe a number of similarities and also a 

number of differences in comparing this graph with the flow graphs derived 
on the basis of decimation-in-time. As with decimation-in-time, of course, 

the flow graph of Fig. 6.18 corresponds to a computation of the discrete 
Fourier transform independently of how the flow graph is drawn as long as 
the same nodes are connected to each other with the proper branch trans-

mittances. In other words, as with the derivation of the decimation-in-time 

algorithms, the flow graph of Fig. 6.18 is not based on any a priori assump-

tion about the order in which the input data are stored. However, as was 
done with the decimation-in-time algorithms, we can interpret successive 
vertical nodes in the flow graph of Fig. 6.18 as corresponding to successive 
storage registers in memory, in which case we observe that the flow graph 
in Fig. 6.18 begins with the input data in normal order and provides the 
output points in bit-reversed order. We note also that the basic computation 
is of the form of a butterfly computation, although the butterfly is different 
than that arising in the decimation-in-time algorithms. However, because 
of the butterfly nature of the computation we note that the flow graph of 
Fig. 6.18 can be interpreted as an in-place computation of the discrete 
Fourier transform. As before, we denote the sequence of complex numbers 
resulting from the mth stage of the computation as X,(/), where / = 0, 
l,...,N—1,and m=0, 1, 2,..., ». Then the basic butterfly compu-

tation is shown in Fig. 6.19, and the corresponding equations are 

X na(P) = X,.(p) + X (9) 
(6.22)

Xpn1(q) = (X (Pp) — X (9) Wn 

By comparing Figs. 6.9 and 6.19 or Eqs. (6.16) and (6.22) we see that the 
butterfly computations are distinctly different for the two classes of FFT 
algorithms. However, we also note a striking resemblance between the basic 
butterfly computations and between Figs. 6.10 and 6.18. Specifically, we 
note that Fig. 6.18 can be obtained from Fig. 6.10 by reversing the direction 
of signal flow and interchanging the input and output. That is, in the 
terminology of Chapter 4, Fig. 6.18 is the transpose of the flow graph in 
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/ _(p) ~0 X. +1(p) 

N m_0X(a)c Xm+1(q) 

Fig. 6.19 Flow graph of a typical butterfly computation requiredin Fig. 6.18. 

Fig. 6.10 and consequently from the transposition theorem, the input-output 
characteristics of the two flow graphs must be the same. To see this another 

way consider a butterfly from a decimation-in-time algorithm as depicted in 
Fig. 6.9. The corresponding equations are 

(6.23) 

If we begin with the output X(k) in normal order as in Fig. 6.10, we can 
invert the computations of Eq. (6.23) by solving for X,, in terms of X,,,,; 
.e.. 

Xm(P) = 3(Xpa(P) + Xn1a(9) 
(6.24)

Xm(q) = 3Xpti(p) — Xa@IWy

Thus, since 
X,(k) = X(k) 

and X,(k) is equal to x(n) in bit-reversed order, we can compute x(n) in bit-

reversed order by repeated application of Eq. (6.24). The flow graph for 
N = 8 is shown in Fig. 6.20. 

Figure 6.20 depicts an inverse fast Fourier transform algorithm (IFFT).
Now we note that the inverse discrete Fourier transform is 

(my — LS 
N,
2 X(k)yWHx 

so that an FFT algorithm can be used to compute the IDFT if we divide the 
result by N and use powers of Wy' instead of powers of Wy. Similarly, an 
[FFT algorithm can be used to compute the DFT if we multiply the output 
by NV and use powers of Wy instead of powers of Wy. Thus the flow graph 
of Fig. 6.20, representing an IFFT algorithm, can be changed to an FFT 
algorithm by simply changing $ Wy" to Wy, since dropping the factor of } at 
each stage is equivalent to multiplying the output by N. With this change 
and with x(n) in normal order at the input in Fig. 6.20 and X(k) in bit-

reversed order at the output, we obtain Fig. 6.18. 
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X (0) 25x(0)
1w-0 

. FA 

to A)AN LWR° 3
X(2)e—- — - a» —0——0x{(2) 

\ SW;7 Swi°
X(3)q- = ox)

1 
-X (4) 0%ox(1)

twy®
X{5)d- rn m— 7&gt;—0x(5)

c.=0 = 1 

“Wy 2
X(6)o — niet 3 {33

A Iwi? 
X(7' »——0 x(7) 

Fig. 6.20 Flow graph of an inverse DFT computation obtained by inverting
the butterfly computations of Fig. 6.10. 

Thus we see that to any decimation-in-time FFT algorithm there corre-

sponds an inverse transform algorithm that is a decimation-in-frequency 
algorithm. Or, since inverse transform algorithms are simply related to 
direct transform algorithms, we can state in general that to each decimation-

in-time FFT algorithm there exists a decimation-in-frequency FFT algorithm 
that corresponds to interchanging the input and output and reversing the 
direction of all the arrows in the flow graph. 

6.3.2 Alternative Forms 

The previous result implies that all the flow graphs of Sec. 6.2 have counter-

parts of the decimation-in-frequency type. This, of course, also corre-

sponds to the fact that, as before, it is possible to rearrange the nodes of a 
flow graph without altering the final result. 

If we apply the transposition procedure to Fig. 6.12 we obtain Fig. 6.21. 
[n this flow graph, the output is in normal order and the input is in bit-

reversed order. Alternatively, the transpose of the flow graph of Fig. 6.13 
results in the flow graph of Fig. 6.22, where both the input and the output 
are in normal order. As in the case of Fig. 6.13, this flow graph does not 
correspond to an in-place computation. 

The transpose of Fig. 6.14 is shown in Fig. 6.23. Each stage of Fig. 
6.23 has the same geometry as is desired for computation involving sequential 
data storage as discussed before. 

5.4 FFT Algorithms for N a Composite Number 

Our previous discussion has illustrated the basic principles of decimation-in-

time and decimation-in-frequency for the important special case of N a 
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Ho —»—0 X(0) 

(4Yo— ——0 X(1) 
A! 

(2)ox 
-——0 XNY 

(6) o= : (2) 
a,veX(3)

x(1)o— 
Te-X(4) 

(5)ox N 
X(5) 
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A a 

«3o 
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X(6)
a -O0»—0X(7) 

Fig. 6.21 Flow graph of a decimation-in-frequency DFT algorithm obtained 
from Fig. 6.18, Input in bit-reversed order and output in normal 
order. (Transpose of Fig. 6.12.) 

(0)o &gt;——0X(0) 
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(12 —+—oX(1) 
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x(2)q poX(2)
o 
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0 X(4) 
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«&amp;) ——0 X (6) 

wo
(7) Nox(7) 

Fig. 6.22 Rearrangement of Fig. 6.18 with both input and output in normal 
order. (Transpose of Fig. 6.13.) 

power of 2; i.e., N = 2’. More generally, the efficient computation of the 
discrete Fourier transform is tied to the representation of N as a product of 
factors [1,7,9,10]; i.e., suppose that 

N=pip,...p, (6.25) 

As we have seen in the case of N a power of 2 (where all the factors can be 
taken to be equal to 2), such a decomposition leads to a highly efficient 
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(0) a—— ——o0 X(0) 
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(2 —0 X(6) 
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(5) « No x(5) 

(6) © X(3) 

wo 
(7) No x(7) 

Fig. 6.23 Rearrangement of Fig. 6.18 having the same geometry for each 
stage, thereby permitting sequential data accessing and storage.
(Transpose of Fig. 6.14.) 

computational algorithm. Furthermore, all the required computations are 
butterfly computations that correspond essentially to two-point DFTs. For 
this reason the power-of-2 algorithms are particularly simple to implement, 
and often in applications it is advantageous to always deal with sequences 
whose length is a power of 2. This can be done in many cases by simply 
augmenting a finite-length sequence with zero samples if necessary. How-

ever, in some cases it may not be possible to choose NV to be a power of 2, 

thus making it necessary to consider the more general situation of Eq. 
(6.25). Let us therefore consider the application of the decimation-in-time 
principle in the case where NV is a product of factors that are not all necessarily 
equal to 2. 

Let us define 

1 = P2Ps-- Dv 

:0 that 

N =p; * gq, 

[f N is a power of 2, we could choose p; = 2 and ¢, = N/2. Using decima-

tion-in-time we would then decompose the sequence x(n) into two sequences, 
each (N/2) samples in length, consisting of the even- and odd-numbered 
samples, respectively. When N = p, - ¢;, we can divide the input sequence 

into p, sequences of ¢, samples each by associating every pth sample with a 
given subsequence. For example ifp, = 3 and ¢; = 4, so that N = 12, then 

we can decompose x(n) into three sequences of length 4, with the first sequence 
consisting of the samples x(0), x(3), x(6), x(9); the second sequence con-

sisting of x(1), x(4), x(7), x(10); and the third sequence consisting of x(2), 
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x(5), x(8), and x(11). In general we can write X(k) as 

N—1 

X(k) = x(n)W% 
n=0 

71 Dirk at 

= 2 pn) + 3 x(pyr + DWRW + 
r= r=0 

a,—1

3 x(pir + py — DWT 
r—0 

T 

P;—1 a,—1 % 

X(ky = 3 Wx2 x(pir + DW" (6.26)
1=0 r=0 

The inner sums can be expressed as the g;-point DFTs 

a,—1 

Gk) = 2 x(pyr + DW (6.27)
r=0 

since, as is easily verified, 

wok = Wt for N = D1 * qq (6.28) 

Thus Eq. (6.26) expresses X(k) in terms ofp, discrete Fourier transforms of 
sequences of length ¢; samples. To determine the number of complex 
multiplications and additions required in implementing the DFT according 
to Eq. (6.26), let us consider, as we did in the original discussion of decima-

tion-in-time, that the ¢,-point DFTs are implemented by means of the direct 
computation. From Eq. (6.26) we observe that the number of ¢;-point

DFTs to be evaluated is p,. Thus a total of p; qi complex multiplications 
and additions are required. The outer sum in Eq. (6.26) is implemented by 
multiplying the g,-point DFTs by the factor Wy and adding the results 
together. Since the double summation in Eq. (6.26) is to be implemented for 
N values of k, a total of N(p, — 1) complex multiplications and additions 
are required to combine the p, ¢;-point DFTs.t Therefore, the total number 
of complex multiplications and additions required to compute the discrete 
Fourier transform in the form of Eq. (6.26) is N(p; — 1) + Pigs Now the 
gi-point DFTs can be decomposed in a similar manner. In particular, if 
we now represent ¢, as 

di = Ps "42 

t Summing p, terms requires p,-1 additions and we do not need to multiply by wk 
when / = 0. We remind the reader that throughout this chapter we have generally counted 

multiplication by wkl even when wkl is unity orj.Ininterpreting Eq. (6.26), however, it is 
convenient to recognize Wk! as unity for / = 0 in order that the result which we obtain be 
consistent with the discussion in Section 6.2. 
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then the g;-point sequences in the inner sum of Eq. (6.26) can be broken 
into p, subsequences, each being g,-points long so that the inner sum in Eq. 
(6.26) can be replaced by a double summation in the same way that we began. 
When this is done, the number of operations required in computing the ¢,-

point DFTs in Eq. (6.26) is, instead of ¢%, 

q:1(p. — 1) + D243 (6.29) 

Consequently, the factor g; in the expression N(p, — 1) + pq} is replaced 
by Eq. (6.29), and thus the total number of complex multiplications and 
additions required is 

N(p; — 1) + N(p, — 1) + pip.g5 (6.30) 

If we continue this procedure by further decomposing the g,-point DFTs, 
then when the original sequence has been decomposed as much as possible 
the number of complex multiplications and additions will be 

N(p, + pat... + py —9) (6.31) 

For example, when p; = p, =... = p, = p, the number of complex multi-

plications and additions is N(p — 1)». Whenp=2, this number is N - », as 

discussed before.t In general, it can be seen from Eq. (6.31) that it is pref-

erable to carry out the decomposition on the basis of as many factors as 

possible for a given N. Formally, there is no advantage to choosing anything 
but prime factors since if p, =r; + s,, with r, and 5s; &gt; 1, then p, &gt; r, + s,, 
except when r; = 5, = 2, in which case p, = r, + s,. However, there are 

examples (notably p; = 4 or 8) where additional economies result which are 
not accounted for by Eq. (6.31). 

To illustrate the decimation-in-time procedure for N not a power of 2, let us 
consider computation of an 18-point DFT; i.e., N =3-3-2, Letting p; = 3 
and g; = 6, and following the preceding discussion, we first divide the original 
sequence into three sequences. each six points long: 

Sequence 1: x(0) x3) x(6) x(9) x(12) x(15) 
Sequence 2: x(1) x(4) x(7) x(10) x(13) x(16) 
Sequence 3: x(2) x(5) x(8) x(11) x(14) x(17) 

By dividing the original sequence into these three subsequences, we can express
X(k) as 

2 5 

MNer = 3 BRS Gr + DWT 
- rr 

1= r= 

Gok) + WEG (k) + WG,(k) 

T Recall that the number of multiplications can be further reduced by exploiting sym-

metry. 
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Gol0)
x(0)o- » Go(0)+G,4(0)+ G,(0) 
x(3) o— Got WH G1) + WE Gy(1)

Six-point cut
x(6)o— Gol2 

2 Go(2)+W3G,4(2)+ WRG,(2)
S50DFTx(9)o— 2 Go(3)+ WR Gy(3) + WEG,(3) 

x (12)o oa 
“p Gola)+WRG.)+WEG,(4) 

x(15)o— “9 Go(5)+ WRG4(5)+ WG,(5) 
x(1)o— Lb Go(0)+ WEG,(0) + WiEG,(0)

G.(1
x(4)o— +P Go(1) + WIG, (N+ WNG,(1)

Six-point 5(2°
x(7)o— "5 Go(2)+ WEG,(2)+ WG,(2) 

x(10)o— DFT G3 
P Go(3)+ WRG(3)+ WEG,(3)

(13) o— Gy / 5 Go(4)+WRG,(4)+ W20G (4) 
x(16)o— GO)

= 

#4P Go(5) WyG4(5)+ WRZG,(5) 
x(2) o— 3408 y GolO)+ WEG,(0)+ WEG,(0)

Glx(5)o— 
Six-point x Gol)+WRGH(1)+W286,(1)

52x(8)o— 230 Go(2)+ WiG42)+WaBG,(2) 
x(I)o— DFT 6,3 rd NY 63+ WS 6y(3)+ W306,(3) 

x(14) o—- G4 b Gold)+WISG,4)+W32G,(4)
IF 

x(| 7) o— 5 G8) WIG,(5) + W336,(5) 

Fig. 6.24 Flow graph of first stage of decomposition of an 18-point DFT. 

The inner sum is a six-point DFT with / = 0 corresponding to sequence 1, 
I = 1 corresponding to sequence 2, and / = 2 corresponding to sequence 3. 
In this case the six-point DFTs G,(k) are periodic with period 6. The com-

putation of Eq. (6.32) is illustrated in Fig. 6.24.1 
The six-point DFTs corresponding to the inner sum in Eq. (6.32) can be 

further decomposed by breaking the sequences x(3r + [) into three sequences.

each two points long or, alternatively, two sequences, each three points long.

Choosing the former, i.e., breaking each of the six-point subsequences into three 
sequences two points long, we replace the inner sum by 

2 2 2 

Gk) =&gt; x@r + DWE =&gt; WED x(9p + 3s + DWF 
r=0 s=0 p=0 

t In this figure, the transmittances on each of the branches are to be inferred from the 

algebraic expression associated with each output node. 
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1 1 
tn = Go, ‘0, 

a? &gt;Go (1) 

A 
@ 

2 3G (2)
nN 

pi 
nt 

x, 

~ (3) 

J I 

N 

5

A

NG (4) 

na 

t 115) 0G (5)20
Vu N 

Fig. 6.25 Flow graph of further decomposition of one of the six-point
DFTs in Fig. 6.24. 

30 that the overall computation of X(k) becomes 
2 2 1 

Xk) = WES WES x(9p + 3s + DWE (6.33)
1=0 $—0 D=0 

One of the six-point DFTs (Ggy(k)) is shown in detail in Fig. 6.25. The other 
two have identical form. When Fig. 6.25 and the corresponding flow graphs

for Gi(k) and G,(k) are placed in appropriate positions in Fig. 6.24, the input 
sequence is in the order: x(0), x(9), x(3), x(12), x(6), x(15), x(1), x(10), x(4),
x(13), x(7), x(16), x(2), x(11), x(5), x(14), x(8), and x(17). We observe from 
Figs. 6.24 and 6.25 that for this ordering of the inputs, the computation can be 
done in place. The two-point transforms are shown as the familiar butterflies in 
the first stage of Fig. 6.25; the basic three-point DFT operation is somewhat 
more complicated but still obviously an‘in-place computation. Instead of bit 
reversal, the ordering of the input is somewhat more complicated. Specifically,
if we denote Xy() as the input array, then it can be shown that 

Xo6l +25 +p) =x + 3s + D 

wherep = 0,1; s =0,1,2; and/ = 0, 1, 2. That is, the input must be stored 
in a generalized *‘digit-reversed”” order in order to carry out the computation in 
place. As is evident from Fig. 6.24, the resulting output is in normal order. We 
note from Fig. 6.24 that the basic computation in the last stage (as for factors of 3 
in general) is as depicted in Fig. 6.26 for N = 3 -¢,. 

We recall that in the case of factors of 2, we were able to reduce the number 

of multiplications by a factor of 2 by exploiting symmetry. In the case of factors 



      

 

 

 

 
         

   
       

  

           

              
         

  

          

          

              

              

                

             

           

               

            

   

         

             

           

           

          

         

       

             

         

       

 

      

   
         

 

   
         

   

            

               
          

   

           
           

               

               
                 

              
            

                

             
    

          
              

            
            

           
         

        
              

          

314 Computation of the Discrete Fourier Transform 

X(k) 

54, &lt; } p =Golk)+WEGy(k)+W2KGo(k)
wk 

“Awa 

+90 ub X (k+q,)

G,(k)c p = Gg (k)+ Wk*aG,(k) + walk +a) 6, (k)

w2k+ay) 

X
(k +2g.0%. X(k+2q,) 

Gal k)c WNT"Nog (k) + wikt2aig (k) + w2lk+2a)g (k) 
Wi " k=0,1,...,p1 

Fig. 6.26 Flow graph of the basic computation for factors of 3 

of 3, in Fig. 6.26, the comparable manipulation of the flow graph yields Fig. 6.27. 
Since N = 3g, the basic complex multiplier W§ is 

wh — e—i(2m/3) 

Therefore, Wi and all powers thereof are complex coefficients that require 
multiplications. Thus Fig. 6.27 is no more efficient than Fig. 6.26. 

In contrast to factors of 3, it can be shown (see Problem 7 of this 

chapter) that the basic DFT computation for a factor of 4 (i.e., N = 4q,) 
is as shown in Fig. 6.28. In this case, the flow graph of Fig. 6.28 can be 
redrawn as in Fig. 6.29, with a concomitant saving of at least 9 complex 
multiplications out of the 12 shown in Fig. 6.28. Similar savings result 
for factors of 8, 16, etc. [11]. Thus, even if N = 2", it is sometimes 

advantageous to base the computation on factors of 4, using one stage based 
on a factor of2if»isodd. 

Our discussion in this section, although paralleling the earlier discussion, 
has been far from complete in the sense that we have only attempted to 
indicate some of the advantages and disadvantages of using values of N 
with factors other than 2. The basic advantages are increased flexibility and 
speed in some cases; the basic disadvantage is greatly increased complexity 
of the computational algorithm. Although we have only discussed decima-

tion-in-time, a similar discussion clearly holds for decimation-in-frequency 
as well. For a more detailed discussion of FFT algorithms for N a general 

composite number, see Gentleman and Sande [9] and Singleton [10]. 
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30 (k}o— 5a(k)+WEG(k)+WXGp(Kk) 

WH 
k

Gq (k)o—— % Gok)+WEWHGy(Kk)
2k 2

WE WRN Go 

2k 2q, °

WH wih 
Gp (k)o—— Db Gok)+WEWaT G4(k)

wag 
+ W2 whdtg, 

k=0,1..., D4 —1 

Fig. 6.27 Alternative arrangement of Fig. 6.26. 

6.5 General Computational Considerations in FFT Algorithms 

We have discussed the basic principles of efficient computation of discrete 
Fourier transforms. In this discussion we have favored the use of signal 
flow graph representations rather than explicitly writing out in detail the 
equations that such flow graphs represent. Of necessity we have shown 
flow graphs for specific values of N. The justification for this approach lies 
in the fact that flow graphs of even the simple case of N = 8 are easily 

generalized to larger values of N. That is, by considering a flow graph such 
as Fig. 6.10, it is possible to see how to structure a general computational 
algorithm that would apply to any N = 2°. 

[t is abundantly clear from a consideration of the flow graphs of previous 
sections that there are two major considerations in any FFT algorithm. 
The first is the accessing and storing of data in the intermediate arrays. The 
second is the actual implementation of the butterfly computation once the 
appropriate data have been obtained. Although it is true that the flow 
graphs of the previous section capture the essence of the FFT algorithms 
that they depict, there are a multitude of details related to these two basic 

concerns that must be considered in the implementation of a given algorithm. 
In this section we discuss some of the details that pertain to implementation 
of FFT algorithms. As before, our emphasis is on algorithms for N = 2°, 
although much of the discussion applies to the more general case as well. 
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ai 

? ay 

2awal r+q,) 

v 244 

—lll 

+ 20. 

3

W3(re2q,) 
{ 

N 2(r+30 

Al “ee +3q,, 

O&lt;r&lt;qy-

Fig. 6.28 Flow graph of the basic computation for factors of 4. 

6.5.1 Indexing 

Let us consider as an example the algorithm depicted by Fig. 6.10. In 
this case the input must be in bit-reversed order so that the computation can 
be performed in place. The result is then in normal order. Generally, 
sequences are not available in bit-reversed order so the first step in the imple-

mentation of Fig. 6.10 would be a process of permutation of the samples of 
the input sequence. This process is depicted in Fig. 6.30 for N = 8. 

From the figure it is clear that the permutation of x(n) into bit-reversed 
order can be done “in place.” This is conveniently done by using an index 
that “‘counts” in bit-reversed order. (A flow graph of such a bit-reversed 
counter is given by Gold and Rader [7].) Suppose that n is the normal index 
and / is the bit-reversed index. Then the initial array is 

Xo(l) = x(n) 

We observe from Fig. 6.30 that when n = I no exchange is necessary, but 
when n # [ we must exchange x(n) and x(/). However, we must ensure that 
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NY 

Wii 

wr 

WN
3 

O&lt;r_a.: 

Fig, 6.29 Alternative arrangement of Fig. 6.28 resulting in savings of 
multiplications 

the exchange is only done once. This can be assured by comparing n and / 
and only making the exchange when / &gt; n. Thus a simple algorithm for 
bit-reversed sorting is: Index through the sequence x(n), allowing n to go 
from 0 to N — 1 normal order, while / is going from 0 to N — 1 in bit-

reversed order. Whenever / &gt; rn, interchange x(n) and x(/). 
Once the input is in bit-reversed order, we can proceed with the first 

stage of computation. In this case the multipliers are all W3 = 1 and the 

Normal order J) x x(2) x(3) x(4) x(5) x(8) x17) 

} . | - - 1 ~ 1 

Bit - reversed order x (0) x(4) x(2) xB) x(1) x{(5) x(3) x(7) 

Fig. 6.30 Bit-reversed sorting for N = 8. 



      

            

             

             

              

             

              

              

          

             

               

            

            

               

          

           

         

             

         

            

       

         

           

          

          

          

             

             

           

          

          

   

           

              

         

            

           

           

           

          

          

       

          

     

       

             
              

              
               
             
               

               

           
              

                
             

             

                
           

            
          

              
          

            
        

          
            

           

           
           
              
              
           

           
           

    
            

               
         

             
           

            
            

          
           

        
           

      

318 Computation of the Discrete Fourier Transform 

inputs to the butterflies are adjacent elements of the array X,(:). In the 
second stage the multipliers are all either Wy or powers of W5/%, and the 
inputs to the butterflies are separated by 2. In the mth stage the multipliers 
are a power of W/*™) and the butterfly inputs are separated by 2-1. We note 
that the powers of Wy are required in normal order if computation of butter-

flies begins at the top of the flow graph of Fig. 6.10. The above statements 
define the manner in which data must be accessed in a given stage. This of 

course is dependent upon the flow graph being implemented. For example, 
in the mth stage of Fig. 6.12 the butterfly spacing is 2—™), the coefficients 
are again all powers of W5,''", and in this case the powers of Wy are required 
in bit-reversed order. The input is in normal order; however, the outputis in 
bit-reversed order, so it might be necessary to sort the output as discussed 

previously.
In general, if we consider all the flow graphs in Secs. 6.2 and 6.3, we see 

that each algorithm has its own characteristic indexing problems. The choice 
of a particular algorithm depends on a number of factors. The algorithms 
atilizing an in-place computation have the advantage of making efficient 
use of memory; on the other hand, the kind of memory required is random 
access rather than sequential memory. These algorithms have the additional 
disadvantage that either the input data or the output points are in bit-

reversed order. Furthermore, depending on whether a decimation-in-time 
or decimation-in-frequency algorithm is chosen and whether the inputs or 
the outputs are in bit-reversed order, the coefficients are required to be 
accessed in either normal order or in bit-reversed order. If random-access 

memory is not available but sequential memory is, we have demonstrated 
fast Fourier transform algorithms that utilize such memory, but again either 
the inputs or the outputs must be in bit-reversed order. While the flow graph 
for the algorithm can be arranged so that both the inputs, the outputs, and 
the coefficients are in normal order, the indexing structure required to imple-

ment these algorithms is complicated and twice as much random access 
memory is required. Consequently, the use of these algorithms does not 
appear to be advantageous. 

The most common FFT algorithms used are those of Figs. 6.10, 6.12, 
6.18, and 6.21, for which the computation is in place. If data are to be 
transformed only once, then clearly bit-reversed sorting must be imple-

mented either at the input or on the output. However, in some situations 
data are transformed, the result modified in some way, and then inverse-

transformed. For example, in implementing FIR digital filters by means of a 
computation of the discrete Fourier transform, a section of the input data 
is transformed, multiplied by the DFT of the filter unit-sample response,

and the result is inverse-transformed. As another example, in computing an 
autocorrelation function or cross-correlation function using the discrete 
Fourier transform, data will be transformed, the DFTs multiplied, and then 
the resulting product will be inverse-transformed. 
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When two transforms are cascaded in this way, it is possible by appro-

priate choice of the FFT algorithms to avoid the need for bit reversal. For 
example, in implementing an FIR digital filter using the DFT, we can choose 
an algorithm for the direct transform which utilizes the data in normal order 
and provides a DFT in bit-reversed order. Either the flow graph corre-

sponding to Fig. 6.12, based on decimation-in-time, or that of Fig. 6.18, 
based on decimation-in-frequency, could be used in this way. The difference 
between these two forms is that the decimation-in-time form requires the 
coefficients in bit-reversed order, whereas the decimation-in-frequency form 
requires the coefficients in normal order. 

In using either of these algorithms, the transform occurs in bit-reversed 
order and, consequently, we will have stored the DFT corresponding to the 
frequency response of the filter in bit-reversed order. For the inverse DFT 
we can then choose a form of the algorithm that has bit-reversed data at the 

input and provides normally ordered results. Here either the flow graph of 
Fig. 6.10, based on decimation-in-time, or that of Fig. 6.21, based on decima-

tion-in-frequency, can be used. Figure 6.10, however, utilizes coefficients in 
normal order, whereas Fig. 6.21 requires the coefficients in bit-reversed order. 
In order that the coefficients need only be made available either in normal 
order (which is preferable) or in bit-reversed order, if the decimation-in-time 
form of the algorithm is chosen for the direct transform, then the decimation-

in-frequency form of the algorithm should be chosen for the inverse trans-

form, requiring coefficients in bit-reversed order, or the decimation-in-

frequency algorithm for the direct transform should be paired with the 
decimation-in-time algorithm for the inverse transform, which would then 
utilize normally ordered coefficients. 

6.5.2 Coefficients 

We have observed that the coefficients Wy may be required in either bit-

reversed order or in normal order. In either case we must either store a 

table sufficient to look up all required values or we must compute the values 
as needed. The first alternative has the advantage of speed but of course 
requires extra storage. We observe from the flow graphs that we require Wy 
forr =0,1,..., N/2 — 1. Thus we require (N/2) complex storage registers 
for a complete table of values of Wy.t In the case of algorithms where the 
coefficients are required in bit-reversed order, it is necessary to store the 
table in bit-reversed order. 

The computation of the coefficients as they are needed saves storage 
but is less efficient. The greatest efficiency is obtained using a recursion 
formula. Note that, in general, at a given stage the required coefficients are 
all powers of some power of Wy ;i.e.. Wy, where g depends on the algorithm 

* This number can be reduced using symmetry at the cost of greater effort in looking up

desired values. 



      

             

   

            

           

            

         

           

           
          

  

    

        

   

    
    

 

              

           

           

          

    

 
       
  

      

 
          

             

             

   

             

         

   

        

         

             

              

       

              
    

    
             

            

             
          

            
           

           

     

         
 

   
         

  

               
           

            
           

     

 
          

       

 
           

              
              

    

      

         
    

         
          

             
               

320 Computation of the Discrete Fourier Transform 

and the stage. Thus, if the coefficients are required in normal order, we can 
use the recursion formula 

Wg = ws-wiv (6.34) 
to obtain the /th coefficient from the (/ — 1)st coefficient. Clearly, algorithms 
that require coefficients in bit-reversed order are not well suited to this 

approach. It should be noted that Eq. (6.34) is essentially the coupled form 
oscillator of Problem 8 of this chapter. When using finite-precision 
arithmetic, errors can build up in the iteration of this difference equation. 
Therefore, it is generally necessary to reset the value at prescribed points
(e.g., WN'* = —)) so that errors do not become unacceptable. 

6.5.3 Multidimensional Fast Fourier Transforms 

The two-dimensional discrete Fourier transform was defined in Chapter 
as 

M~-1 N-1 . : 
Xk, 1) = , WITWSG,

(k, 2 2Xm nWirWwy (6.35; 
k=0,1,... M—1,1=0,1,....N—1 

We observe that Eq. (6.35) is very similar to Eq. (6.26). In fact, a useful 
interpretation of an FFT algorithm can be phrased in terms of multi-

dimensional DFTs (see Gold and Rader [7]). If we are concerned with 
computation of Eq. (6.35), we can observe that the computation involves 
M DFTs of the form 

tt =0,1,...,M—1
Am, I) = x(m, yw, TT eee (6.36)

2 N lI=0.1,...,N—-1 

followed by N DFTs of the form 

Ha k=0,1,...,M—1
Xk, 1) = A(m, DWE, &gt; 6.372 Mu l1=01....,N—1 ( ) 

Clearly, we can evaluate Eqs. (6.36) and (6.37) by any one of the previously 
described algorithms. If M and N are powers of 2, the number of complex 
multiplications required will be 

M +7 log, N + N- Mog, M — 2% (log, N + M) 

in contrast to approximately N2- M2 complex multiplications for direct 
evaluation of Eq. (6.35). 

A fundamental difficulty in two-dimensional DFT computations is the 
large amount of storage required to implement an in-place computation. 
For complex data, 2(N - M) real storage registers are required to store either 
the input or the resulting transform. For example, if N = M = 256, then 
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131,072 registers are required. If the required amount of random-access 
memory is unavailable, then some form of sequential-access mass memory, 
such as disc or tape, can be used, with either rows or columns stored end to 

end. This increases the complexity of implementing either Eq. (6.36) or 
(6.37). For example, if the data are stored as rows, the row transforms 

[Eq. (6.36)] can be easily implemented, but if the results of the row trans-

formations are stored sequentially as rows, then it is difficult to access the 

data required for the column transforms. One way to deal with this difficulty 
is to perform several row transforms, save the results, and then store the 

resulting values of A(m, I) in transposed order. After the entire transposed 
array A(l, m) has been formed, the desired column transforms are computed 
by computing row transforms of the transposed array. The resulting two-

dimensional transform is stored in transposed order [12]. 

6.6 Chirp z-Transform Algorithm 

We have seen that it is possible to compute the DFT in a very efficient manner. 

Equivalently, this corresponds to efficient computation of samples of the z-

transform of a finite-length sequence taken at equally spaced points around 
the unit circle. In order to achieve this efficiency in evaluating the z-trans-

form, N is required to be a highly composite number. Also, we may be 
interested in sampling the z-transform on some other contour, or we may 

not require samples of the z-transform over the entire unit circle. Thus 
schemes for increasing the flexibility of DFT computations are of con-

siderable interest. 

Suppose that we are interested in obtaining samples of the z-transform 
of a finite-length sequence on a circle that is concentric with the unit circle, 

and the samples are to be equally spaced in angle around this circle. Then, 
with a minor modification, a fast Fourier transform algorithm can be used. 

Specifically, if we have a finite-duration sequence x(n) of length N, then the 
discrete Fourier transform of the sequence x(n)o~" will provide N samples 
equally spaced in angle around a circle of radius « in the z-plane. If we are 
interested in obtaining frequency samples equally spaced over a small portion 
of the unit circle, the most efficient approach may often be to use a fast 

Fourier transform algorithm to compute frequency samples with the desired 
spacing, but obtaining samples outside the frequency range of interest. For 
example, if we were considering a 128-point sequence and we were interested 

in obtaining 128 samples of the z-transform on the unit circle between 
w = —m[8 and w = +7/8, the most efficient procedure may be to compute a 

1024-point DFT by augmenting the original sequence with zeros and retain 
only the 128 spectral points desired. 

An alternative procedure, which in many situations is the most efficient, 
is the use of the chirp z-transform (CZT) algorithm [13]. This algorithm is 
directed toward computation of samples of the z-transform on a spiral contour 



      

           

          

            

 

  

 

          

          

       

            

             

              

            

              

           

               

             

            

    

           

        

 

      

       

            
           

            
 

  
 

   

  

           
           

 

 

        

             
              

               
             
               

            
                

              
             

 

       
 

            

        

       

322 Computation of the Discrete Fourier Transform 

equally spaced in angle over some portion of the spiral. Specifically, let 
x(n) designate an N-point sequence and X(z) designate its z-transform. Using 
the chirp z-transform algorithm, X(z) can be computed at the points z, given

by 
=AW&gt;*, k=0,1,...,M—1 

where 
W = Wyei% 

A= Ae’ 

with W, and A, positive real numbers. Consequently, the contour along 
which the samples are obtained is that indicated in Fig. 6.31. 

Jne 

M=-1aq
D9 

Fig. 6.31 z-plane contour for the chirp z-transform. 

This contour is a spiral in the z-plane. The parameter W, controls the 
rate at which the contour spirals; if W, is greater than unity, the contour 
spirals toward the origin as k increases, and if Wj is less than unity, the 
contour spirals outward as k increases. The parameters 4, and 6, are the 
location in radius and angle, respectively, of the first sample, i.e., for k = 0. 
The remaining samples are located along the spiral contour with an angular 
spacing of ¢,. Consequently, if W, = 1, the spiral is, in fact, a circular arc, 
and if 4, = 1, this circular arc is part of the unit circle. 

With the values of z, given by Eq. (6.38) we wish to compute 

N-1 

X(z) = &gt; x(n)A~"W™, k=01....M—1 (6 9" 
n=0 

where N is the length of the sequence x(n). Using the identity? 

nk = 3[n? + k? — (k — n)?] (6.40) 

This trick was originated by Bluestein [14]. 



    

     

       

      

 
   

          

            

           

             

  

 

 

           

               

        

           

            

            

              

          

 
            

          

           

             

              

            

             

               

              

     

      

 

     
 

     
 

 
  

    

            

             
            

              

   

  
  

 
 

  

            

                
         

            
             

             
               
           

 
             

           
           

              

               
             

              

                
               

6.6 Chirp z-Transform Algorithm 323 

Eq. (6.39) can be written as 

N-1 

X(z,) — &gt; x(n)AWRE2p =n)? 
n=0 

X(z,) = WES x(n)AW2p —e=n)?/2 
n=~0 

[etiing 
p(n) = x(n)A—"W»*/2 

we can then write 

K(z) = WES g(m)W2) Ww zy g(n) —(k—n)?/2 LM—1 (641)2 , k=0,1,...,.M 

With X(z,) expressed in the form of Eq. (6.41), we recognize the summation 
as corresponding to the convolution of the sequence g(n) with the sequence 
W~-"*/2, Thus the computation of Eq. (6.41) is as depicted in Fig. (6.32), where 

h(n) = W-n2 

&gt; 

x(n) g(n) 
h(n) 

Lo 
X(z,) 

A "hi(n) 

Fig. 6.32 Interpretation of Eq. (6.41) in terms of a linear system 

When 4 and W, are unity, the sequence /(n) can be thought of as a complex 
exponential sequence with linearly increasing frequency. In radar systems 
such signals are called chirp signals; hence the name chirp z-transform. A 
system similar to Fig. 6.32 is commonly used for spectrum analysis in radar 
problems.

Since the sequence g(n) is of finite duration, we recall from the discussion 
in Chapter 3 that the convolution in Eq. (6.41) can be carried out by means 
of the discrete Fourier transform, computed. of course. using a fast Fourier 

transform algorithm.
Whereas the sequence g(n) is of finite duration, the sequence W—""/2 is of 

infinite duration; consequently, if the convolution is to be implemented using 
the discrete Fourier transform, then it is necessary to section the sequence

W-"*2, We note also that, while the result of the convolution is of indefinite 

length, we are only interested in the result of the convolution for k = 0, 
l,..., M — 1. Consequently, in sectioning the sequence W~""/2, it would be 
advantageous to choose the sections in such a way that the result of the 

tT Bluestein [14] showed that a recursive realization of Fig. 6.32 can be obtained for the 
case z; = ¢*7/M)k and N a perfect square (see Problem 16 of this chapter). 
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¢ 

1.1
&gt; 

X 

fi 

3 

peat Me,
T(n)t])/2 

O 
» 

yp]
2

(NOW [angle 

| Jegleler 
Fig. 6.33 Sequences involved in the CZT algorithm (L=N + M — 1). 

computation of one section results in the M desired output points. Figure 
6.33 depicts the sequences involved in this process for the case N = 10 and 
M = 6. The sequences g(n) and W~""/2 are depicted in Fig. 6.33(a) and (b). 

respectively.
In implementing the convolution of g(r) with W~"/2, the only part of 

W—*2 that is required to compute the result of the convolution in the interval 
0 to M — 1 is that part from —N + 1 to M — 1, including both of these 
endpoints. That part of the sequence W~""/2 is between the dashed lines 
labeled 4 and B in Fig. 6.33(b). Consequently, the convolution can be 
implemented by computing the (M + N — 1)-point DFT ofg(n) (augmented 
of course with M — 1 zeros) and the (M + N — 1)-point DFT of the part of 



    

              

           

            

         

           

             

                

               

   
 

            

           

            

              

 
               

           

             

              

           

        

 

           

              

              

           

               

              

 

          

          

               

             

             

           

           

      

            

         

           

     

               
            

             
         
           

              
                 
                

  
  

             
            

             

               
  

                
            

             
               

            
         

  
            
              

               
            

                
               

  

           
           

                

              
              

            
            

       

             
          

            

6.6 Chirp z-Transform Algorithm 325 

the sequence W—""/2 in the region from A to B in Fig. 6.33(b). The inverse 
transform of the product of these two discrete Fourier transforms will be 
the circular convolution of the sequence g(r) with the section of W~=""/2, As 
discussed in considering the overlap-save method of implementing a con-

volution, part of the circular convolution will correspond to a linear con-

volution and part will not. We can arrange for the “good” or desired points 
to occur in the region 0 &lt;n &lt; M — 1, by interpreting the index » modulo 
(N + M — 1). This means that we would compute the DFT of the sequence 

h(n) —( 0&lt;n&lt;M-—1
W—N+M-1-n)%/2 M&lt;n&lt;N-+M-=—2 

as depicted in Fig. 6.33(c). If we multiply the discrete Fourier transforms of 
g(n) and h(n), the first M values of the corresponding inverse transform 
are the desired values of the convolution of g(r) with W-"*2_ To obtain 

the desired M values of X(k) as in Eq. (6.41), we must multiply these values 
by Wz, 

In the above discussion the size of the DFTs computed was (M + N — 1). 
[f we wish to compute the discrete Fourier transform using a power-of-2 
algorithm, this can easily be accomplished by augmenting the (M + N — 1)-

point sequences with a sufficient number of zeros so that their total length is a 

power of 2. Since the number of complex multiplications required for the 
computation of each DFT is on the order of 

(N+ M—1)-log,(N+M—1) 
it is clear that the total computation required to implement the evaluation 
of Eq. (6.39) using the CZT algorithm is proportional to (N + M — 1)-

log, (N + M — 1). In contrast, the direct evaluation of Eq. (6.39) requires 
computation proportional to N+ M. Clearly, the direct method will be most 
efficient for small enough values of N or M; however, it is also true that for 
sufficiently large M and N (on the order of 50), the CZT algorithm will be 
most efficient. 

In addition to increased efficiency, the CZT also offers added flexibility 
in computation of samples of the z-transform of a finite-length sequence. 
We do not require N = M as in the FFT algorithms that we discussed, and 

neither N or M need be highly composite numbers; in fact, they may be 
primes, if desired. The parameter ¢, is required to be 27/N in an FFT 
algorithm, whereas ¢, is arbitrary in the CZT. Furthermore, the samples of 
the z-transform are taken on a slightly more general contour that includes 

the unit circle as a special case. 

Fhe CZT algorithm is an example of the way that Fourier analysis can 
pe performed using linear filtering. (The Goertzel algorithm is another.) 

+ The zeros must be added at point C in Fig. 6.33(¢c). 



      

             

       

           

             

            

           
            

           
               

 
           

              

            

            

            

             

              

    

           

           

           

    

          

           

    

          

         

          

     

          

            

              

            

          

            

          

             

           

           

          

           

          

           

       

              
        

            
              

            
           

             
            

                
 

           
               

             
             

             
              

               
     

 

           
            

            
     

           
            

     
           

         
           

      
           

             
               

             
           
             

           
              

            
           

           
            

           
            

326 Computation of the Discrete Fourier Transform 

Rader [15] has shown that a similar procedure can be used to evaluate the 
discrete Fourier transform when N is a prime. 

EXAMPLE. An example of the use of the CZT algorithm to sharpen 
resonances by evaluating the z-transform off the unit circle is shown in Fig. 6.34. 
The signal to be analysed corresponds to a finite-length segment of a synthetic

speech signal. The speech signal was generated by exciting a five-pole system
with a periodic impulse train. The system was simulated to correspond to a 
10 kHz sampling frequency. The poles were located at center frequencies of 
270, 2290, 3010, 3500 and 4500 Hz with bandwidths of 30, 50, 60, 87, and 140 
Hz respectively.

Figure 6.34(a) depicts the z-plane plot indicating the location of the poles
used to generate the signal. The CZT algorithm was applied to one period of the 
steady-state data for five different choices of || with the results shown in 
Fig. 6.34(b). The first two spectra correspond to spiral contours outside the unit 
circle with a resulting broadening of the resonance peaks. || = 1 corresponds 
to evaluating the z-transform on the unit circle. As |W] increases past unity the 
contour spirals inside the unit circle and closer to the pole locations resulting in a 
sharpening of the resonance peaks. 

Summary 

[n this chapter we have considered techniques for computation of the dis-

crete Fourier transform. Our objective has been to show how the periodicity 
and symmetry of the complex factor ¢~*"M*" can be exploited to increase 
the efficiency of DFT computations. 

We considered the Goertzel algorithm and the direct evaluation of the 
DFT expression because of the importance of these techniques when not all 
N DFT values are required. 

Our major concern was with the fast Fourier transform (FFT) algorithms. 
We described two classes of FFT algorithms. decimation-in-time and deci-

mation-in-frequency, in some detail. Signal flow graphs were used to depict 
the organization of an FFT algorithm. 

Most of the detailed discussion concerned algorithms that require that N 
be a power of 2; however, some discussion was devoted to applications of 
the basic decimation principles to cases where N was a product of two or more 

factors. As a final example of a fast algorithm with wider applicability, the 
chirp z-transform was discussed. We showed how an available FFT algorithm 
could be used to evaluate the transform of a finite-length sequence at an 

arbitrary number of points on a spiral contour in the z-plane. 
In all the discussion, the aim was to present the basic principles of efficient 

computation of the DFT. Our approach was to illustrate the basic principles 
with examples of actual FFT algorithms, and therefore much of the dis-

cussion bears directly on the details of actually implementing FFT algorithms. 
With the material presented in this chapter, there should be little difficulty 
in programming a power-of-2 FFT algorithm. In fact, two simple programs 
(with errors) are given in Problems 4 and 5 of this chapter. 
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Fig. 6.34 Use of the CZT algorithm. (a)z-plane pole locations for synthetic
speech signal. (b) Evaluation of z-transform for several spiral
contours. (After Rabiner, Schafer, and Rader [13].) 
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PROBLEMS 

I. In Sec. 6.1 we used the fact that Wy" = 1 to derive a recurrence algorithm 

for computing the DFT value X(k) for a finite-length sequence x(n). 
(a) Using the fact that WN = WX™ = 1, show that X(N — k) can be ob-

tained as the output after N iterations of the difference equation depicted 
in Fig. P6.1-1. That is, show that 

X(N — kb) = y.(N) 

(b) Show that X(N — k) is also equal to the output after N iterations of the 
difference equation depicted in Fig. P6.1-2. It should be noted that the 
above system has the same poles as Fig. 6.2, but the coefficient required to 
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or) y {) 

Wy 

Fig. P6.1-1 

SD 
x(r) 

mend 

y,(r) 

| 2cos (27%) | ~Wir 

Fig. P6.1 «2 

implement the zero is the complex conjugate of that in Fig. 6.2. That 
is, Wg = (Wk)*. 

2. When implementing a decimation-in-time FFT algorithm, the basic butterfly

computation is as shown in the flow graph of Fig. P6.2. 

Kmi1(p) = Xm(p) + W5Xn(9) 

Ami1(q) = Xm(p) — WEXn(g) 

[n using fixed-point arithmetic in implementing the computations it is commonly
assumed that all numbers are scaled to be less than unity. Thus we must be 
concerned with overflow in the butterfly computations. 
(a) Show that if we require 

Xn &lt;4 and |X, &lt;3} 

then overflow cannot occur in the butterfly computation; i.e., 

‘Re [Xpna(P] &lt;1, [Im[X, (PI &lt;1, [Re [Xnu(@] &lt;1, 

Im (X,,. 1()] &lt;] 

(Dp) wu 2) Xa ap) 

Wi 
X_(q) o— 0X,4+1(q) 

Cio. P42 



      

         

     

     

           

    
            

         

          

              
              

          

           

              
            

          

            

           

             

               
   

       

            

         

            

           

           

   
            

   
            

            

    
     

             

          
          

             

          

       
           

  

             

         

            

        
 

      

       

           

      

      

            

     
             

         
           

               
               

           
            
               

             
          

             
            

              
                

    

        
             

          
             

            
           
    

             
    

             
             

 
        

              
           

           
              

          
       

            
  

              
          

             
         

  
 

       

330 Computation of the Discrete Fourier Transform 

(b) In practice, it is easier and more convenient to require 

Re [XI &lt;3}, [Im [X,(P] &lt;3 

Re [XD] &lt;3, Im [XP] &lt;3 

Are these conditions sufficient to ensure that overflow cannot occur in the 

butterfly computation? Justify your answer. 
3. In implementing the FFT algorithm, it is sometimes useful to generate the 

powers of Wj recursively, using either a canonic-form or coupled-form

oscillator. In the following discussion we shall consider the FFT algorithm 
for N a power of 2, implemented in the form characterized by Fig. 6.10. We 
are assuming that N is an arbitrary power of 2, not that N = 8. 

To generate the coefficients efficiently, the frequency of the oscillator would 
change as the array being considered changed. The arrays are numbered 0 
through log, N, so that, for example, the array holding the initial data is the 
zeroth array, the next the first array, etc. In computing butterflies within an 
array, all butterflies requiring the same coefficients are evaluated before ob-

taining new coefficients. In indexing through the data in an array, we shall 
assume that points in an array are stored in consecutive complex (double) 
registers numbered 0 through N — 1. All the following questions relate to the 
computation of the mth array, where 1 &lt; m &lt; log, N. The answer should be 
in terms of m. 

(a) How many butterflies are to be computed? 
(b) What is the frequency of the oscillator used to generate the coefficients; 

i.e., how many times can it be iterated before repeating? 
(c) Assuming that a coupled-form oscillator is used to generate the powers of 

Wx, what are the coefficients in the difference equation for the oscillator? 
What is the difference between the addresses of the two complex input

points to a butterfly? 
What is the difference between the addresses of the first points of butterflies 
utilizing the same coefficients? 

4. The FORTRAN program shown in Fig.. P6.4 implements one of the FFT 
algorithms discussed in the text. The program is designed to compute the DFT, 

N-1 
X(k) - —j(2x /N)kn —

2,x(ne 7 . k=0,1,..., N—1 

[n the subroutine FFT(X, M), X is a complex array of dimension N that 
contains initially the input sequence x(n) and finally contains the transform 
X(k). The quantity M is an integer, M = log, N. 
(a) From a cursory inspection of the program indicate which lines of code are 

concerned with (1) bit reversal, (2) recursive computation of the complex

exponential multipliers, and (3) the basic butterfly computation.
Determine which one of the flow diagrams in the chapter this program 
is based upon.

Three errors have been inserted into the program as it is given here. Find 
these errors and make appropriate corrections to the FORTRAN code. 

5. The FORTRAN program shown in Fig. P6.5 is an implementation of the 
decimation-in-frequency algorithm depicted in Fig. 6.18. The program evaluates 
the DFT: 

N-1 

X(k) = x(n)e iGr/Nin fp =0,1,...,N —. 
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SUBROUTINE FFT(X,M) 0001 
COMPLEX X (1024) ,U,W,T 0002 
N=2%%M 0003 
NV2=N/2 0004 
NM1=N-1 0005 
J=1 0006 
DO 7 I=1,NM1 0007 
T=X (J) 0008 
X (J)=X(I) 0009 
X (I)=T 0010 
K=NV2 0011 
IF (K.GE.J) GO TO 7 0012 
J=J-K 0013 
K=K/2 0014 
GO TO 6 0015 
J=J+K 0016 
PI=3.14159265358979 0017 
DO 20 L=1,M 0018 
LE=2%%L 0019 
LE1=LE/2 0020 
U=(1.0,0.0) 0021 

W=CMPLX (COS (P1/FLOAT (LE1)) ,SIN(PI/FLOAT(LE1))) 0022 
DO 20 J=1,LE1 0023 
po 10 I=J,N,LE 0024 
[P=I+LE 0025 
T=X (IP) *U 0026 
X (IP)=X(I)-T 0027 

10 X(I)=X(I)+T 0028 
)0 U=U*W 0029 

RETURN 0030 
END 0031 

Fig. P6.4 

[n the subroutine FFT(X, M), X is a complex array of dimension N that con-

tains initially the input sequence x(n) and finally contains the transform X(k).
The quantity M is an integer, M = log, N. 

This program is a straightforward implementation of the flow graph of 
Fig. 6.18. The program is very elegant but not as efficient as it could be. 
Greater efficiency can be obtained at the cost of a more complex program. 

A significant increase in efficiency is suggested by noting that in the last 
stage of the flow graph in Fig. 6.18, the complex multipliers are all unity.
Thus if the last stage is implemented separately, we can eliminate N/2 complex

multiplications.
(a) What is the percentage reduction in multiplications that results? 
(b) Modify the program to implement this saving in multiplications.
(c) Many small computers have FORTRAN compilers without the capa-

bility of complex arithmetic. Modify the given program so that only real 
operations are involved. That is. using the present subroutine as a guide,
write a subroutine 

FFT(XR, XI, M) 

where XR and XI are real arrays of dimension N which initially contain 
the real part and the imaginary part of the input and finally the real and 
imaginary parts of the transform. 

6. Draw the flow diagram for a nine-point (i.e., 3 x 3) decimation in time FFT 
algorithm. 



      

  
   

  

  

    
  

  

 
       

 

  

   

 

 
  

    

  

 

           

             

              

            

        
                

          
          

            

             

   
          

   

            

 
     

     

              

         

           
             

       

   
     

  
  

    
    

  
  

      
    
    

  
  

         
   
   

  
  

  
    

     
   

  
   

   
       

  
  
   

   
  

  

  

            
              

              
            

         
                 
           

           
            

            
   

           

 

    
 

             

 
          

               
          

           
            

332 Computation of the Discrete Fourier Transform 

SUBROUTINE FFT(X,M) 0001 
COMPLEX X (1024) ,U,W,T 0002 
N=2%xM 0003 
PI=3.14159265358979 0004 
DO 20 L=1,M 0005 
LE=2%% (M+ 1-1) 0006 
LE1=LE/2 2007 
J=(1.0,0.0) 0008 
N=CMPLX (COS (PI/FLOAT (LE1)) ,~SIN(PI/FLOAT(LE1))) 0009 
DO 20 J=1,LE1 0010 
DO 10 I=J,N,LE 0011 
[P=I+LE1 0012 
T=X (I)+X(IP) 0013 
X (IP) = (X (I) =X (IP)) *U 0014 

10 X(I)=T 0015 
20 J=U*W 0016 

NV2=N/2 0017 
NM1=N-1 0018 
I=1 0019 
20 30 I=1,NM1 0020 
[F(I.GE.J) GO TO 25 0021 
T=X (J) 0022 
X (J)=X(I) 0023 
X(I) =T 0024 

25 X=NV2 0025 
D6 IF (K.GE.J) GO TO 30 0026 

J=J-K 0027 
K=K/2 0028 
30 TO 26 0029 

inl J=J+K 2030 
RETURN 0031 
END 0032 

Fig. P6.5 

7. Suppose that N has a factor of 4; ie., N =4 -¢;. 
(a) Express the DFT X(k) as a combination of four g;-point DFTs (label these 

q,-point transforms G,(k), [ = 0, 1, 2, 3) as in Eqs. (6.26) and (6.27).

(b) Show that the basic computation required to compute X(k) from the ¢,-

point transforms G;(k) is as depicted in Fig. 6.28. 
(c) Show that the flow graph of Fig. 6.28 can be simplified to that of Fig. 6.29. 
{d) Compare the number of complex multiplications required to implement a 

16-point FFT computation assuming (1) N is decomposed as N = 
2-2-2-2, and (2) N is decomposed as N = 4-4. (Assume that coeffi-

cients which are integer powers of Wj; = j do not require any multiplica-

tions in either computation.)
8. Suppose that a program is available for evaluating a DFT, 

N-1 

Xtky = x(n)e=i@n/Nkn k=01....N 
n=~&gt;0 

Show how this same program can be used to compute the inverse DFT, 

IS (27/N)
= J(@2m/N)kn = ‘es —1

x(n) No X(k)e , n=0,1, N 

9. In this problem we shall consider a procedure for computing the DFT of four 
real symmetric or antisymmetric N-point sequences from one N-point DFT 
computation. Let x;(n), x,(n), x3(n), and x(n) denote the four real sequences
of length N and X;(k), X,(k),X5(k), and X,(k) denote their DFTs. We shall 



 

             

 
      

     

     

     

              

         

               

          

    

           

             

   
              

         

            

     

            

           

    

             

              

            

  

  

    

    

    

         

          

          
             

        

               

         

  
               

             

      

             

           

  

             
  

     

      

      

      

              
          

                
           

     

            
             

   
               

          
             

      

             
            

     

              
               

             
  

   
    

 
     

     
 

          

           

          
              

         
                

          
  

                
              

       
             

            

Problems 333 

first assume that x;(n) and x,(n) are symmetric and x3(n) and x(n) are anti-

symmetric; i.e., 
x1(n) = x1(N — n))y Ky) 

xo(n) = xo((N — nm) Ronn) 

x3(n) = —x3((N — n))y Ryn) 

x,(n) = —x,((N — n))y Rpn(n) 

(a) Define y,(n) = x,(n) + x3(n) and let Y;(k) denote the DFT of y,(n).

Determine how X;(k) and X3(k) can be recovered from Y;(k). 
(b) y(n) as defined in part (a) is real. Similarly, we can define a real sequence 

yan) = xy(n) + x4(n). Let y3(n) denote the complex sequence 

ys(n) = y(n) + jya(n) 

First determine how Y;(k) and Y,(k) can be determined from Y,(k) and 
then, using the results of part (a), show how to obtain X,(k), X,(k), X;(k),

and X,(k) from Y,(k).
The result of part (b) shows that we can compute the DFT of four real 

sequences simultaneously if two are symmetric and two are antisymmetric. 
Now let us consider the case in which all four are symmetric; i.e., 

x;(n) = x((N —n)y Ryn), i=1,2,34 

(c) Consider a real symmetric sequence x(n). Show that the sequence uz(n) = 
x3((n + 1))y — x3((n — 1)), is an antisymmetric sequence; i.e., 

ug(n) = —uz((N — n))y 

(d) Let U(k) denote the DFT of ug(n). Determine Ug(k) in terms of Xj(k). 
(e) By using the procedure of part (c), we are able to represent the symmetric 

sequence xz(n) = x(n) + wuz(n). Determine how X;(k) and Xj(k) can be 
recovered from Y;(k).

(f) Now let 
ys(n) = y1(n) + jya(n)

where 
y(n) = x4(n) + us(n) 

Vo(n) = xo(n) + uy(n) 
51"1 

ug(n) = [x3((n + 1) — x3((n — DYN] Rn) 

uy(n) = [x(n + 1) — x4((n — 1) 1 Rpy(n) 

Determine how to obtain X;(k), Xy(k), X3(k), and X,(k) from Y,(k).
[Note that X3(k) and X,(k) cannot be obtained for k = 0, and X;(N/2) 
and X,(N/2) cannot be determined if N is even.] 
X3(k) and X,(k) cannot be determined for k = 0 or k = N/2 using the 
preceding method. Show that these points can be evaluated without 
performing any multiplications.

[0. In computing the DFT of real sequences, it is possible to reduce the amount of 
computation by utilizing the fact that the sequence is real. In this problem we 
shall discuss several ways of doing this. 
(a) Let x(n) be a real-valued sequence with N points and let X(k) represent

its DFT, with real and imaginary parts denoted by X,(k) and X;(k). 



      

  

     

               

              

          

          

              

            

               

             

   
             

             

        

            

         

           

        

             

            

     

     

       

              

               

        

       

   

           

              

             

   
 

          

     

           

      

  

   

          

             

           

       

   

      

                
              

           
           

              
             

                
           

   
              

              
         

             
          

            
         

              
             

 

     

      

        
               

                
         

       

    

            

               
              

 

   
  

           

      

            
       

   
    

            
              

            

354 Computation of the Discrete Fourier Transform 

respectively, so that 

X(k) = Xgk) + jX (Kk) 

Show that if x(x) is real, then Xx(k) is even and that X(k) is odd, i.e., 
that Xp(k) = Xp((N — k))y Ry(k) and Xk) = —X(N — k))y Rn(k). 

Consider two real-valued sequences x;(n) and x,(n) with DFTs X,(k) and 
X,(k), respectively. Let g(n) be a sequence with complex values, defined 
as g(n) = x,(n) + jx,(n), and let G(k) be its DFT. Let Gyr(k), Gggr(k),

Gor(k), and Gg(k) denote, respectively, the odd part of the real part, the 
even part of the real part, the odd part of the imaginary part, and the even 
part of the imaginary part. Determine X,(k) and X,(k) in terms of G(k),

Grr), Gork), and Gg(k).
The result derived in part (b) can be utilized in several ways: if there 

are two real sequences for which we want the DFT, we can compute their 
iransforms simultaneously and then separate the transforms using the 
result in part (b). Another possibility which we will now consider is to 
initially break a real sequence into two smaller sequences, simultaneously 
compute the DFT of each of these sequences, and then combine these 
results to obtain the DFT of the total sequence. 
Assume that x(n) is a real-valued sequence with N points and that N is 
divisible by 2. Let x,(n) and x(n) be the two N/2-point sequences defined 
as 

x,(n) = x(2n), n=0,1,2,...,N2 —1 

x(n) = x(2n + 1. n=0,1,2,...,N2—1 

Determine X'(k) in terms of X;(k) and X,(k). 
11. Consider a finite-length sequence x(n) such that x(n) = 0 for n &lt;n, and 

n &gt; N — 1 + n,. Suppose that we wish to compute samplesof the z-transform 
of x(n) at the following points in the z-plane: 

7, = pei0+@e/AN08 FF =0.1..... M —1 

where M &lt; N. 

Describe in detail an efficient procedure for computing X(z) at the desired 
points.

i2. Consider a finite-duration sequence x(n) of length M such that x(n) = 0 for 
n &lt; 0and n = M. We want to compute samples of the z-transform 

M—-1 

f(z) = &gt; x(mz™"
71 —10 

at nn equally spaced points around the unit circle, i.e., at 

7 — pi@a/N)E Lk =0.1..... 0M 

Determine and justify procedures for computing the N samples of X(z) using 
only one N-point DFT for the cases 
(a) N &lt;M. 
(b) N &gt; M. 

13. X(ei®) denotes the Fourier transform of a finite-duration sequence x(n) of 
length 10. We wish to compute: 10 samples of X(e’“) at frequencies w; = 
27k2[100), k = 0, 1,....9, without computing more samples of X(e/“) than 



 

           
    

      
     
    

              

             

              

           
             

            

               

              

        

            

 

    
 

            
      
              

 
           

            

           

     

   
     
              

     

            

  

        

   

   
  

        

      

 

     

             

             

                
               

  

            
     

      
     
    

               
              

               
            

              
             
                

               
         
            
  

    
  

            
      
               

  
            

             
            
      
    
     
               

      
             

 
 

  
 

         
    

    
  

         

 

      
 

  

      

              
             

 
                

                

Problems 335 

required and then discarding some. Discuss the possibility of doing this with 
each of the following methods: 
(a) Directly, using a 10-point FFT algorithm.
(b) Using the Chirp z-transform algorithm.
(c) Using the Goertzel algorithm.

14. One application of the CZT algorithm is to the sharpening of resonance peaks in 
the spectrum. In general, if we compute the transform of a sequence on a 
contour in the z-plane near a pole, we expect to observe a resonance. In applying 
the CZT algorithm, or in computing the DFT, the sequence being analyzed 
must be of finite-duration. If it is not, the sequence must first be truncated. 
Whereas the transform of the original sequence had poles, the transform of the 
truncated sequence can only have zeros (except at z = 0 or z = ©). The 

purpose of this problem is to show that a resonant type of response will still 
be observed in the transform of the finite-duration sequence. 
(a) Let x(n) = u(n). Sketch the pole-zero pattern of its z-transform X(z).

(b) Let 

tn) ={1 0&lt;n&lt;N -— 
0, otherwise 

i.e., X(n) is equal to x(n) truncated after N points. Sketch the pole-zero
pattern of X(z), the z-transform of £(n).
Sketch | X(e’?)| as a function of w. Indicate on your sketch the effect of 

increasing N. 
1S. Choose the correct ending to the following sentence. The Chirp z-transform 

can be used to calculate the z-transform H(z) of a finite-duration sequence h(n) 
at points {z,} on the real z-axis of the z-plane such that 
@) zy =dk=0,1,...,N —1forareal,a # +1. 
(b) zx, =ak,k =0,1,...,N—1forareal,a#0. 
{c) Both parts (a) and (b).
{d) Neither part (a) nor part (b) i.e., the CZT cannot be used to calculate 

samples of H(z) for real z. 
16. Bluestein [14] has proposed a recursive scheme for evaluating all the DFT 

values 
N—1 

Xk) = x(n)ein/Nenfp=0.1,...,.V--
n=0 

for N a perfect square; i.e., N = M2. 
(a) Using the substitution 

k —n? n&gt; Kk? 
wh 2 22 

show that X(k) can be expressed as the convolution 

N-1 

X(k) = h*(k) 3 (x(mh*(m)h(k — n)
n=0 

‘YR TLAES 

h(n) = ei{m/Nn? —0 &lt;n &lt; 

(b) Show that the desired values of X(k) (i.e., fork =0,1,...,N — 1) can 
also be obtained by evaluating the convolution of part (a) for k = N,

N+1,...,2N—1. 
(¢c) Use the result of part (b) to show that X(k) is also equal to the output

of the system shown in Fig. P6.16 for k = N,N + 1,...,2N — 1. where 



      

 

 

 

    

        

              

     

 
    

  

   
   

       

          

           

             

           

          

       

 

  
  

 

  

     
         

              
      

 
    

  

   
    

       
          

           
 

             
            

           

336 Computation of the Discrete Fourier Transform 

A 

h (k) 
x(k) y (k)-h*(k) 

Fig. P6.16 

h(k) is the finite-duration sequence 
hk) = e¥@/NE: 0 &lt; f &lt;2N — 1 

(d) Using the fact that N = M2, show that the system function corresponding 
to the impulse response #(k) is 

2N—-1 2/
H(z) — eI (Tk2/N) ,—&amp;&gt;

M—1 _ ,—2M3

&gt; 7Tei(nr?/N) 1=z 
“3 1 + ef@7/M)T=M 

(Hint: Express k as k =r + IM.)

The above expression for H(z) suggests a recursive realization of the finite-

duration impulse response system. Draw a flow graph of such an imple-
mentation. 
Use the result of part (e) to determine the total number of complex multi-

plications and additions required to compute all the desired N values of 
X(k). Compare with the number required for direct evaluation of X(k). 
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Discrete Hilbert Transforms 

71.0 Introduction 

[n almost every field where Fourier techniques are used to represent and 
analyze physical processes, one finds that there are situations where 
there exist relationships between the real and imaginary parts or the mag-

nitude and phase of the Fourier transform. These relationships are known 
by different names, depending upon the field of interest, but often they are 
called Hilbert transform relations. In this respect the field of digital signal 
processing is no exception. 

We shall see, for example, that if a sequence is causal, then the real and 
.maginary parts of its Fourier transform are related by a Hilbert transform 
integral. In this chapter we shall derive a number of such relationships that 
are important in both the theory and application of digital signal processing. 
We shall see in Chapter 10, for example, that a thorough understanding of 
many of the topics of this chapter is essential for gaining insight into 
hAomomorphic deconvolution. 

The complex functions that arise in the mathematical representation of 
discrete-time signals and systems are generally very well behaved functions. 
With few exceptions, the z-transforms that have concerned us have had 
well-defined regions in which the power series was absolutely convergent. 
Since a power series represents an analytic function within its region of con-

vergence [1,2], it follows that z-transforms are analytic functions inside 
their regions of convergence. By the definition of an analytic function. this 

INT 



   

            

        

           

         

           

            

         

           

           

             

            

          

            

         

            

            

           

  
          

            

          

            

              

            

             

           

             

           

                

            

   

           

           

          

           

             

             

             

                

           

         

            

            

    

             
        

            

 
         

            

            
          

            
            

              
             

          
             

          
            

             
            

  
           
             
           

             
               

             
              

            
              

            
                 

             
    

           
            

           
            

              
              

              
                 

           
          

             
             

338 Discrete Hilbert Transforms 

means that the z-transform has a unique derivative at every point inside the 
region of convergence. Furthermore, analyticity implies that the z-trans-

form and all its derivatives are continuous functions within the region of 

convergence. 
These properties of analytic functions imply some rather powerful con-

straints on the behavior of the z-transform within its region of convergence. 

One such constraint is that the real and imaginary parts satisfy the Cauchy-

Riemann conditions. These conditions relate the partial derivatives of the 
real and imaginary parts of an analytic function. Another is the Cauchy 
integral theorem, through which the value of a complex function is specified 
everywhere inside a region of analyticity in terms of the values of the function 
on the boundary of the region. Based on these relations for analytic functions, 
it is possible, under certain conditions, to derive explicit integral relation-

ships between the real and imaginary parts of a z-transform on a closed 
contour within the region of convergence. In the mathematics literature 
these relations are often referred to as Poisson’sformulas [2,3]. In the context 

of system theory, they are known as the Hilbert transform relations and they 
have traditionally played an important role in the theory and practice of 
signal processing [4,5].

While the Hilbert transform relations can be developed formally from the 
properties of analytic functions (see Problems 2 and 4 of this chapter), a 
somewhat more intuitive approach will be taken in this chapter. Specifically, 
the Hilbert transform relations will be developed from the point of view that 
the real and imaginary parts (on the unit circle) of the z-transform of a causal 
sequence are the transforms of the even and odd components of the sequence. 
As we will show, a causal sequence has the property that it is completely 
specified by its even part, implying that the z-transform of the original 
sequence is completely specified by its real part on the unit circle. In addition 
to applying this argument to specifying the z-transform of a causal sequence 
in terms of its real part on the unit circle, it can also be applied, under certain 
conditions, to specify the z-transform of a sequence in terms of its magnitude 
on the unit circle. 

The notion of an analytic signal is an important concept in continuous-

time signal processing [6]. An analytic signal is a complex time function 
(which is analytic) having a Fourier transform that vanishes for negative 
frequencies. A complex sequence cannot be considered in a formal sense to 
be analytic since it is a function of an integer variable. However, itis possible, 
in a style similar to that described above, to relate the real and imaginary 
parts of a complex sequence whose spectrum is zero on the unit circle for 
—m &lt; w &lt; 0. A similar approach can also be taken to relating the real and 

imaginary parts of the discrete Fourier transform for a periodic or, equiva-

lently, finite-duration sequence. In this case the “causality” condition is 
that the periodic sequence be zero in the second half of each period. 

Thus, in the discussion that follows, a notion of causality will be applied 



        

             

           

            

              

            

            

              

           

             

         

              

           

              

       

              

           

  

    

    

    

           

                

               

            

                

              

        

              

 

   
 

  
 

 

        

              

            
             

               

             
            

               
            

              
         

               
            

               

 

       

               

           
   

     
 

     
 

      

            
                

                
             

                 
               

         

               
 

  

    
  

 

     

7.1 Real- and Imaginary-Part Sufficiency for Causal Sequences 339 

to relate the even and odd components of a function or equivalently the real 

and imaginary parts of its transforms. This approach will be applied in 
four situations. The first relates the real and imaginary parts of the Fourier 
transform H(e*) of a sequence h(n) that is zero for n &lt;&lt; 0. The second 

relates the real and imaginary parts of the logarithm of the Fourier transform 
under the condition that the inverse transform of the logarithm of the trans-

form is zero for n &lt;0. Relating the real and imaginary parts of the log 
spectrum corresponds to relating the log magnitude and phase of H(e’). In 
the third situation the real and imaginary parts of the DFT will be related 
for periodic sequences or, equivalently, for a finite-duration sequence con-

sidered to be of length N but with the last N/2 points zero. Finally, we relate 
the real and imaginary parts of a complex sequence whose Fourier transform, 
considered as a periodic function of w, is zero in the second half of each 

period. 

1.1 Real- and Imaginary-Part Sufficiency for Causal Sequences 

Any sequence can be expressed as the sum of an even sequence and an odd 

sequence. Specifically, with 4,(n) and A,(rn) denoting the even and odd parts

of h(n). then 

h(n) = h,(n) + h,(n) (7.1)
where 

h(n) = }[h(n) + h(—n)] (7.2)
and 

h(n) = L[h(n) — h(—n)] (7.3) 

Equations (7.1)-(7.3) apply to an arbitrary sequence whether or not it is 
causal or whether or not it is real. However, ifh(n) is causal, then it is possible 
to recover h(n) from h,(r) and to recover h(n) for n 7 0 from h,(n). Consider, 
for example, the causal sequence A(n) and its even and odd components as 
shown in Fig. 7.1. Because h(n) is causal, i.e., h(n) is zero for n &lt; 0 and 
h(—n) is zero for n &gt; 0, there is no overlap between the nonzero portions 
of h(n) and h(—n) except at n = 0. 

It should be clear from Fig. 7.1 and Eqs. (7.2) and (7.3) that for causal 
sequences 

(2h,(n), n&gt;0 

(7 4)
hn) = je n=0 

0, n&lt;o 
and 

hin) = © 3)Ia n&gt;0
0, n&lt;20 



   

 

          

   

 

    

 

   

       

            

               

       

    

 

 

 
 

 

 
           

    
  

      

  
 

    
 

        

             
               

        

340 Discrete Hilbert Transforms 

1{n) 

ANIEETT 

tl 
N 

certttLItravrne 

JEREEERE 
Fig. 7.1 Even and odd parts of a real causal sequence. 

Equivalently, if we define 
(2, n&gt;90 

u, (n) = 11, n=20 7.6) 

lo. n&lt;0 
then 

h(n) = h,(n)u (n) (1.7) 
and 

h(n) = h(n). (n) + h(0) 6(n) (7.8) 

We note that k(n) can be completely recovered from #,(n). On the other 
hand, A,(n) will always be zero at n = 0, and consequently A(r) can be re-

covered from h,(n) only for n # 0. 



        

           
         

      

             

            

            

           

     

             

            

            

             

       

      

   

     

         

            

          

           

              

           

            

    

      

 

     

               

         

             

        

     

   
  

       

        

            
          

       

              
             
             

            
      

              
             

             
              

        

       
 

    

     

          
             

           
            

               
            

             
     

     

  

    

                
          

              
         

      

    
  

        

7.4 Real- and Imaginary-Part Sufficiency for Causal Sequences 341 

An important consequence of Eqs. (7.7) and (7.8) is the implication that 
the Fourier transform of a real. causal, and stable sequence, 

H(e'®) — H p(e’) + jH (e’®) 

s completely known if we know either the real part Hy(e’) or the imaginary 
part H;(e’) and A(0). This is because Hg(e’) is the Fourier transform of 
h,(n) and jH;(e’”) is the Fourier transform of A,(n). For example, we can 
compute h,(n) from Hg(e’”); then, using Eq. (7.7), we can compute h(n), 
from which we can compute H(e’). 

More generally we can show that if 4(n) is real, causal, and stable, then 
H(z) can be determined anywhere in the region outside the unit circle [i.e., 
the region of convergence of H(z)] from a knowledge of either Hp(e’) or 
H(e**) and h(0) [7-9]. Consider H(z) outside the unit circle, i.e., for z = 
re’ with r &gt; 1. In this case 

H(2)| mre = H(re’®) = h(n)r "eo" 
n=0 

or, using Eq. (7.7). 

H(re’) = Yh, (nyu (n)r"ee" 

Alternatively, this expression can be interpreted as the Fourier transform 
of the product A,(n) + [r~"u,(n)]. Therefore, H(re’”) can be obtained as the 
convolution of the Fourier transform of 4,(n) with the Fourier transform of 
the sequence r~"u,(n). The Fourier transform of A,(n) is Hp(e’), and if 
r &gt; 1, the Fourier transform of r—"u_(n) is (1 + r~le=?*)/(1 — re). [Note 
that strictly speaking, the Fourier transform of r~"u,(n) does not exist if 
r = 1.] Now, using the complex convolution theorem of Sec. 2.3.9, we 
obtain the contour integral relationship 

feSL AONE227j Jo (7 — ro 
-

or, alternative. 

1 Hg(v)(z+v)dvI&gt;1 (7.9b)H(z) = - nt 4 

[n Eqs. (7.92) and (7.9b), C must be the unit circle, since it is assumed that 
only Hp(e’”) is known. These equations are particularly convenient when 
Hy(e’”) can be expressed as a rational function of e’* since the integral can 
then be easily evaluated using the calculus of residues. 

EXAMPLE. Suppose that we are given 

™ 1 — acoso 
0y — — 

Hp(e’®) 1 —20cos @w + a2’ lod &lt;1 



   

              
 

     

            

      

    
    

                

  

           
        

               

          

  

                 

  

        
        

 

 

             

             

       

            

              

    

               
  

     
       

       

        

                 
   

          
   

                

 

 
 

 

           
   

                  
   

        
  

  

   

              
              

        

             
               

342 Discrete Hilbert Transforms 

Let us find H(z) using Eq. (7.9). First we write H(e’®) as a rational function 
of ei®@ 

, 1 — a(e?” + e779))2

Hp(e?) = — = JI°r(€’) (1 — ae 9)(1T°—°aei®) 

Then substituting into Eq. (7.9b) we obtain 

1 1 —oal+0vYH2) z+ovdy
H(z) = 9 d—-—owD( —av)z—v0 

where C is the unit circle. Writing this equation so as to display the poles of the 
integrand, we obtain 

H(z) = 1 ¢ (0 — «(@® + 1)/2)(z + v)dv
2720 Jo 0 = 0 = a)(z — oy 

The poles of the integrand are depicted in Fig. 7.2, where we note that only the 

/—plane 

a 
~ 

~— 

Fig. 7.2 Pole locations in example of computation of the z-transform 
using contour integration. 

poles at v = 0 and v = « are inside the unit circle. Therefore, using the residue 
theorem we obtain 

—(2/2)z | (« — a(a® + 1)/2)(z + @)
HE) = — = + 0 =5G = on 

be Zz 

Ly ®@ z—a 

The above expression was derived assuming |z| &gt; 1; however, we note that the 
region of analyticity is |z| &gt; «. Thus we have obtained the z-transform directly 
from its real part on the unit circle. 

Equations (7.9a) and (7.9b) express H(z) outside the unit circle in terms of 
its real part on the unit circle. However, it is also useful to write this 



        

               

 

       

  
     
 

 

       
    

                    

             

          

      

        

       
 

             

             

   

         

 

    
    
     

      
        

             

        

     

       
  

          

        

                
 

 

       

       
  

 

  

           

              

              

          
       

         
 

 

        
  

              
              

    
          

  
   

  
      

 

     
         

              
         

    
 

        
  

           

7.1 Real- and Imaginary-Part Sufficiency for Causal Sequences 343 

expression as a line integral. Therefore, let v = ’® in Eq. (7.92) so that we 
obtain 

1 [7

H(z) pails — ar IHp(e®)P0 oe w) ds 

i | :
+n | Hp(e*)Q,(0 — w) db (7.10)

aT J—7 

where 

—-1_3j0 2 

P.(6) — Re (FT 55) ——=r (11)
1 —r—e 1 —2r—cosf +r 

AD) = Im§— =| =rms 7.11b2:6) (i1+ re’ 1 —2rtcosf (— =) 2r' sin 0+r? ) 

The functions P,(6) and Q,(0) are often referred to as the Poisson kernel and 

the conjugate Poisson kernel, respectively [2,3]. Equating the real and ima-

ginary parts in Eq. (7.10), we obtain 

H p(re’®) = = | Hyp(e®)P(0 — w) a’ (7.12)
Id 

ind 

Hire) = L [ HyeM0,0 — w) a8 
27 Jz 

Thus we have derived real integral relations for the real and imaginary parts of 
the z-transform outside the unit circle in terms of the unit circle evaluation of 

only the real part. 
Similar manipulations, beginning with Eq. (7.8), lead to the contour 

integral representation 
1  H,(v)(e™ + rv) dv

H(z) =a+ 10)
=r 2m Jo (&amp;7° — ro) 

J 

1 H (v)(z + v) dv
H(z) = gL ow + h(0), lz] &gt;1 (7.14b) 

where the contour C is again the unit circle. Converting Eq. (7.14a) to line 
integrals and equating real and imaginary parts leads to 

of e’ ) )ar | Tr 
ad 

H,(re’®) = — l H(e"®)P(6 — w) i” (7.16)
ar J —o 

where P.(0) and Q,(0) are given by Eq. (7.113) and (7.11b). 



   

             

                

             

           

           

          

     
     

               

            

             

           

        
  

  

           
  

           

           

        
   

 

    

 
 

  

          

    

              
                 

              
            

            
           

     
      

                

             
              

           
 

   
  

    

           
  

            
            

      
   

 

      

 
   

  

           

344 Discrete Hilbert Transforms 

In order to obtain direct relations between the real part on the unit circle 
and the imaginary part on the unit circle, it is necessary to take the limit as r 

approaches unity in Eqs. (7.13) and (7.15). This is valid if we perform the 
integration first. However, if we attempt to obtain a direct relation for 
H;(e’®) in terms of Hy(e’®), by interchanging the order of integrating and 
taking the limit, we are confronted with an improper integral since 

lim 0,(0) = —25100 of 5)
r—r1 2(1 — cos 60) 2 

and the function cot (6/2) has a singularity at § = 0. The desired relations can 

be obtained if we are careful in evaluating the improper integrals in the 
vicinity of the singular points of the integrand. This can be done formally by 
interpreting the integrals as Cauchy principal values [10]. That is, Eq. (7.13)
becomes 

H(e’°) = 1p| H p(e’) cot (52) do (7.17)
2 —7 2 

and Ea. (7.15) becomes 

H po(e) = h(0) — pf H (e™) cot (52) a9 (1.18)
2m —7 2 

where the symbol P denotes Cauchy principal value. The meaning of Cauchy 
principal value in Eq. (7.17), for example, is given in Eq. (7.19): 

H,(e’?) = 1 lim(| H 5(e’®) cot (5) db
2m £0 w+e 2 

rfo—e _

| Hg(e®) cot (52) a5) (7.19) 

cot Ed
He (ei) \ 

(2)(2) =i 

Fig. 7.3 Interpretation of the Hilbert transform as a periodic convolution. 



   

            

            

             

    

           

              

              

             

  

           

             

             

                

          

          

          

       

  

           

             

           

           

        

            

            

             

          

           

           

         

  

           

    

        

           

               

            

              

           

            

    

             
             

              

     
            

               
              

              
  
           

              
             
                 

          
           

           
        

   

            
              

            

            
         

             
             

              
           

            
            

          
  

            

   

         

            

                

             
               

           
             

7.2 Minimum-Phase Condition 345 

We note that H,(e’®) is obtained by the periodic convolution of cot (—w/2) 
with Hr(e’®), with special care being taken in the vicinity of the singularity 
at 6 = w. In a similar manner, Eq. (7.18) involves the periodic convolution 

of cot (—w/2) with H;(e™). 
The two functions involved in the convolution integral of Eq. (7.17) [or, 

equivalently, Eq. (7.19)] are depicted in Fig. 7.3. The fact that the limit in Eq. 
(7.19) exists depends upon the fact that the function cot [(f — w)/2] is anti-

symmetric at the singular point (f = w) and the gap is symmetrically placed 
around the singularity.

The evaluation of the integrals in the previous equations is further compli-

cated when H(z) has poles on the unit circle. Our discussion has assumed that 
the unit circle is entirely within the region of convergence of H(z), and there-

fore that H(z) has no poles on the unit circle. Poles on the unit circle can be 

accommodated by allowing impulses in the Fourier transform or by employ-

ing an indented contour in the contour integral expressions. However, the 
mathematical justification of these procedures would take us too far afield 
and we shall not discuss this question further. 

7.2 Minimum-Phase Condition 

In the previous section the z-transform of a causal sequence was recovered 
from its real or imaginary part on the unit circle. In this section conditions 
will be discussed under which the z-transform can be recovered from its 

magnitude or phase on the unit circle. These conditions are of considerable 
importance in many theoretical and practical situations. For example, 
digital filters are often specified in terms of the magnitude of the frequency 
response. In such cases the phase response cannot be chosen arbitrarily if a 
stable and causal system is desired. The results of this section are also very 
important in the theory of homomorphic systems, which is developed in 
Chapter 10. Another example arises in the theory and application of inverse 
filtering, where it is necessary to obtain an appropriate phase curve given 
only an autocorrelation function (equivalently the squared magnitude of the 
Fourier transform) [9,11-13].

Suppose that H(z) is specified in polar form (magnitude and phase) as 

H(z) = | H(z)] es 

Then, consider the complex logarithm, of H(z), defined as 

H(z) = log [H(2)] = log |H(2)| + j arg [H(2)] (7.20) 

If we think of A(z) as the z-transform of a sequence A(n), then the results of 

the previous section imply that log |H(e’”)| and arg [H(e’*)] will be Hilbert 
transforms of each other if and only if A(n) is a real. causal, and stable 
sequence. In considering this question, we must be careful in our interpreta-

tion of Eq. (7.20). In particular, the logarithm of zero diverges and the 



   

             

             

             

             

            

           

 

     

                

           

              
             

          
                

          

           

              

           

             

          

             

             

     

            

         

            

    

            

             

            

                

            

             

               

           

             

    

              
              

              
              

             
           

  

      

                 
            
              

              
          

                 
           

            
               

            
              

           
             
              
      

         

           

             
    

             
             

             
                 

             
              

                

            

              
 

346 Discrete Hilbert Transforms 

definition of arg [H(z)] is ambiguous since any multiple of 27 can be added 
to the phase without affecting the value of H(z). Since we wish to interpret 
A(z) as the z-transform of a real, causal, and stable sequence, we shall wish 
to consider the region of convergence of H(z) to include the unit circle, and 
consequently we require that H(z) be analytic in a region that includes the 
anit circle. Within this region, then, H(z) must have a convergent power-

series representation 

A(z) = S A(n)z—", R,_&lt; |Z] 

where R,_ &lt; 1. Since A(z) is infinite at both the poles and the zeros of H(z), 
we require that within the region of convergence associated with H(z), there 
are no poles or zeros of H(z). Although arg [H(z)] is not generally unique, the
ambiguity is resolved by the fact that analyticity of H(z) implies that its real 
and imaginary parts must be continuous functions of z, and consequently,
if ale is to be analytic, we must define arg [H(z)] in Eq. (7.20) to be a 
continuous function. Furthermore, we will require that for h(n) real, H(z) 
is the z-transform of a real sequence. Consequently, arg [H(z)] will be 
defined such that for z = €’“, it is an odd, continuous function of w.t 

Now let us consider a real, stable sequence A(n) whose z-transform is 
A(z). From the previous section it should be clear that if A(n) is causal, 
then A(z) and consequently H(z) can be recovered from Hpg(e’®) = 
log |H(e™)| or A(e’) = arg [H(e)]. Equivalently, if A(n) is real, stable, 
and causal, Eqs. (7.17) and (7.18) can be applied to relate the log magnitude 
and phase of H(e’®) so that 

log |H(e’®)| = A(0) — = p[arg [H(e’®)] cot (52) do (7.21) 

ATE [H(e®)] = L P[ log |H(e’®)] cot (5%) do (7.22) 

Note that without knowledge of 4(0), |H(e’)| is specified only to within a 
constant multiplier by arg [H(e’)].

The requirement that log | H(e’”)| and arg [H(e’”)] be a Hilbert transform 
pair is often referred to as the minimum-phase condition [4, 5, 14].1 It corre-

sponds to the requirement that the sequence /(n) is causal. As discussed in 
Chapter 2, then, A(z) must be analytic in a region [z| &gt; R,_ where R,_ &lt; 1; 
i.e., H(z) must be analytic everywhere outside the unit circle. Thus there can 
be no singularities of A(z) outside the unit circle. Since H(z) = log H(z), 
this requires then that there can be no poles or zeros of H(z) outside the unit 

t Note that we assume that H(e’®) &gt; Oat w = 0. 

{ The motivation of the term ‘minimum phase” will be made apparent by subsequent 
discussion. 



   

           

          

          

  

               

             

          

          

          

           

            

       

  
            

              

            

   

     

      

              

            

      

 

 

 
     

  

              

             

            

               

        

                    

             

              

               
       

    

            
           

           

  

                
              

           

           
           

            
             

        
   

             
               

            
    

      
       

               

             
       

  
  

 
      
   

               
              

             
                

         
                     

              
               

                
        

7.2 Minimum-Phase Condition 347 

circle. This requirement on H(z) can be viewed as an alternative expression 
of the minimum-phase condition. An equivalent condition is that there exist 
a causal, stable inverse system with system function H(z) such that 

H-1(z2)H(z) =1 

Since H(z) = 1/H(z), it is clear that H(z) must have all its poles and zeros 
inside the unit circle in order for a stable and causal inverse to exist. 

Henceforth we shall use the term minimum-phase system to denote a 

system whose frequency response is minimum phase; i.e., the log magnitude 
and phase are Hilbert transforms of each other. Similarly, a minimum-phase 
sequence is a sequence whose Fourier transform is minimum phase. It should 
be emphasized at this point that a system (or sequence) can be causal 
but non-minimum phase. However, all stable, minimum-phase systems 
(sequences) are causal. 

To see the relationship between the causality of 4(n) and the locations of 
the poles and zeros of H(z), it is instructive to consider a means for obtaining 
h(n). In particular, we know from Chapter 2 that —z[dH(z)/dz] is the z-

transform of nhi(n). But 

dA (2) d __ —z dH(z2) 
ee z n [log H(z)] HD)Sy (7.23) 

With H(z) a rational function of z, H(z) is not rational but its derivative is, 

and it can consequently be characterized in terms of poles and zeros. With 
H(z) expressed as a ratio of polynomials 

P(2)
H(z) =002) 

we have 

dP(z) dQ(z)”
—z dH(z) 220) dz Pe) dz 
H(z) dz P(2)Q(2) 

Thus we note, that the poles of the derivative of H(z) are the roots of 
P(z)Q(z), i.e., the poles and zeros of H(z). Since we consider the unit circle 
to be within the region of convergence, nh(n) or, equivalently, 4(n) will be 
causal if and only if all poles and zeros of H(z) are inside the unit circle.t 

EXAMPLE Considerthesequenceh(n) = au(n)forwhich H(z) = 1/(1 — az), 
«| &lt; 1. H(z) has one zero at z = 0 and one pole at z = a. Since |u| &lt;1, 

all poles and zeros are inside the unit circle, and consequently A(x) is minimum 
phase. To verify that A(n) is indeed causal. let us evaluate it according to Eq. 

t This includes poles and zeros at infinity; i.e., if H(z) is minimum phase, lim H(z) 
must be a nonzero. finite constant. Z—r 0 



   

 

  
    

             

    

    

           

            

       

           

             

                

             

           

             

           

      

         

 
     

             

             

           
        

  

  

            

  

 

          

    

  
  
     

              

     

     

            
             
        

            
              

                 
              

            
              

            
       

          

  
      

             
             

           
         

   

   

             
   

 

 

 

  

           

348 Discrete Hilbert Transforms 

(7.23). Specifically, 
—z dH) eer 
H(z) dz z—a 1 —az1 

Thus, since we assume that the unit circle is within the region of convergence, 

nh(n) = «"u(n — 1) 

and consequently /(n) is causal. 

The sequence A(n) will play a particularly important role in Chapter 10. 
We shall not consider the properties of the sequence A(n) further here but 
will concentrate on the properties of minimum-phase sequences. 

A minimum-phase sequence has the property that all the poles and zeros 
of its z-transform lie inside the unit circle. In general, a stable causal system 
has all its poles inside the unit circle, but its zeros need not be inside the unit 
circle. We shall now show that any system can be represented as the cascade 

of a minimum-phase system with an allpass system, an allpass system being 
defined as a system for which the magnitude of the transfer function is unity 
for all frequencies. Thus if H,,(z) denotes the z-transform of an allpass 
system, |H,,(e’’)| = 1 for all w. 

The system function of a simple first-order allpass system is 

zt —a 
a,.£z)(2) = —1 — gz? (7.24) 

The fact that H,,(e’”) as given by Eq. (7.24) has unity magnitude is con-

sidered in Problem 6 of this chapter.- With 0 &lt;&lt; a &lt;1, the corresponding 
pole-zero plot is shown in Fig. 7.4. More generally, rational allpass system
functions consist of a cascade of factors of the form 

71 — g* 

| — a7” 

and consequently they have the property that their poles and zeros occur at 
conjugate reciprocal locations. 

(NE: 

\ 

a-1|
— 

Unit circle 

Zig. 7.4 Pole and zero locations for a first-order allpass system. 



   

        

                

            

     

           

   

     
  

     
      

              

             

               

                 

       

         

           

   

  

             

              

             

             

        

           

           

        

             

           

                

            

          

      

             

          
 

          

            

           
             

            
            

    

         
                 

             

      

            

    

     
   

   
      

               
              

                
                  

        
          
           

    
   

              
               

              
              

         
            

            
         

             
            

                 
             

           

       
              

           
  

          

             
            

              
            

             

7.2 Minimum-Phase Condition 349 

Consider a non-minimum-phase system H(z), with, for example, one 
zero outside the unit circle at z = 1/z,, |z,]| &lt; 1, and the remainder of its 

poles and zeros inside the unit circle. Then H(z) can be expressed as 

H(z) = Hy(2)(z™" — zo) (7.25) 

where H(z) is minimum phase. Equivalently we can express Eq. (7.25) as 

_ 1 — z&amp;z™ 

H(z) = Hy(2)(z™ — 20) mo 
1 — z5z 

H()( — zie)Eo yp I 
! 0 1 — g¥gt mimi ok 

Since |z,] &lt; 1, the factor H,(z)(1 — zgz™!) is minimum phase and the factor 
(27! — z)/(1 — zgz™!) is allpass. The term Hpy,(z) = Hy(z)(1 — zgzY) 

differs from H(z) in that the zero of H(z) that was outside the unit circle at 
z = 1/z, is reflected inside the unit circle to z = zg in Hpi (2). Clearly this 

example can be generalized to encompass general non-minimum-phase 
systems with rational system functions. We conclude, therefore, that any 
rational system function H(z) corresponding to a causal system can be ex-

pressed in the form 
H(z) = H,;,(2)H,,(2) 

where Hy,;,(z) is minimum phase and H,,(z) is allpass. Any pole or zero of 
H(z) that is inside the unit circle also appears in H,,;,(z). Any pole or zero 
of H(z) that is outside the unit circle appears in Hy,;,(z) in the conjugate 
reciprocal location; i.e., it is reflected about the unit circle. Thus we can form 
a minimum-phase system from a non-minimum-phase system, keeping the 
magnitude of the transfer function the same, by reflecting inside the unit 
circle those zeros that were outside the unit circle. Alternatively, given a 
minimum-phase system function we can form a non-minimum-phase system 
by reflecting zeros outside the unit circle. For example, in the case of finite-

length sequences the z-transform is simply a polynomial in z!, and H(z) 
has poles only at z= 0. For a sequence of length M, H(z) has M — 1 
zeros. For a given magnitude response, we can have as many as 2% 

different phase curves simply by reflecting zeros about the unit circle. 

EXAMPLE. Consider a minimum-phase finite-duration unit-sample response 
with duration N = 5 samples. The unit-sample response of such a system is 
depicted in Fig. 7.5(a). The system function corresponding to this unit-sample 
response is 

Hypo (2) = 2 (1 — refz712(1 — re99271) (1.27) 

where r = 0.55 and 6 = 2#/3. The frequency-response functions, log magnitude 
and phase, are shown in Fig. 7.5(c) and (d), respectively. [Note that 
arg [Hpin(e’®)] is plotted modulo 27 and log | Hy,(e’?)| is normalized to a 
peak value of 0 dB for convenience in plotting.] According to the previous
discussion, we can obtain a new system having the same magnitude response by 
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Fig. 7.5 Example of a minimum-phase system: (a) impulse response; (b) z-

plane pole-zero plot; (c) 20 loge |Hmin(e’®)|; (d) arg [Hmin(e’®)]. 

multiplying H,;,(z) by an appropriate allpass system function as in Eq. (7.26).
[n this case, we can reflect one pair of the complex-conjugate zeros outside using

the allpass system 
zl — rei z71 — pei 

Hep(2) = 1 —ref®z711 — pe=i0z1 

Thus we obtain 

H(z) = Hpin(2)Hy (2) 
= (1 — rez) — re 927) — rle®z7)(1 — rile 99271) 

(7.29) 

We note that the four zeros of H(z) have the conjugate reciprocal symmetry

that is a characteristic property of linear-phase systems. Indeed, the unit-

sample response h(n) corresponding to H(z) is seen in Fig. 7.6(a) to have sym-

metry about n = 2, implying a linear phase with slope corresponding to a delay

of two samples. As seen by comparing Fig. 7.5(c) and 7.6(c), |H(e’®)]| is iden-

tical to |Hy,n(e’®)|; however, the unit-sample response and phase responses

corresponding to H,;,(z) and H(z) are decidedly different. 
Figure 7.7 shows (a) the z-plane plot and (b) arg [H,,(e’®)] for the allpass 

system. The magnitude of H,,(e’®) is, of course, unity for all values of w. We 
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Fig. 7.6 Linear-phase system: (a) impulse response; (b) z-plane pole-zero
plot; (c) 20 logy, |H(e’®)|; (d) arg [H(e’®@)] [magnitude response is 
identical to Fig. 7.5(c)]. 
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Fig. 7.7 Allpass system for obtaining Fig. 7.6 from Fig. 7.5: (a) z-plane
pole-zero plot; (b) arg [Hap(e?®)]. 
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352 Discrete Hilbert Transforms 

again have plotted arg [H,, (e’®)] modulo 27 simply for convenience. However, 
it is clear from Fig. 7.7(b) that if the phase were computed as a continuous 
function of w, then arg [H,,(e’“)] is always negative. When this phase curve is 
added to the phase of the minimum-phase system [Fig. 7.5(d)], the linear phase
of Fig. 7.6(d) results. 

This simple example illustrates a number of important general properties 
of minimum-phase systems which are worth emphasizing. First, a com-

parison of the phase curves in Figs. 7.5(d) and 7.6(d) suggests the reason for 
the terminology ““minimum phase.” As discussed above, if we consider the 
set of causal, real, stable sequences, all having the same magnitude response, 
then the z-transforms of all these sequences can be expressed as in Eq. (7.26) 
as the product of a minimum-phase z-transform and an allpass function. 
As seen in the above example and as discussed in Problem 8 of this chapter, 
the allpass function has negative phase for 0 &lt; w &lt; 7 and, consequently, 
reflection of a zero of the minimum-phase function outside the unit circle 

algebraically decreases the phase, i.e., increases the negative of phase, which is 
sometimes called phase lag. Thus, in fact, a more precise terminology would 
be minimum phase lag; however, “minimum phase’ is the established 
terminology.

In the case of finite-duration sequences, we have a complementary situa-

tion in which all the zeros are outside the unit circle. Clearly if all the zeros 

are reflected outside the unit circle, the system has the maximum phase lag 
attainable and thus such systems (or sequences) are called maximum phase. 
It can be shown (see Problem 14 of this chapter) that the maximum-phase 
system has a system function 

H,.x(2) = zug (z71) 

From Eq. (7.30) it follows that 

hoax(1) = hrin(V —1—n) (7.31) 

In the previous example, we note that a maximum-phase system is obtained 
if we multiply H(z) in Eq. (7.29) by H,,(z) in Eq. (7.28). 

A final property of minimum-phase sequences is suggested by a com-

parison of the minimum-phase unit-sample response /nin(n) in Fig. 7.5(a)

with the linear-phase unit-sample response h(n) of Fig. 7.6(a). We note that 
the total energy of the two sequences is the same since the magnitude of 
their Fourier transforms is the same (by Parseval’s Theorem). However, the 
energy of hnm;n(n) seems to be concentrated around n = 0, whereas the energy 
of h(n) is concentrated around n = 2. This property can be formalized by 
considering the portion of the energy contributed by the first m + 1 samples 
of the sequence; i.e., 

E(m) =S |h(n)|? (7 32) 
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E(m)

10" 
Minimum phase 

_inear phase 

A 
© m 

Fig. 7.8 Energy concentration for two impulse responses having Fourier 
transforms with identical magnitudes. 

This quantity is plotted in Fig. 7.8 for Ani(n) and h(n) of the previous 
example. We note that 

Sm? &lt;3 hin’, for all m (7.33)
n=0 n=0 

A proof that Eq. (7.33) holds in general for all sequences having the same 
Fourier transform magnitude is outlined in Problem 11 of this chapter. We 
can interpret Eq. (7.33) to mean that of all the sequences having the same 
Fourier transform magnitude,/,,;, (rn) is delayed the least. Thus, minimum-

phase sequences are sometimes called minimum-delay sequences. Similarly, 
maximum-phase sequences are called maximum-delay sequences [12,13]. 

1.3 Hilbert Transform Relations for the ] 

We have seen that periodic sequences and finite-length sequences have a 
representation in terms of the discrete Fourier transform. The results of the 
preceding sections do not apply directly to the discrete Fourier transform. 
We can, however, with a suitable definition of causality, relate the real and 
imaginary parts of the discrete Fourier transform in a manner similar to that 

developed in Sec. 7.1 [7,8]. 
To develop these relations, it is most convenient to consider a periodic 

sequence h(n) of period N. You will recall from Chapter 3 that our discussion, 
although phrased in terms of periodic sequences, applies just as well to 
finite-length sequences if we interpret all indices modulo N. Indeed, although 



   

           

          

        

              

     

      

    

    

              

        

            

            

                 

                 

             

               

             

                  

               

                

                

            

        

  

    

 

   

        

 

  
 

    

            
           

         
               

      

        
 

        

 

     

               

         
             

             
                  
                  

             
                

              
                  

                
                 

                 
             

         

  
  

  
 

    

         

 
  

  

354 Discrete Hilbert Transforms 

our derivation will deal with the properties of discrete Fourier series (DFS) 
representations, we shall see that the results apply directly to discrete 
Fourier transform (DFT) representations of finite-length sequences. As in 
Sec. 7.2, the sequence h(n) can be represented as the sum of an even sequence 

and an odd sequence so that 

h(n) = h(n) + h(n), n= 0.1,...,N—1 (7.34) 
where 

h(—
h(n) —h(n) 1(—n) , n— 0.1....,N—1 (7 35a) 

ina 

ho(n) =Ho) =Hm), n—=0,1,...,N—1 (1.35) 

In the remainder of our discussion, we shall assume that N is an even integer. 

For N odd, similar—but not identical—results can be derived. 
A periodic sequence cannot, of course, be causal in the sense used in 

Sec. 7.1. We will, however, define a “causal” periodic sequence to be one 
for which A(n) = 0 for N/2 &lt; n &lt; N. That is, A(n) is identically zero over 
the last half of the period. We assume that N is even. The case of N odd is 
considered in Problem 16 of this chapter. Note also that because of the perio-

dicity of h(n), h(n) = 0 for —N/2 &lt; n &lt; 0. For finite-length sequences we 
interpret this restriction to mean that the sequence is considered to be of length 
N, when in fact the last half of the points are zero. In Fig. 7.9 we show an ex-

ample of a causal periodic sequence and its even and odd parts with N = 8. 
Because /(n) is zero in the second half of each period, h(—n) is zero in the first 
half of each period, and consequently, except for n = 0 and n = N/2, there is 
no overlap between the nonzero portions of (rn) and A(—n). Because of this. 
it should be clear that for “causal’’ periodic sequences 

_ 2h,(m), n=12,...,(N2)—1

h(n) ={h(n), n=20,N/[2

0, n=WN2+1,...,N—1 
210 

a(n) - aka n=1,2,...,(N2)—10, n=NR2+D,....N—1 

Equivalently, if we define #@iy(n) as a periodic sequence 

1, n=20,N/2

iv(n) ={2, n=1,2,...,(N2)—1
0, n=(N2+1),...,N—1 
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h(n) 

1 11 | 
oyalt als 

1+! 111+! 11+] 11 
Lh,(n) 

Tra)artly entrebert,
1n : a) 

2:11 ert TTeat 
Fig. 7.9 Even and odd parts of a periodic, real, ‘““causal’” seauence. 

Then it follows that for N even we can express h(n) as 

h(n) = h(n)iiy(n) (7.36)
ind 

Jn) = Fi(n)iin(n) + h(0) 8(n) + (3) om _ 2) (7.37) 

We note that 4(n) can be completely recovered from 4,(n). On the other 
hand, A,(n) will always be zero at n = 0 and n = N/2, and consequently 

h(n) can be recovered from A,(n) only for n = 0 or n # NJ2. 
In Chapter 3 we saw that for a real periodic sequence of period N with 

discrete Fourier series H(k), the real part of H(k), Hg(k) is the DFS of 
h,(n) and jH(k) is the DFS of A,(n). Thus an important consequence of 
Eqs. (7.36) and (7.37) is that they imply that for a periodic (or equivalently 
finite length) sequence of period N, which is causal in the sense defined 
above, A(k) can be recovered from its real part or (almost) from its imaginary 
part. Equivalently, H;(k) can be constructed from Hy(k) and Hy(k) can 
be constructed from H;(k). 

Specifically, the DFS of the sequence iy(n) is 

(N, 

ok) = —j2 cot [2 k). k odd 
, k even 



   

              

   

    

   

    
 

  

        

         

      

  

      

        

 

 

           

          

            

           
       

            

          

             

   

   

  
  

          

         

  

           

   

        

       

 

    

               
    

     
  

    
  

   

        
 

          
  

  

       

  
        

         
 

          

           
            

            
        

             
           

              
    

    
 

   
   

           
          

   

            
    

         

 
      

 

   

356 Discrete Hilbert Transforms 

From Eq. (7.36) we note that the DFS of A(n) is the circular convolution of 
Hp(k) with Uy(k). Thus 

H(ky = Hg(k) + jH(k) 
1 N-1 - -

== 2 Hg(m)Uy(k — m)
N m=0 

” 1 " 

= Hpg(k) + x 2He(m) Vk — m) 
where 

Pa) = Onl) — Noi — { 52 cot (rit: 
k odd 

k even 

Equating real and imaginary parts, we obtain 

np 1X5, oy

jHi(k) = N 2,Hr(m) Vk — m) (7.393) 

Similarly, beginning with Eq. (7.37), we can show that 
N-1 

Ax) =~ 3jm)PC = m) + KO) + KNJ2X—1)F (7.39) 

Equations (7.39a) and (7.39b) are circular convolutions and can be evaluated 
using the DFS. For example, Eq. (7.392) can be evaluated by first computing

the inverse DFS of Hy(k), yielding A,(n). Multiplying 4,(n) by diy(n) and 
computing the DFS yields the entire transform H(k). 

In Sec. 3.5, we found it useful to introduce special notation to facilitate 
the interpretation of DFS expressions in the context of finite-length sequences. 
Thus a finite-length sequence h(n) is thought of as being one period of a 
periodic sequence h(n); i.e., 

h(n) = h(n) (n) 
wvhetle 

RZ n(n)=1 0O0&lt;n&lt;N—| 
= 0 otherwise 

Alternatively, we obtain the periodic sequence /(n) by interpreting the index 
n modulo N. For this purpose, we introduced the notation 

h(n) = h((n)y 

These conventions were also applied to the DFS expression H(k) to obtain 
the DFT expression H(k). 

Using this notation, we can write Eq. (7.39a) as 

1 
JH(k) = ~ 2 Hgm)Vy((k —m))y 0&lt;k&lt;N-—1

m=0 

“ otherwise (7.402) 



       

      

     

    

 

      

  

            

         

             

           

            

               

             

            

            

         

             

  

            

            

             

              

       

           

             

          

   

            

     

   

              

          

    

     

        

       

 

     

     
  

 

       

   

             
          

              
            

             
               

             
            

             
          

              
   

             
             

              
               

        
            

              
           

    

             
      

   

               
 

          

     

    

7.3 Hilbert Transform Relations for the DFT 357 

And Eq. (7.39b) can be written as 

N-1 

Hak) = 3JHAmVi((k = m)y 

FBO) + (—DFHN2) 0 &lt;k&lt;N—1 
J otherwise (7.400)

where 

vk) = —j2 cot (wk[N) O0&lt;k&lt;N-—1, kodd 

= 0 otherwise 

Similar definitions can, of course, be made for uy and its DFT Uy(k). 
When we discussed real-part sufficiency for the z-transform, we were 

able to apply the results also to relating log magnitude and phase when the 
sequence was minimum phase. For the discrete Fourier transform it is not 
possible in general to develop a parallel notion by which the log magnitude 
and phase of the DFT can be related. The reason for this is that the dis-

cussion above applies to sequences which are of finite length so that the z-

transform has only zeros. However, the log of a transform H(z) has sin-

gularities corresponding to both the poles and the zeros of H(z), and thus 
its inverse z-transform is of infinite duration. Consequently, the inverse 
transform of the log of the transform cannot in general be represented by a 
discrete Fourier transform. 

{t is possible, of course, to construct a phase function from the log 
magnitude of a DFT by the process described above. That is, compute the 
inverse DFT of log |H(k)|; multiply by uy(n), and compute the DFT of the 
resulting sequence. The real part of the result is log | H(k)|, and the imaginary 
part is an approximation to the minimum phase. 

To understand this process, let us assume that H(z) is the z-transform 
of a finite-length sequence %(n). If H(z) has no zeros outside the unit circle, 
then we can compute arg [H(e’?)] knowing only log |H(e’?)|. Furthermore, 

H(z) = log [H(2)] 

corresponds to a causal sequence /(n), which will in general be infinite in 
duration. The DFT of h(n) is 

H(k) = H(2)|,—perrim k=20,1,....N-

where N is chosen to be at least the length of the sequence h(n). The 
DFT 

A(k) = log [H(k)] =log |H(k)| + j arg [H(k)] 

corresponds to an aliased sequence 

h(n) wo S h(n + rN) 



   

              

            

            

         

      

          

          

             

            

          

          

        

           

      
             

           

           

            

             

           

              

                

           

   

            

             

 

    

      

           

            

          

           

     

   

 

  
     

    

              
             
             
          

       

           

           
              

             
           

           
         

            
      

              
            

            
             

              
            

              
                 

            
 

     

             
              

  
      

       
            

             
           

           

      

   

  
   

    

358 Discrete Hilbert Transforms 

Clearly, the larger we choose N, the better will be the result of the process

of multiplying 4,(n) by uy(n). Computing the DFT to obtain log | H(k)|for 
the real part and an approximation to the minimum phase yields results that 
are very useful in some practical situations (see Chapter 10). 

7.4 Hilbert Transform Relations for Complex Sequences 

Thus far we have considered Hilbert transform relations for the Fourier 

transform of causal sequences and the discrete Fourier transform of periodic 
sequences which are “causal” in the sense that they are zero in the second 

half of each period. In this section we consider complex sequences for which 
the real and imaginary components can be related through a convolution 
similar to the Hilbert transform relations derived in the previous sections. 
These Hilbert transform relations are particularlv useful in representing 
bandpass signals as complex signals in a manner completely analogous to the 
“analytic signals” of analog signal theory [6].

As in the previous discussions it is possible to base the derivation of the 
Hilbert transform relations on a notion of causality. Since we are interested 

in relating the real and imaginary parts of a complex sequence, ‘“‘causality” 
will be applied to the Fourier transform of the sequence. We cannot, of 
course, require that the Fourier transform be zero for w &lt;0 since it is 
periodic. However, we shall define “‘causality” in this context to mean that 
the Fourier transform is zero in the second half of each period; i.e., the z-

transform is zero on the bottom half (—# &lt; w &lt;&lt; 0) of the unit circle. Thus, 

with s(n) denoting the sequence and S(e’®) its Fourier transform, we require 
that 

Se’) =0, —ar &lt;ow&lt;0 (7.41) 

It is clear that the sequence s(n) corresponding to S(e’®) must be complex 
since for s(n) to be real requires S(e 7?) = S*(e’®). Therefore, we express 
s(n) as 

s(n) = 5.(n) + js.n) (7.42) 

where s,(n) and s,(n) are real sequences. 
In analog signal theory, the comparable signal is an analytic function and 

thus is called an analytic signal. Similarly, we shall apply the same terminology 
to complex sequences like s(n). Although analyticity has no meaning for 
sequences, we note that to any sequence s(n), there corresponds a band-

limited analog signal s,(¢) such that 

s. (Dien = s(n) 

Therefore, i: 
} S(e’), O&lt;w&lt;m 

S, = : .(jo) &gt; otherwise 



       

              

       

          

        

    

    

            

            

            

          

   
                

           

               

           

           

       

 

    
   

   
   

        

   
    

   

      

            

             

            

          

            

                

 

        

               
        

           
         

      

      

             
             

            
           

   
                 

            
                

            
            

        
  

    
    

 

   
    

         

        
 

     
 

        

             
              

             
           

             
                 

7.4 Hilbert Transform Relations for Complex Sequences 359 

then the signal s,(¢) is an analytic function of ¢. In this sense the sequence 
s(n) does indeed correspond to an analytic signal. 

With S,(e’?) and S;(e’?) denoting the Fourier transforms of the real 
sequences s,(n) and s,(n), it is easily shown that 

Se’) = 1[S(e’®) + S*(e™7*)] (7.43a) 
1 

jSAe’®) = L[S(e’®) — S*(e™)] (7.43b) 

The complex transforms S,(e’@) and S;(e’?) play a role similar to that played 
in the previous sections by the even and odd parts, respectively, of causal 
sequences. Note, however, that S,(e’?) is not an even function but is con-

jugate even; i.e., S,(e’®) = S}(e??). Similarly, jS,(e’?) is conjugate odd; 
Le., jSi(e’?) = —jSF(e?).

If S(e’®) is zero for —m &lt; w &lt; 0, then there is no overlap between the 

nonzero portions of S(e’?) and S*(e=?@). Thus S(e’?) can be recovered from 
S,(e’?) or S,(e’®). Note that since S(e’®) is assumed to be zero at w = —r, 

S(e’®) is totally recoverable from jS;(e’?). This is somewhat in contrast with 
the two previous situations, in which the causal function could be recovered 
from its odd part except at the endpoints. 

In particular, 
jo

Se) — 54 ), O&lt;w&lt;m
0, — a &lt;w&lt;0 

1d 

Se’) _ (J54 O&lt;o&lt;w
0. — mr &lt;w&lt;0 

Alternatively, we can relate S,.(e’?) and S;(e’?) directly; i.e., 

on [—JS.e), O&lt;o&lt;a
S(e%) = L el —r&lt;w&lt;0 (7.44) 

Ir 

S.(e"®) = H(e'®)S. ('®) (7.45) 
where 

jon__|—J&gt; O&lt;w&lt;aHie =| i, — mr &lt;w&lt;0 (7.46) 

Now S;(e’?) is the Fourier transform of s,(n), the imaginary part of s(n), 
and S,(e’?) is the Fourier transform of s,(n), the real part of s(n). Thus, 
according to Eq. (7.45), s,(n) can be obtained by processing s.(n) with a 
discrete system with frequency response H(e’®) as given by Eq. (7.46). 
This frequency response has unity magnitude, a phase angle of —=/2 for w 
between 0 and 7, and a phase angle of 47/2 for w between 0 and —#. Such 



   

              

      

            

            

          

        

            

 

 

           

     

     

      

         

          

            

 

        

      

          

 

    

              

       

           

             
           

         

       

 

  

            
      

        

 

       

          
           

             
 

    

 

 

         
  

           
  

360 Discrete Hilbert Transforms 

a system is often referred to as a 90-degree phase shifter or a Hilbert trans-

former. From Eq. (7.45) it follows that 

j joy jo . jw 47S.(e’?) — aSie ) = —H(e’*)S,(e’) (7 

Thus —s,(n) can also be obtained from s,(r) with a 90-degree phase shifter. 
The impulse response h(n) of a 90-degree phase shifter, corresponding to 

the frequency response H(e’?) given in Eq. (7.46), is 

Wn) = 1 [ ie?" do — A [Fier dw2 3 2m Jo 

2

2sinf(mnf2)
7 n 

0). n—=—0 

The normalized impulse response is plotted in Fig. 7.10. Using Egs. (7.45) 
and (7.47) we obtain the expressions 

5,(n) = 2 s(n — m)h(m® (/ 49) 

“1 

sm) = — 3 s(n — m)h(m) (7.50) 

Equations (7.49) and (7.50) are the desired Hilbert transform relations 
between the real and imaginary parts of a discrete-time analytic signal. 

An alternative representation of s(n) is in terms of its magnitude and phase; 
Le 

n) — A(n)e’®™ (7.51) 

Tn) 

1 

3 5 7 ose—R-7 ~F=-R-a4-3 7 1 }* &amp; 1 
2 3 45 6 7 8 n 

Fig. 7.10 Normalized impulse response of an ideal Hilbert transformer or 
90-degree shifter. 



       

    

  

           

            

            
              

            

        

    

            

            

  

   

            

          

        

          

      

         

         

       
          

          

             

              

                  

             

           

           

              

            

        

            

            

             

          

          

        

 

     
 

    
 

            
            
             

               
             

         

     

             
             

   

    

             
           

         
           
       

          
         

        
           

           
              

               
                   

              
            

            
               
            

         
             

             
              

          
           

7.4 Hilbert Transform Relations for Complex Sequences 361 

where 

1(n) = (sXn) + sin)": (7.522)
and 

$(n) = arctan "si(n)] (7.52b)
Ls.(n)] 

The magnitude sequence, A(n), is often called the envelope of the sequence 
s(n). The concept of minimum phase as discussed in Sec. 7.2 has its counter-

part in the theory of analytic signals. The development of this concept leads 
to rather difficult mathematics, and since we have no need for it in this book, 
we shall not discuss it further. Details of this nature for bandlimited signals 

are discussed by Voelcker [15] and also Requicha [16]. 

7.4.1 Design of Hilbert Transformers 

We can see from Eq. (7.48) that the z-transform of h(n) converges only 
on the unit circle. In fact, owing to the discontinuity of the imaginary 
part, the series 

H(e') = Y h(n)e*" 

converges to Eq. (7.46) only in the mean-square sense. Thus the ideal Hilbert 
transformer or 90-degree phase shifter takes its place alongside the ideal 
lowpass filter and ideal bandlimited differentiator as valuable theoretical 
concepts which correspond to noncausal systems and for which the system 
function exists only in a restricted sense. 

Approximations to the ideal Hilbert transformer can, of course, be 
obtained. In the case of finite-duration approximations, the standard tech-

niques of windowing, frequency sampling, and equiripple approximation 
can be applied in approximating the ideal characteristics of Eq. (7.46). 

Figure 7.11(a) shows an example of a Hilbert transformer designed by 
windowing Eq. (7.48) with a Blackman window with N = 27 (see Chapter 5). 
The magnitude of the frequency response is shown for 0 &lt; w &lt; =. The 
phase is —90° for 0 &lt; w &lt; 7 and +90° for —7 &lt; w &lt; 0. In addition, 

there is a linear phase shift corresponding to a delay of 13 samples. Figure 
7.11(b) shows an equiripple approximation for N = 27. This filter was 
designed to have an equiripple approximation error in a band 0.08747 &lt; 
w &lt; 0.91267. The phase is as in the previous example. This design 1s from 
a table of Hilbert transform designs given by Herrmann [17]. A more de-

tailed discussion and tables are given in Ref. 18. 
For systems that admit a recursive realization, it is possible to make use 

of a considerable amount of work on the design of analog phase splitters. 
These analog systems take the form of a pair of allpass filters whose phase 
responses differ by a constant 90 degrees. Using the bilinear transforma-

tion method, we can derive a corresponding pair of discrete-time allpass 
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Fig. 7.11 Finite-duration impulse response Hilbert transformer approxi-
mations:(a) N = 27,design by windowing with Blackman window;
(b) N = 27, equiripple magnitude approximation error (after
Herrmann [I7]). No phase error in either case. 

systems with the same properties. Such a system, as depicted in Fig. 7.12, 
does not give an output that is equal to the Hilbert transform of the 
input, but rather it gives two outputs that are Hilbert transforms of each 
other. Thus if the input is denoted x(n) and x,(n) denotes its Hilbert 
transform, then the sequence y(n) = y(n) + jy,(n) has a z-transform that 
vanishes on the bottom half of the unit circle, and on the upper half Y(e’®) 



       

       

              

            

   

    

         

           

              

    

   

        

 

           

           

            

     

       

          

 

   

          

             

       

     

  

        

     

  

        

 

 

  

        

               
             

    

     

         
            

               
     

    

         

  

            
            

             
      

        

          
  

    

           
              
        

      

   

         

      
    

7.4 Hilbert Transform Relations for Complex Sequences 363 

n(n) 

x(n) 

ho(n) 7:(n) 

Fig. 7.12 Representation of 90-degree phase splitting system. 

differs from the transform of x(n) = x,.(n) 4 jx;(n) in phase but not in 
amplitude. For an example of a recursive realization of such a system, see 
Gold et al. [8]. 

1.4.2 Representation of Bandpass Signals 

Many of the applications of analytic signals concern narrow-band communica-

lions signals. In such applications it is sometimes convenient to represent a 
bandpass signal in terms of a lowpass signal. To see how this can be done, 
consider the complex lowpass signal 

x(n) = x,(n) +jx,(n) 

where x,(n) is the Hilbert transform of x,(n), and 

—X(e)=0, —7&lt;w&lt;0 

The Fourier transforms X,(e’®) and jX,(e’®) are depicted in Fig. 7.13(a) and 
(b), respectively, and the resulting transform X(e’®) = X,(e’®) + jX,(e’®) is 
shown in Fig. 7.13(c). (Solid curves are real parts and dashed curves are 
imaginary parts.) Now consider the sequence 

s(n) = x(n)e’®" = s(n) + js,(n) (7.53) 

where s5,(n) and s,(n) are real sequences. The corresponding Fourier trans-

form is 

S(e’®) = X(e''*7e)) (7.54) 

which is depicted in Fig. 7.13(d). The Fourier transforms S,(e’*) and 
jS;(e’®) are shown in Fig. 7.13(e) and (f). It is clear that for bandpass 
signals, §;(n) is the Hilbert transform of s,(n). 

Since x(n) can be expressed as 

x(n) = A(n)e’*™ 

as in Eq. (7.51), we can write s(n) as 

s(n) = [x,(n) + jx,(n)}e’*" (7.55a) 
—_ A(n)e? @enteln)) (7.55b) 
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Fig 7.13 Fourier transforms for representation of bandpass signals. Solid 
curves are real parts and dashed curves are imaginary parts.

[Note that in (b) and (f) the functions jX,(e’®) and jS,(e’®) are 
plotted where X,(e’®) and S,(e’®) are the Fourier transforms of 
the Hilbert transforms of x,(n) and s,(n), respectively.] 

[hus we have the expressions 

5.(n) = x(n) cos w,n — x,(n) sin wn (7.56a) 
= A(n) cos [w,n + H(n)] (7.56b) 

s{n) = x(n) sin w,n + x(n) cos wn 

— An) sin [wn + $(n)] 

Equations (7.56a) and (7.57a) are the desired representations of bandpass 



 

             

           

           

        

           

           

              

             

           

               

             

              

           

      

             

            

         

                

              

           

           

                

              

  

   

               

          

            

     

             

        

        

          

            

          

             

           

         

             

            

           

  

              
            

            
         

            
           

               
              

            
               

              
               

            
       

              
             

          
                 

               
            

            
                 
               

   
     

                
           

             
      

 

              
         

         
           

             
           

              
            

          
              

            
            

Summary 365 

signals in terms of lowpass signals. We note that Eqs. (7.56b) and (7.57b) are 
in the form of a sinusoid modulated in both amplitude and phase. 

Examples of the use of these relations are the representation of bandpass 
filters and the representation of modulation processes. Another important 
use of analytic signals is in the theory of bandpass sampling. Specifically, 
we know that if we have a continuous-time signal with Fourier trans-

form X,(jQ) which is zero for |Q| &gt; (,/2), then we must sample it at 
a rate greater than (£2,/27) samples per second in order to recover it from 
the samples. Equivalently, if we have a real sequence x,(n) whose Fourier 
transform is zero for wy/2 &lt; w &lt; mr, it can be resampled; i.e., the sam-

pling rate can be reduced by discarding samples. For example, if w, = =, 
the original sampling rate was too high by a factor of 2, and every other 
sample can be discarded. More generally, the number of samples per second 
can be reduced by a factor 27/w,. 

Now let us consider a real bandpass signal s,(n) as depicted in Fig. 7.13(e). 
Since the signal is real, the Fourier transform must, of course, be conjugate 
symmetric. In determining the minimum sampling rate, we must consider 
the spectrum to have a width w, = 2(w, + Aw); i.e., in this case although the 
actual bandwidth is Aw, the sampling rate of s,(n) can only be reduced by a 
factor 27/w,. However, consider the analytic signal s(n) = s,.(n) + js;(n), 
with Fourier transform S(e’®) as depicted in Fig. 7.13(d). Since S(e’®) is 
zero except in the region w, &lt; ow &lt; w, + Aw, we can reduce the sampling 
rate by a factor 27/Aw. This can be seen by noting that the complex lowpass 
analytic signal is 

x(n) = s(n)e 2" (7.58) 
as depicted in Fig. 7.13(c). This signal can be sampled at a rate that is lower 
by a factor 2m/Aw than the original sampling rate. Further consideration 
shows that, in fact, it is unnecessary to perform the modulation of Eq. 
(7.58) before reducing the sampling rate. 

Summary 

In this chapter we have discussed a variety of relations between the real and 
imaginary parts of Fourier transforms and complex sequences. These 
relationships are collectively referred to as Hilbert transform relationships. 

Our approach to deriving all the Hilbert transform equations was to 
apply a basic causality principle that allows a sequence or function to be 
recovered from its even part. An alternative approach, which is developed 
in several of the problems, is based on the rather special properties of analytic 
functions. We found that for a causal sequence, the real and imaginary 
parts of the Fourier transform are related through a convolution-type 
integral. Also, for the special case when the sequence is causal and both the 
poles and zeros of its z-transform lie inside the unit circle (the minithum-

phase condition), we showed that the logarithm of the magnitude and the 



   

           

        
 

        

         
          

         

          

             

      

          
  

         

   
           

    

           

    

            
  

         

      
         

       

             

         

       
               

           

  
         

   
            

           

          

    
          

 
           

           

           

          
           

        
 

       

       

    

            
         

  

         
          

           

          
           

              
       

 

          
   

          
    

            
     

            
     

              
   

          
       

          
        

              
         

        
               

            
   

          
    

             
            

           
     

           
  

           
            

            
           

            
         

  
        

        

366 Discrete Hilbert Transforms 

phase of the Fourier transform are Hilbert transforms of each other. A 
number of other important properties of minimum-phase sequences were 
also discussed. 

Hilbert transform relations were derived for periodic sequences that 
satisfy a modified causality constraint, and for complex sequences whose 
Fourier transforms vanish on the bottom half of the unit circle. 

In discussing Hilbert transform relations, our emphasis was on theoretical 
concepts rather than applications. Some of the uses of Hilbert transforms 
are illustrated in the problems and also in Chapter 10, where the results of 
this chapter play a very important role. 

REFERENCES 

1. L. V. Ahlfors, Complex Analysis, 2nd ed., McGraw-Hill Book Company,
New York, 1966. 

2. R. V. Churchill, Complex Variables and Applications, McGraw-Hill Book 
Company, New York, 1960. 

3. P. M. Morse and H. Feshback, Methods of Theoretical Physics, McGraw-Hill 
Book Company, New York, 1953. 

4. H. W. Bode, Network Analysis and Feedback Amplifier Design, Van Nostrand 
Reinhold Company, New York, 1945. 

S. E. A. Guillemin, Theory of Linear Physical Systems, John Wiley &amp; Sons, Inc.. 
New York, 1963. 

6. J. Dugundji, “Envelopes and Pre-Envelopes of Real Waveforms,” Trans. 
IRE, Vol. IT-4, Mar. 1958, pp. 53-57. 

7. V. Cizek, “Discrete Hilbert Transform,” IEEE Trans. Audio Electroacoust., 
Vol. AU-18, No. 4, Dec. 1970, pp. 340-343. 

8. B. Gold, A. V. Oppenheim, and C. M. Rader, “Theory and Implementation of 
the Discrete Hilbert Transform,” Proc. Symp. Computer Processing in Com-

munications, Vol. 19, Polytechnic Press, 1970, New York. 
9. D. J. Sakrison, W. T. Ford, and J. H. Hearne, “The z-Transform of a Realiz-

able Time Function,” IEEE Trans. Geosci. Elect.. Vol. GE-5. No. 2, Sept. 
1967, pp. 33-41. 

10. F. B. Hildebrand, Advanced Calculus with Applications, Prentice-Hall, Inc., 
Englewood Cliffs, N.J., 1962. 

1. S. Treitel and E. A. Robinson, “The Design of High-Resolution Digital Filters,” 
IEEE Trans. Geosci. Elect., Vol. GE-4, No. 1, June 1966, pp. 25-38. 

12. E. A. Robinson, Random Wavelets and Cybernetic Systems. Charles Griffin 
and Co. Ltd., London, 1962. 

13. E. A. Robinson, Statistical Communication and Detection, Hafner Press, New 
York, 1967. 

14. A. J. Berkhout, “On the Minimum Phase Criterion of Sampled Signals,”

IEEE Trans. Geosci. Elect., Vol. GE-11, No. 4, Oct. 1973, pp. 186-198. 
15. H. B. Voelcker, “Toward a Unified Theory of Modulation,” Proc. IEEE, 

Vol. 54, Mar. 1966, pp. 340-353, and May 1966, pp: 735-755. 
16. A. A. G. Requicha, “Contributions to a Zero-Based Theory of Bandlimited 

Signals,” Ph.D. Thesis, Department of Electrical Engineering, University of 
Rochester, 1970. 

17. O. Herrmann, “Transversalfilter zur Hilbert-Transformation,”” Arch. Electronik 
Ubertragungstechnik, Vol. 23, No. 12, 1969, pp. 581-587. 



 

              

            

           

           

            

                

 

       
       

      

  

               

             

           

             

         
           

         

    
        

           

               

   

                   

   

 

                

         

  

       

       

               

       

 

      

            

  

               
            

 

            
            

 

             
                 

 
       
        

      

  

                
              

           
              

         
           

          

    
        

           
                

    
                    

    
 

  

                 
          

   

     
      

                
        

      
  

           

Problems 367 

18. L. R. Rabiner and R. W. Schafer, “On the Behavior of Minimax FIR Digital 
Hilbert Transformers,” Bell Syst. Tech. J., Vol. 53, No. 2, Febr., 1974, pp.
361-388. 

19. O. Herrmann and H. W. Schuessler, “Design of Nonrecursive Digital Filters 
with Minimum Phase,” Elect. Letters, Vol. 6, No. 11, 1970, pp. 329-330. 

PROBLEMS 

l. In Sec. 7.1 we observed that the z-transform is completely determined outside 
the unit circle by the value of its imaginary part on the unit circle and the value 
of A(0).

(a) Beginning with Eq. (7.8), derive Eq. (7.14b).
(b) Use Eq. (7.14b) to find H(z) when 

RL...
Hx(e™®) 1 + a? — 2acosw 

h(0) = 1 

2. In Sec. 7.1 we derived the Hilbert transform of a real causal sequence h(n) by 
exploiting the property that the real and imaginary parts of H(z) on the unit 
circle correspond to the even and odd parts of /(n), respectively. Alternatively,

since the z-transform is analytic in its region of convergence, we can derive the 
Hilbert transform directly in the frequency domain, using Cauchy’s integral
formula. Cauchy’s integral formula is the following: If F(z) is analytic every-
where inside and on a simple closed contour C. then 

1 F(O)dl (F(z), ifzinside C
2aj Jo { —z " if z outside C 

Let H(z) be the z-transform of a stable, causal, complex sequence h(n).

(a) Let F(z) = H(1/z). F(z) is analytic everywhere in the disc |z| &lt; R, where 
R &gt; 1. Why? 

(b) Let the contour C be the unit circle |z] = 1. If the point { lies on C, then 
show that the point 

Lore 
7 i= 

lies outside C whenever z lies inside C. The points z and Z are said to be 
inverse (or image) points with respect to the circle C. 

(c) By considering 

=P +g) —t LFQdl a $ F(p dt
20j Jo L—2z 2nj J, ( — 2 

for « = +1 and « = —1, show that we can find F(z) everywhere inside 
the unit circle from F(e?®) as the convolutions 

= |"P(r, 0 — $F(ei?) db. 
Frei?) = 

| F(0) + JL |"0. 0 — OFEP) db, r&lt;1 (P1.2-2) 



   

  

 

          

     

    
 

               

    

       

       

         

         

        
        

          

      

            

           
   

             

           

             

                

            

        

  

           

              

               

           

  

 
     

   

     

               
   

    

 

    

   

           

 

    
     

                
     

       
       
         
         
        
         

           

       

             
            

    
              

            
              

                 
             

         

   

            
               

                
            
   

 
  

     

      

                
    

368 Discrete Hilbert Transforms 

x! 

Zz rei? 0&lt;r&lt;l, —a&lt;b0&lt;n® 

pd —am&lt;d &lt;a 

and P and Q are real. Find P(r, 6) and Q(r 0). 

Hint: 

i o 1 L — ff 
rs TTT IT 2 or + a 

(d) Let F(re®®) = u(r, 6) + ju(r, 6). When r &lt;1, use Egs. (P7.2-1) and 
(P7.2-2) to find expressions for 

(1) u(r, 6) in terms of u(1, 0).

(2) v(r, 6) in terms of v(1, 6).

(3) u(r, 0) in terms of v(1, 0) and u(0).

4) v(r, 0) in terms of u(1, 6) and v(0).

(5) F(re’®) in terms of u(1, 6) and v(0).
6) F(re’®) in terms of v(1. 8) and u(0). 

You may express your answers to parts (e) and (f) using 

K(re’®) = P(r, 6) + jO(r. 6) 

(e) Let H(pe') = Hp(p, w) + jH,(p, w). Using H(pe'®) = F(p™le), 
transform your results from part (d) to get the Hilbert transform relations 
for the unit circle. 

[Note that K(z1) = U(z), where U(z) is the kernel defined in the text.] 
You should have found that the constants Hz() and Hy() (or their 
equivalents in the time domain) appear in some of the relations in part (e). 
Show that if h(n) is real, Hz() = 0 or if h(n) is imaginary Hp() = 0 
(Hint: Use the initial value theorem, if you have not already done so.) 

3. Suppose that F(z) is a rational function: i.e.. 

N(z)
F(z) == D2) 

where N(z) and D(z) are polynomials. Moreover, assume that F(z) has no 
poles or zeros of multiplicity greater than 1. Let C be a simple closed contour, 
and let Z and P be, respectively, the number of zeros and poles of F(z) enclosed 
by the contour. (Assume there are no poles or zeros on C.) 
(a) Show that 

1 F(z),
6 Fo dz =7Z — F 

'b) if F(z) = |F(z)|e’a8F(2)showthat 

— arg [F(z)] I =/Z — 

i.e., the change in the phase of F as the contour C is traversed exactly once 
is 27(Z — P). 



 

            

           

       
               

   

   

             

           

              

            
            

           
            

        

         

    

        

     

      

               

              

 
            

          
       
   

 

 

 
 

               

   

 

 

   
 

           

              

           

  

            
            

       
                

    

    

              
            

               
             
            

           
             

        
          

     

         
      

       
 

                
               

  
             

           
       

    

  
  

  
  

              
    

  
  

  
  

            
               

            

Problems 369 

(It can be shown that these results generalize in the case of multiple-

order poles and zeros by counting poles and zeros according to their 
multiplicity; i.e., a second-order pole is counted twice.)

4. Let x(n) be a real causal sequence for which |x(n)] &lt; co. The z-transform of 
x(n) is given by 

Xz) = 2 x(mz™ 

which is a Taylor’s series in the variable z=, and therefore converges to an 
analytic function everywhere outside some circular disc centered at z = 0, 
[The region of convergence includes the point z = «© and, in fact, X(®) = 
x(0).] The statement that X(z) is analytic (in its region of convergence) implies 
strong constraints on Xj; i.e., its real and imaginary parts each satisfy Laplace’s

equation and the real and imaginary parts are related by the Cauchy-Riemann
equations. We shall now use these properties to determine X(z) from its real 
part when x(n) is a real, finite-valued causal sequence.

Let x(n) be a real (finite-valued) causal sequence with z-transform 

X(2) = Xg(2) + jX;(2) 

where Xr and X; are real-valued functions of z. 
Suppose that X(z) is given by 

0el®) — p + acoswX (pe’ (« real)
0 

for z = pe’®. Then find X(z) (as an explicit function of z) assuming that X(z) 
is analytic everywhere except at z = 0. Do this using both of the methods 
suggested below. 
(a) Method 1 (frequency domain): Use the fact that the real and imaginary 

parts of X must satisfy the Cauchy-Riemann equations everywhere that X 
is analytic. The Cauchy-Riemann equations are the following:
(1) In Cartesian coordinates: 

oU ov 
ax oy 

ov. aU 
ax dy 

where z = x + jy and X(x + jy) = U(x, y) + jV(x,y).

(2) In polar coordinates: 

oU 1aV 
dp pow 

ov _ 1 U 
9p pow 

where z = pe’ and X(pe’®) = U(p, 0) + jV(p, w). 
Since we know that U = Xp, we can integrate these equations to find ¥ 
and hence X. (Be careful to treat the constant of integration properly.) 



   

            

            

          

    

             

         

             

                 

      

  

     

             

         
               

             

     

  

          

            

           

         

              

        

      

 

  

              

      

        

    

    

      

               

      

          

             

       

  

             

           
     

    

             
             

           

     

              
          

              
                  

       

  

    

             
 

           
                

             
      

   

           
             

            
          

               
         

       

  
   

              
       

         
     

  

    

               
       
           
              

        

   

              
           

      

370 Discrete Hilbert Transforms 

(b) Method 2 (time domain): Use the fact that the sequence x,(n) whose 
Fourier transform is Xz(e’®’) must be real and even and the sequence xq() 
whose Fourier transform is jX;(e’®) is real and odd. By linearity, 

x(n) = x,(n) + xo(n) 

Since we can find x,(n) directly from X5(e’®) and since x(n) is real and 
causal, we can find x(n). Hence we can find X(z). 

5. Derive an integral expression for H(z) inside the unit circle in terms of 
Re [H(e?®)], when h(n) is a real, stable sequence such that a(n) = 0 for n &gt; 0. 

6. Show that the allpass system function 

zl — g* 

H,,(2) =1=g7-1° lal &lt;1 

has unity gain for all frequencies. That is, show that |H,,(e?*)] =1 for 
0&lt;w&lt;m 

7 Consider a stable non-minimum-phase causal signal x(n), with z-transform X(z) 
The zeros of X(z) are z;, k = 1,2,..., M, where |z;| &lt; |z,] &lt;... &lt;|zpl. 
We propose to obtain a new sequence y(n) that is minimum phase by exponen-

tially weighting the sequence x(n); i.e., 

y(n) = atx(n) 

How should « be chosen so that y(n) is minimum phase? 
8. In Sec. 7.2 we asserted that minimum-phase sequences are so called because 

their phase-lag functions (negative of phase) are smallest of all real, causal 
sequences having the same Fourier transform magnitude. This assertion rests 
on the statement that the phase of an allpass system which is real, causal. and 
stable is always less than or equal to zero. 
(a) Consider the first-order allpass transfer function 

zl —a 
Hyp(2) = 1—— 

where a is real and |a| &lt;1. Show that the phase of H,,(e’*) is non-

positive for 0 &lt; vo &lt; =. 
(b) Now consider the second-order allpass transfer function with complex-

conjugate poles and zeros; i.e., 
1 _ g% 1 _ 

Ho) = —52%—az 11 — a*z 

where a is complex with [a] &lt; 1. Show that the phase of H,,(e’®) is non-

positive for 0 &lt; ow &lt; mr. 
Since the transfer function of any allpass system with real impulse 

response can always be represented as a product of factors as in parts (a) 
and (b), the above results show that if 

H(z) = H;,(2)H,,(2) 

then the phase of H(e’?) will always be more negative than the phase of 
H,,in(€’®), and thus H;,(e’®) has the minimum phase lag of all systems
for which |H(e’®)| = |Hpin (€?)I. 
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(Suggestion: In both parts (a) and (b), the desired result can be shown 
by algebraic manipulation of arg [H(e’®)]. Alternatively, a simple geo-
metrical argument suffices if the transfer functions are first mapped to the 
s-plane using the bilinear transformation.)

9. Prove the validity of the following two statements: 
(a) The convolution of two minimum-phase sequences is also minimum phase. 
(b) The sum of two minimum-phase sequences is not necessarily minimum 

phase. (Give an example of both a minimum-phase and non-minimum-

phase sequence that can be formed as the sum of two minimum-phase

sequences.)
10. Let Ay;n(n) denote a minimum-phase sequence with z-transform Hy, (2). If 

h(n) is a causal, non-minimum-phase sequence whose Fourier transform 
magnitude is equal to [Hp (e’?)], show that 

|~(0)]| &lt; 12min(0)] 

(Hint: Use the initial value theorem.)

11. One of the interesting and important properties of minimum-phase sequences
is the minimum-energy delay property; i.e., of all the causal sequences having
the same Fourier transform magnitude function |H(e’?)|, the quantity 

Slhe? 
is maximum when h(n) is the minimum-phase sequence. This result is proved 
as follows: Let A;(7) be a minimum-phase sequence with z-transform Hy,;,, (2). 
Furthermore, let z, be a zero of H,;, (2) so that we can express Hp,;,(z) as 

Ho in(2) = 0A — zz), lz) &lt;1 

where Q(z) is again minimum phase. Now consider another sequence h(n)
with z-transform H(z) such that 

|H(e®)| = |Hpin(e’®)] 

and H(z) has a zero at z = 1/z}¥ instead of at zy. 

(a) Express H(z) in terms of Q(z).

(b) Express h(n) and hy,(n) in terms of the minimum-phase sequence g(n)
which has z-transform Q(z). 

(c) To compare the distribution of energy of the two sequences, show that 

= 3 in@I2 = 3HEE = (1 = 122g(ml? 

‘d) Using the result of part (c), argue that 

|A(n)|2 &lt; S
2, (n)| &lt; 2\rmin(m%, for all m 

12. Shown in Fig. P7.12 are eight different finite-duration sequences. Each sequence 
is four points long. The magnitude of the Fourier transform is the same for all 
sequences. Which of the sequences has all the zeros of its z-transform inside 
the unit circle? 
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Fig. P7.12 

13. Let h(n), hy(n), . . . , hyr(n) denote M finite-duration sequences, all of duration 

N, i.e., hin) = 0 for n &lt; 0 and n = N. The magnitude of the Fourier 
transform of each of these sequences is identical. None of the sequences are 
proportional (with either a real or complex constant of proportionality) to any
of the others. 
(a) What is the maximum value of M if the sequences are not restricted to be 

real? 
(b) What is the maximum value of M if the sequences are restricted to be real? 

A maximum-phase sequence is obtained by reflecting all the zeros of the z-

transform of a minimum-phase sequence to conjugate reciprocal positions
outside the unit circle. That is, we can express the z-transform of a maximum-

phase sequence as : 
Hpox(2) = Hpin(2)Hyp(2) 

In the case of a finite-duration sequence we can express Hy,;,(z) as 

N-1 

Hmin(2) = hin(0)TI a ~- zz7h), |zel &lt; 
k=1 



 

           
        

   

            
   

          

   

             

            

        
            

             

                
  

    

       
              

             

            

          

 

           
            

              

         
          

  
                

            
   

              
       

 

  

           
        

    

            
  

           

    

              
             

        
             

              
                

   
 

     
 

       
               

              

             
          
  

           
             

              
          

           
   

                 
 

             
    

              
        

 

 

 

  

Problems 373 

(a) Obtain an expression for the allpass function required to obtain H,,,(2).
(b) Show that H,,.(z) can be expressed as 

Hypox(2) = z7W-VH_. (z71 

(©) Using the result of part (b), express the maximum-phase sequence hp, (n)
in terms of hy;,(n).

l5. The even part of a sequence x(n) is defined by 

a(n) = x(n) LA 

Suppose that x(n) is a real finite-duration sequence defined such that x(n) = 0 
forn &lt;0and n &gt; N. Let X(k) denote the N-point DFT of x(n). 
(a) Does the DFT of x,(n) equal Re [X(k)]?
(b) What is the inverse DFT of Re [X(k)] in terms of x(n)? 

16. Consider a real-valued finite-duration sequence x(n) of length N; i.e., x(n) = 0, 
n &lt;0, n &gt; N, where N is odd. The M-point DFT of x(n) is designated by
X(k), so that 

N-1 

Xk) = &gt; x(n)e—i@r/ Mink 
n=0 

Let Xr(k) designate the real part of X(k).
(a) Determine, in terms of N, the smallest value of M (other than the trivial 

values M = 1, 2) that will permit X(k) to be uniquely determined from 

(b) With M satisfying the condition determined in part (a), X(k) can be 
expressed as the circular convolution of Xzp(k) with a sequence U(k).

Determine U(k). 
17. This problem is concerned with exploring one technique for designing digital

filters with minimum phase. Such filters have all their poles and zeros inside 
or on the unit circle. Let us first consider the problem of converting a linear-

phase finite-duration unit-sample response (FIR) equiripple lowpass filter to a 
minimum-phase design. Assume that H(e’®) is the frequency response of the 
linear-phase filter, where 
(1) h(n) is real. h(n) =0,n &lt;0, n &gt; N — 1. Furthermore, assume that N is 

odd. 
(2) The passband ripple is d,; i.e., in the passband |H(e’®)| oscillates between 

1 + é;and1— 45. 
(3) The stopband ripple is d,; i.e., in the stopband |H(e/®)| &lt; 6, and |H(e'®)|

oscillates between J, and 0 (see Fig. P7.17-1). 

He")
8 

N 

3, 

0. ST[7.1] 



   

              

         

          
         

     

    
   

          

  

              

   
  

  

          

       

               

    

          

                

 

  

            
          

            

            

 

 

  

 

               

           

 
              

             
                   

    

             
          

           
         

      

     

           

   

               
    

   

  

          
        

                

    

           
                

  
   

            
            

             
           

  
 

 
  

 

  

               
           

 
               

            
                    

374 Discrete Hilbert Transforms 

(4) H(e™®) = Hy(e’®)ei, where Hy(e®) is real and ny = (N — 1)/2. 
The following technique has been proposed by Herrmann and Schuessler 

[19] for converting this linear-phase design into a minimum-phase design that 
has a system function Hmin(z) and unit-sample response Amin (#).

Step A: Create a new sequence 

VIDOR n # ny
n(n) jo, +8, n=n 

Step B: Recognize that H;(z) can be expressed in the form 

H(z) = z7™Hy(2)Hy(1/2) 

for some H,(z), where Hy(z) has all its poles and zeros inside the unit circle, 
and hy(n) is real. 

Step C: Set 
Hy(z)

Hmin(z) =Jiro 

The denominator is to renormalize the passband so that the resulting

Hmin(e’?) will oscillate about a value of unity. 
(a) Show that if 4;(n) is chosen as in step A, then H;(e’®) can be written as 

Hy (e7®) = e™7*"0Hy(e’®) 

where H3(e’®) is real and nonnegative for all values of w. 
(b) If Hy(e’?) &gt; 0, as was shown in part (a), show that there exists an H,(z)

such that 
H(z) = Hy(2)H,(1/z) 

where H,(z) is minimum phase and h,(n) is real (i.e., justify step B).
(c) Demonstrate that the new filter Hmin(e’®) is an equiripple lowpass filter, 

i.e., that its magnitude characteristic is of the form shown in Fig. P7.17-2, 
by evaluating dé; and 8;,. What is N’, the length of A,(1)? 

Hpi (839) 

i
+8) 

NN 
NN NN 

——— 

Fig, P7.17-2 

(d) In parts (a), (b), and (c) we assumed that we started with a FIR linear-

phase filter. Will this technique work if we remove the linear-phase con-

straints? Explain.
18. Consider a sequence x(n) which has complex values so that x(n) = x,(n) + 

Jxi(n), where x,(n) and x(n) are teal. The z-transform, X(2), of the sequence
x(n) is zero on the bottom half of the unit circle; i.e., X(e’®) = 0, 7 &lt; ow &lt; 2m. 
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The real part of x(n) is 
2, n=20 

x(n) ={—%, n= +2 
0. otherwise 

Determine the real and imaginary parts of X(e/®).

19. Let H[ ] denote the ideal operation of Hilbert transformation; i.e., 

H{x(n)] ~ 3 hn — x(k) 

where h(n) is given by Eq. (7.48). Prove the following properties. 

(@) HH[x®]] = —x(n). 

(b) a x(n)H[x(n)] = 0. 

(Hint: Use Parseval’s theorem.) 
(©) Hx(n) » y(n)] = H[x(n)] * y(n) = x(n) » H[y(n)], where x(n) and y(n) are 
arbitrary sequences. 



  

 

        

          

        

        

            

          

           

             

            

         

            

           

         

         

           

         

          

            

        

           
        

 

   

  

         
           
         

         
             

           
            
              

             
          

             
           

         
          

            
          

           
             

         
            

         

 

8 

Discrete Random Signals 

8.0 Introduction 

The preceding chapters have focused on mathematical representations of 
discrete-time signals and systems and the insights that derive from such 
mathematical representations. We have seen that discrete-time signals and 
systems have both a time-domain and a frequency-domain representation, 
each having an important place in the theory and design of digital signal 
processing systems. Until now we have assumed that the signals were 
deterministic; i.e., each value of a sequence is uniquely determined by a 
mathematical expression, a table of data, or a rule of some type. In Chapters 
1 and 2 we discussed representation of such deterministic signals in terms of 
their z-transforms or Fourier transforms. Sequences that have a z-transform 
representation must have finite energy or it must be possible to multiply by 
an exponential sequence so that the product has finite energy. This finite-

energy requirement corresponds essentially to the requirement that the z-

transform converges. In Chapter 3 we considered periodic sequences. The 
z-transform for periodic sequences does not exist since the condition of finite 
energy cannot be satisfied. However, periodic signals are, by definition, 
identical from period to period, and consequently they can be uniquely 
represented in terms of a single period. A single period is a finite-length, 
and consequently finite-energy, sequence. This property of periodic signals 
was exploited in Chapter 3 for the representation of periodic signals by 
means of the Fourier series or discrete Fourier transform. 

3TAR 



     

           

          

           

      

            

             

          

          

           

         

            

          

          

          

           

            

             

        

          

            

           

           

         

           

         

         

          

           

           

           

          

        

            

          

            
             

         

           

         

    

        

            

      

            
           

            
      

             
              

           
           

            
          

             
           

           
           

            
             

              
         

           
             

            
            
          

            
          

         
           

            
            

            
           

         
             

           
             
              

          
            

          
 

     

        
             

8.1 A Discrete-Time Random Process 377 

There are many important examples of signals which either do not have 
finite energy or are not periodic. Many communication signals, for example, 
are of indefinite duration and consequently are best modeled in terms of 
infinite-duration infinite-energy signals. In many situations, signal-genera-

tion processes are so complex as to make precise description of a signal 
extremely difficult, if not impossible. As an example we will see in Chapter 9 
that many of the effects encountered in implementing digital signal processing 
algorithms with finite register length can be represented by additive “noise,” 
which can be conveniently treated as a sequence with infinite energy. Many 
mechanical systems generate acoustic or vibratory signals which can often 
be processed to diagnose potential failure; again signals of this type are best 
modeled in terms of infinite-energy nonperiodic signals. Speech signals to be 
processed for automatic recognition or bandwidth compression and music to be 
processed for quality enhancement are two more of many possible examples. 

The key to the mathematical representation of such signals lies in their 
description in terms of averages. As will be developed in this chapter, many 
(but not all) of the properties of such signals can be summarized in terms 
of a finite-energy sequence called the autocorrelation or autocovariance 
sequence, for which the z-transform or the Fourier transform often exists. 
As we will see, the Fourier transform of the autocovariance sequence has a 

useful interpretation in terms of the frequency distribution of the power in 
the signal. The use of the autocovariance sequence and its transform also 
has the important advantage that the effect of processing infinite-energy 
signals with a discrete linear system can be conveniently described in terms 
of the effect of the system on the autocovariance sequence. 

In developing the representation of infinite-energy signals it is con-

venient to work within the framework of nondeterministic, i.e., random or 

stochastic, signals. Within this framework the signal is considered to be a 
member of an ensemble of discrete-time signals which is characterized by a 
set of probability density functions. The theory of stochastic signals in its 
most general form is extremely advanced and abstract, and a rigorous 
treatment requires a degree of mathematical sophistication beyond our 
scope. Our primary objective in this chapter is to collect and interpret a 
specific set of results pertaining to representation of random signals (i.e., 
those having infinite energy) which will be useful in the chapters that follow. 
Thus we shall avoid a detailed discussion of most of the difficult and subtle 

mathematical issues of the theory of random processes. Although our 
approach will not necessarily be rigorous, we shall be careful to summarize 
the important results and the mathematical assumptions implicit in their 
derivation. 

B.1 A Discrete-Time Random Proces. 

The fundamental concept in the mathematical representation of infinite-

energy signals is that of a random process. In our discussion of random 



   

         

            

        

         
           

     

           

            

                

                 

             

              

  

       

              

            

            

           

       

          

             

            

            

           

           

  

               

           

              

              

          

            

    

          
            

         
          

            

      

           
             

                 
                  

              
               

  

  
         

               

            
             

            
        

           
              
             

             
            
            

   
               
            

              
               

           

             

378 Discrete Random Signals 

processes as models for infinite-energy discrete-time signals, we shall assume 
that the reader is familiar with fundamental concepts of the theory of proba-

bility such as random variables, probability distributions, and averages. 
Those readers who require further background in probability theory are 
referred to one of the basic texts listed in the references [1-7]. 

8.1.1 Simple Example: The Bernoulli Process 

We shall introduce the concept of a random process through the dis-

cussion of a very simple example. Suppose that a sequence of numbers is 
generated as follows: At a given time n, a coin is tossed, and if the result is 
heads, the value of the sequence at n is x(n) = 4-1; if the result is tails, the 
value is x(n) = —1. A sequence that might have been generated by this 
scheme is shown in Fig. 8.1. If we assume that this process has been operating 

-4 — -

} | 
Fig. 8.1 Sequence of + I’s and — 15 

for all time, i.e., —o0 &lt;n &lt;&lt; co, then we obtain a sequence of infinite 

duration. If we attempt to represent this sequence by the methods of pre-

vious chapters, we encounter two basic difficulties. First, it is clear that the 
sequence has infinite energy and that neither the z-transform nor the Fourier 
transform exists. Second, our personal experience with coin-flipping 
experiments should suggest that it is impossible to precisely characterize the 
sequence other than by tabulating the set of sample values, and since it is 
assumed that the duration is infinite, this is a’so impossible. Even given a 
large number of past samples, it would be impossible to determine the next 
sample in the sequence with any certainty. This uncertainty leads us in 
general to a characterization of the sequence in terms of probabilities and 
thus to averages. 

In this case let us suppose that, at any time, the probability ofheads is p. 
Then by the fundamental axioms of the theory of probability, the probability 
of tails must be 1 — p. The nth-sequence value, x(n), thus has an interpreta-

tion as a particular value of a random variable x,, i.e., a function of the 
outcome of the experiment of tossing a coin.t Specifically, each sequence 

+ Random variables with this probability law are known as Bernoulli random variables. 



     

               

             

              

          

           

                

           

             

                 

    

             

        

              

             

          

             

             

         
               

          

         

            

           

          

             

          

          

           

              

         

           

           

              

             

          

          

  

          

            

           

             

           

      

                

              
               

           
            

                 

            
              
                  

     
              

         
               

              
           

              
              

          
                
           

          
             

            
           

              

           
           

            
               

          
           

            
               

              
           

           

 

   

           
             

            

              
            

8.1 A Discrete-Time Random Process 379 

value can be viewed as the result of assigning a number to the outcome of the 

coin-tossing experiment. That is, to the event “a head is tossed” the value 1 
is assigned. Similarly, to the event “a tail is tossed” the value —1 is assigned. 
Since the entire set of possible outcomes for the coin-tossing experiment 
consists of these two mutually exclusive events, the random variable x,, can 
only take on the two values x(n) = +1 and x(n) = —1. To each event, we 

assign a number that specifies the probability of occurrence of that event. 
In this example the probability of heads is p and thus the probability that 
x, = -+1 is p. Similarly, since the probability of tails is 1 — p, so is the 

probability that x, = —1. 
The set of random variables {x,} for —o0 &lt;n &lt; oo, together with the 

probabilistic description of each random variable, constitutes the definition 
of a random process.t A given sequence of values {x(n)}, —c0 &lt;n &lt; oo, isa 
realization of the random process and is called a sample sequence of the random 
process. The number of possible sample sequences that could be generated 
by the scheme of our example is infinite. The collection of all the sequences 
that could result as realizations of a random process is called an ensemble of 

sample sequences. Several possible sample sequences for the present example 
are shown in Fig. 8.2. Indeed, unless p equals 0 or 1, any sequence of +1’s 
and —I’s is a member of the ensemble of the Bernoulli process. 

In applying the random process model in practical signal processing 
applications, we consider a particular sequence to be one of an ensemble of 
sample sequences corresponding to a random process. This is the sense in 
which a random process serves as a representation of an infinite-energy 

signal. Given a discrete-time signal which we assume to be one of an ensemble 

of sample sequences, the structure, i.e., the underlying probability law, of 
the corresponding random process is generally not known and must somehow 
be inferred. It may be possible to make reasonable assumptions about the 
structure of the process, or it may be possible to estimate the properties of a 
random-process representation from a finite segment of a typical sample 
sequence. For example, it seems plausible that we might infer the under-

lying probability law of our example by observing a sufficiently long segment 
of one of the sequences of Fig. 8.2. The conditions under which this can be 
done are discussed in Sec. 8.2.2. In any case, in order to proceed further 
with the discussion of random-process models of discrete-time signals, it is 
necessary to consider a more formal mathematical description of a random 

process. 

8.1.2 Random-Process Descriptions 

Formally a random process is an indexed family of random variables 
(x,} [5-7]. The family of random variables is characterized by a set of 
probability distribution functions that in general may be a function of the 

+ Since the random variables are called Bernoulli random variables, it is reasonable in 
this example to call the corresponding random process a Bernoulli random process. 
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(1) 

|| 
J 

] 

TT]. [| 

| |]
Fig. 8.2 Several sequences from the ensemble of sequences corresponding 

to the Bernoulli process. 

index n. In using the concept of a random process as a model for random 

signals, the index is associated with time or possibly some other physical 
dimension. An individual random variable x, is described by the proba-

bility distribution function 

P,(x,, n) = Probability [x, &lt;x,] (8.1) 

where x, denotes the random variable and x, is a particular value of x,.} 
If x, takes on a continuous range of values, it is equivalently specified by the 

probability density function 
OP, (X,, n)

De (Xn, n)=- —-—— 
oxX., 

IT 

P,(Xn, n) =| "pa(x, n) dx (8.3) 

t In this chapter, bold face type is used to denote the dummy variables of probability 
functions. not vectors or matrices. 



     

           
           

   

    
   

           

          

       

       

          

   

           

        

        

           

        

          

           

      
 

  

          
   

      

            
            

    

    
    

            

           
        

        

           
    

        
 

         
         

            

         

          

            
 

       
  

 

 
 

 

   

 

          
    

B.1 A Discrete-Time Random Process 381 

[n the previous example the random variables were quantized; i.e., they take 
on a countable set of values. In this case the distribution is 

1, X, =&gt; 1 

P,(X,,n)={1—p, —-1 &lt;x, &lt;1 
0, x, &lt; —I1 

[n such cases the derivative does not exist unless impulse functions are 

allowed. Rather than adopt this approach we define instead the probability 
mass function of a quantized random variable as 

Ps,(X,, n) = Probability [x, = x,] (8.4) 

For quantized random variables the probability distribution is related to the 
probability mass function by 

P,(x,, n) = Probability [x, &lt;x,] = 2p,(x, n) (8.5)
r&lt;Xgp 

The probability distribution and the corresponding probability mass function 
for the Bernoulli process are plotted in Fig. 8.3. 

The interdependence of two random variables x, and x,, of a random 

process is described by the joint probability distribution function 

P,.(Xn,X,, m) = Probability [x, &lt;x, and x,, &lt;Xx,] (8.6) 

or, in the case of continuous random variables, by the joint probability 
density 

2

0°P,_x.(Xu&gt;NyXp,M)
Dy 5 (Xs Ny Xppy M) = (8.7)
nm 0X..0X,. 

(a)
\Xn) 

P 
~~ 

1-p3 

p,. (x,.n) my 

[oP 

Fig. 8.3 (a) Probability distribution of a Bernoulli random variable; (b)
corresponding probability mass function. 



   

           
  

     

         

             

               

        

            

         

          

           

             

             

      

                

            

             

            

          

           

           

         

      
            

         

          

 

             

            

           

         

 

         

      

    

            
   

     

          
              

                
         

           

         
           

            
              

              
       

             

             
              

             
           

           

            
          
      

             
          

           

  

              

             

            
          

 

  

          

       

382 Discrete Random Signals 

In the case of quantized random variables, the joint probability mass function 
is defined as 

Du,2,Xn»HyXp,m)=Probability[x, =x, and x, =x,] (8.8) 

In formulating the Bernoulli process, we assumed that the successive 
coin flips were independent; i.e., for a given toss of the coin the probability 
of heads (or tails) did not depend on the outcome of any other toss. In this 
case the random variables {x,} are statistically independent; i.e. 

Py o X, ny X,,, M) = P, (x. n)- P, (xX, m) 

A complete characterization of a random process requires the specifica-

tion of all possible joint probability distributions. As we have indicated, 
these probability distribution functions may be a function of the time index 
n. In the case where all the probability functions are independent of a shift 

of time origin, the random process is said to be stationary. For example, the 
second-order distribution of a stationary process satisfies 

PyaXe n.)k, Xomt+ks m + k) = Py o (Xp ny Xoo m) (8.9) 

The Bernoulli process is an example of a stationary process, since it was 
assumed that in flipping the coin, the probability of a head was always equal 
to p and each random variable was assumed independent of all the others. 

In many of the applications of digital signal processing, random processes 
serve as models for signals in the sense that a particular infinite-

energy signal can be considered a sample sequence of a random process. 
Although the details of such signals are unpredictable—making our previous 
approach to signal representation inappropriate—certain average properties
of the ensemble can be predicted given the probability law of the process. 
These average properties often serve as a useful, although incomplete. 
characterization of signals for which the Fourier transform does not exist. 

B.2 Averagc. 

[t is often useful to characterize a random variable by averages such as mean 

and variance. Since a random process is an indexed set of random variables, 

we may likewise characterize the process by statistical averages of the random 
variables comprising the random process. Such averages are called ensemble 

averages. 

8.2.1 Definitions 

The average or mean of the process is defined as 

v= Ex] =| xp m dx (8.10) 



  

          

              

             

           

           

        

     

         

       

    

            

         

            
          

 

           

              

   

            

          

               

  

             

      

             

              

            

    

    

             

 

              

           

         

           

                

   

           
              

              
            

            
         

      

          
        

      

             
          

             
           

 

            

             
    
             

           

                
   

               
       

              
               

             
     

     

              
  

           

            
          

            
                 

8.2 Averages 383 

where E denotes mathematical expectation. We note that in general the 
mean (expected value) may depend upon n. In general if g( ) is a single-

valued function, then g(x,) is also a random variable, and the set of random 
variables {g(x,)} defines a new random process. In order to compute averages 
of the new random process, we can derive probability distributions of the 
new random variables. Alternatively, it can be shown that 

E[g(x,)] =|” aap.x n) d (8.11) 

[f the random variables are quantized, the integrals become summations 
over all possible values of the random variable. 

E[g(x,)] = 2 g(x)Po,(x, n) (8.12) 

In cases where we are interested in the relationship between two (or more) 
infinite-energy signals, i.e., two random processes, we must be concerned 
with two sets of random variables {x,} and {y,,}. For example, the expected 
value of a function of two random variables is defined as 

[e2] [+]

E[g(Xn; Ym)] ~ | 8x, Y)Pa, 0, (% n,y, mydx dy (8.13) 

where p, ., (X,, 71, Yn, m) is the joint probability density of the random 
variables x, and y,,. 

There are a number of simple properties of averages that will be useful 
in the following discussion. In particular, it is easily shown that 

Elx, + y,]l = E[x,] + Ely]; i.e., the average of a sum is the sum 
of the averages. 

) Elax,] = aEl[x,]; i.e., the average of a constant times x, is equal to 
the constant times the average of x,,. 

In general, the average of a product of two random variables is not equal 
to the product of the averages. If this is the case, however, the two random 
variables are said to be linearly independent or uncorrelated. That is, if x, 
and y,, are linearly independent, 

E[xX2Ym] = ElXn] * E[Yn] 

It can easily be seen from Eq. (8.13) that a sufficient condition for linear 
independence is 

P,,. (Xu n, Ym m) = P,(X,,n) : Py, fr m) (8.15) 

However, it can be shown that Eq. (8.15) is a stronger statement 
of independence than Eq. (8.14). As previously stated, random variables 
satisfying (8.15) are said to be statistically independent. If Eq. (8.15) holds 
for all values of n and m, the random processes {x,} and {y,,} are said to be 



   

      

        

 
           

             

             

             

 
             

           

          

         

        

   
          

      

          

             

     

       

                

     

    

    

           

      

          

           

         

   

 

           

         

    

        

    

      

    

       
         

 
            

              
              
              

  
              

            

           
          

         
   

           

 

    
 

           
              

  

         

                 

      
 

     

     

            
       

           
            

          

    
 

            

          
     

   

     

       

384 Discrete Random Signals 

statistically independent. Statistically independent random processes are 
also linearly independent; however, linear independence does not imply 
statistical independence.

It can be seen from Eqs. (8.11)—(8.13) that averages are generally functions 
of time. However, in the case of stationary processes, this is not true. Thus 
the mean is the same for all the random variables that comprise the process; 
i.e., the mean of a stationary process is a constant, which we may denote 

simply m,. 
In addition to the mean of a random process, as defined in Eq. (8.10), 

there are a number of averages that are particularly important within the 

context of digital signal processing. These are defined below. [For notational 
convenience we shall assume that the probability distributions are continuous. 

Corresponding definitions for quantized random processes can be obtained 
by applying Eq. (8.12).]

The mean-square value of x, is the average of x2: i.e., 

a0 

Elx2]=mean square - Xp,(x, n) dx (8.16)
—an 

The mean-square value is sometimes referred to as the average power. 
The variance of x, is the mean-square value of [x, — m, |; i.e., 

i _ _ 21 __ 2

variance = E[(x, — m, )°] = 0, (8.17) 

Since the average of a sum is the sum of the averages it can easily be shown 

that Eq. (8.17) can be written 
as 

variance = E[x2] — m2 
(8.18)

— mean square — (mean)? 

In general, the mean-square value and the variance are functions of time; 
however, they are constant for stationary processes. 

The mean, mean square, and the variance are simple averages that 
provide only a small amount of information about the process. A more 
useful average is the autocorrelation sequence, which is defined as 

Baul, m) = Elx,x] 
foo [©

=| [ XnX Do, ,z, Xn» n, X,,, m) dx, dx,, (8.19) 

where * denotes complex conjugation. The autocovariance sequence of a 
random process is defined as 

Vaal m) - E[(x, - MyNX, - my,)*] (8.20) 

which can be written as 

y(n. m) = &amp;,.(n.m — MyMy, bs AD) 

https://8.11)�(8.13


  

          

 

           

            

           

          

       

   

 

       

               
    

          

     

           

         

          

            

          

             

            

            

           

           

            

 

    

            

       

           

        

          

           

          

             

   

          
  

            
             

            
           

        

    
  

        

              
     

      

      

            
          

           
            

           
             

            
            
           
            

             

   

     

             

        

            
         

           
            

           
              

8.2 Averages 385 

Note that in general, both the autocorrelation and autocovariance are two-

dimensional sequences. 

The autocorrelation is a measure of the dependence between values of the 
random process at different times. In this sense it describes the time variation 
of a random signal. A measure of the dependence between two different 
random signals is obtained from the cross-correlation sequence. If {x,} and 
(y,.} are two random processes, their cross-correlation is 

Dau(Ns m) = E[x,yr] 
oo [+o] (8.22)

=| | Xy*Py, 4,(%, n,y, m) dx dy 

where p,,(x, n,y, m) is the joint probability density of x, and y,,. The 
cross-covariance function is defined as 

Vas m) = E[(x, - My )(Vm — m, )*] 
(8.23)

= b(n, m) — my, my, 

As we have pointed out, the statistical properties of a random process 
generally vary with time. However, a stationary process is characterized 
by an equilibrium condition in which the statistical properties are invariant 
to a shift of time origin. This means that the first-order probability distri-

bution is independent of time. Similarly, all the joint probability functions 
are also invariant to a shift in time origin; i.e., the second-order joint proba-

bility distribution satisfies Eq. (8.9). From Eq. (8.9) it follows that the second-

order joint distribution depends only on the time difference m — n. First-

order averages such as mean and variance are independent of time; second-

order averages, such as the autocorrelation ¢,,(n, m), are dependent on the 
time difference m — n. Thus for a stationary process we can write 

m, = E[x,] (8.24) 

02 = E[(x, - m,)?] (8.25) 

independent of n, and if we denote the time difference now by m, 

b2(1, n+ m)= Gam) = E[x,Xp}: pm] (8.26) 

That is, the autocorrelation sequence of a stationary random process is a 
one-dimensional sequence, a function of the time difference m. 

In many instances we encounter random processes that are not stationary 
in the strict sense; i.e., their probability distributions are not time invariant, 
yet the mean is constant and the autocorrelation sequence satisfies Eq. 
(8.26). Such random processes are said to be stationary in the wide sense [5]. 



   

            

              

             

            

            

              

   

    

        

      

    

 

   

   

        

     

          

  

           

          

         

  

          

          

            

           

           

            

        

           

         

              

             

             

            

           

 
    
    

    

             
               

              
             

             

             

    
 

     

        

      

     
 

    

    

         

     

          

   

            
          

          

   

           
           

            
            

            
             

         
            

          
               

              
          

             
            

 
          

386 Discrete Random Signals 

EXAMPLE. As an example of the description of a random process by averages, 
let us consider again the simple Bernoulli process. To begin let us note that the 
process is stationary since it was assumed that the probabilities of +1 and —1 
were independent of time and the random variables {x,} were assumed to be 
statistically independent. When we use Eq. (8.12) the mean is found to be 

m, = (+1) - Probability [x, = +1] + (—1) - Probability [x, = —1] 

=+1-p+ (=D 1 =p 
=@2p—1) 

and the mean-square value is 

mean square = (4-1)? - Probability [x, = +1] 

+ (—1)? - Probability [x, = —1] 

= (+1% + (121 —p) 
= 1 

Thus the variance is 

o2=1—Qp— 1 =4p(l —p) 

Since we assumed statistical independence, the autocorrelation sequence is 

\Elxa]- Elxpym] = m2, m +0 

[n particular, ifp = 4, then m, = 0 and 

é,..(m) = 6(m) 

[n general, such an autocorrelation sequence is obtained whenever all the random 
variables of a random process are linearly independent. Such processes (called

white noise) play an important role in many signal-processing problems. 

8.2.2 Time Averages 

As we have mentioned several times, in a signal-processing context, the 
notion of an ensemble of infinite-energy signals is a convenient mathematical 
concept that allows us to use the theory of probability in representing in-

finite-energy signals. However, in a practical sense, we would prefer to deal 
with a single sequence rather than an infinite ensemble of sequences. For 
example, we might wish to infer the probability law or certain averages of 
the random-process representation from measurements on a single member 
of the ensemble. For the Bernoulli process we recall that the probability 
distributions are independent of time, and therefore we might intuitively 
feel that the percentage of +1’s and —1’s in a long segment of a single 
sample sequence should be very close to p and 1 — p, respectively. Similarly, 
the arithmetic average of a large number of samples ofa single sequence should 
be very close to the mean of the Bernoulli process. To formalize these 
intuitive notions, we define the time average of a random process as 

1 N 
(x,) = lim ——— Xp 18.27)Xn) Noo 2N —+ 1.2 



  

       

           

               

             

           

            

         

            

            

            

         
     

        

   
      

            

           

             

            

           

           

      

             

          

         

          

 

 

   

  
       

  
            

          

             

   

              

           

   

        

           

                
              

            
             

          

             
             

            

          
      

       
 

    
     

      

           
             
             

            
            

       
              

           
          

           

  

  
 

  
          

             
           

              
    

              
            

8.2 Averages 387 

Similarly, the time autocorrelation sequence is defined as 

x, X = lim ——— Xn XwXntm) Now 2N + 1.2m opts? (8.28) 

It can be shown that the above limits exist if {x,} is a stationary process with 
finite mean. However, the proof of this result is far beyond the scope of our 
discussion. As defined in Eqs. (8.27) and (8.28), these time averages are 
functions of an infinite set of random variables and thus are properly viewed 
as random variables themselves. However, under a condition known as 

ergodicity, the time averages in Eqs. (8.27) and (8.28) are equal to constants 
in the sense that the time averages of almost all possible sample sequences 
are equal to the same constant. Furthermore, they are equal to the corre-

sponding ensemble average. That is, for any single sample sequence 
{x(n)} for —o0 &lt;n &lt; 00, 

(8.29)

(x(n) = limL$x(n) = Elx,) = m, 
and 

x(n)x*(n + m)) N 
: 1 ”* _ £ 1 (8.30)

Im. IN os 7 2m (n + m) — E[x,X pm] _ bm) 

The time-average operator ( ) has the same properties as the ensemble-

average operator E[ J. Thus we shall often not take the trouble to dis-

tinguish between the random variable x,, and its value in a sample sequence, 
x(n). For example, the expression E[x(n)] should be interpreted as E[x,] = 
'x(n)). In general, a random process for which time averages equal ensemble 
averages is called an ergodic process [5,6]. 

In practice, it is common to assume that a given sequence is a sample 
sequence of an ergodic random process. Thus averages can be computed 
from a single infinite-energy sequence. Of course, we generally cannot 
compute the limits in Eqs. (8.29) and (8.30), but the quantities 

/ 1 
(8.31)*mhy = 7525 

3
7 1 

1 2 2 
x(n)x(n + m))y, = ——— x(n)x*(n +m 8.32

Sn+my=Tm3x Em) (8.32) 
or similar quantities are often computed in practice as estimates of the mean 
and autocorrelation [8,9]. The estimation of averages of a random process 
‘rom a finite segment of data is a problem of statistics, which we shall 
sxamine in Chapter 11. 

A more precise statement is that the random variables (x,) and (x,x*,,,) have means 
equal to m, and ¢,,(m), respectively, and their variances are zero [6]. 



   

     

          

         

          

            

          

          

            

     

      

          

           

             

         

         

    

   

   

       

    

        

             

        

 

    

      

            
          

 

     

    

 

  

  

    

    

    

      

           
          

           
             

           
           

            
      

       

           
            

              
          

          
     

    

    

      

      

          

              
         

  
     

       

             
           

  
       

      
  

    

    

      

      

388 Discrete Random Signals 

8.3 Spectrum Representations of Infinite-Energy Signals 

Although the z-transform of an infinite-energy signal does not exist, the 
autocovariance and autocorrelation sequences of such a signal are aperiodic 
sequences for which the z-transform and Fourier transform often do exist. 
We shall see in the next section that the spectral representation of these 
averages plays an important role in describing the input-output relations for 
a linear time-invariant system when the input is an infinite-energy signal. 
Therefore, it is of interest to consider the properties of correlation and co-

variance sequences and their corresponding z-transforms. 

8.3.1 Properties of Correlation and Covariance Sequences 

There are a number of useful properties of correlation and covariance 
functions that follow in a simple way from the definitions. These properties 
are listed below for future reference. The proof of the validity of some of 
these properties is considered in Problem 6 of this chapter. 

Consider two real, stationary random processes {x,} and {y,} with 
autocorrelation, autocovariance, cross-correlation, and cross-covariance 
being given by, respectively, 

0) = E[x,Xptm] (8.33) 

Vau(M) = E[(x, — mM)(Xm - m,)] (8.34) 

boy (M0) = E[x.Y nim] (8.35) 

Va (1M) = E[(x, — My) (Vntm — m,)] (8.36) 

where m, and m,, are the means of the two processes. The following properties 
are easily derived by simple manipulations of the definitions. 

Propertv 1: 
nl) = baum) - mj (8.372) 

Yay (11) = Py(mM) — mgm, (8.37b) 

These results follow directly from Eqs. (8.21) and (8.23), and they indicate that 
the correlation and covariance sequences are identical if m, = 0. 

Property 2: 
$.:(0) = E[x%] = mean-square value (8.382) 

v4(0) = 02 = variance (8.38b) 
Property 3: 

boa(m) = Gga(—m) (8.392) 

Vaart) = Vaa(—m) (8.39b) 

bo (mM) = ¢ yo(—m) (8.39) 

Vou (MM) = ¥ yu(—mM) (8.39d) 



      

 

  

   
  

  

  

      

    

    

          

        

     

   

    

   

           

              

          

  

            

         
          

               

          

          

         

      

 

     

            

 
  

   

       

  
    

     
   

    

    

       

     

     

           
         

       

   
 

    
 

    
 

            

               
           

   

            
          
           

               
           

           
         

       

  

  
 

    

             

  
    

     

8.3 Spectrum Representations of Infinite-Energy Signals 389 

Property 4: 
|g(MM) &lt; [$12(0)by(0)]*/2 (8.40a) 

[Vay (M] &lt; [722(0)7,(0)1/2 (8.40b) 
[n particular, then, 

'ea(m)] &lt; b10(0) (8.41a) 

Vae(M)] &lt; Ve(0) (8.41b) 

Property 5: If yp = Xxp_p,, then 

buy (mM) = $ou(m) (8.42a) 

Yuu(M) = Pp (m) (8.42b) 

Property 6. For many random processes, the random variables become less 
uncorrelated as they become more separated in time. Thus 

lim ¢,o(m) = (E[x,])? = m2 (8.433) 

lim yg,(m) =0 (8.43b)
m—ron 

lim Poy(m) = mgm, (8.43¢)
yr 

lim yg,(m) = 0 (8.43d)
M—&gt;on 

The essence of these results is that the correlation and covariance are 

aperiodic sequences which tend to die out for large values of m. Thus it is 
often possible to represent these sequences in terms of their z-transforms. 

8.3.2 z-Transform Representations 

Let us define @,,(z), I',.(2), ,,(z), and T',(z) as the z-transforms of 
boi(M), Vue), é,,(m), and y,,(m), respectively. From Eqs. (8.43a) and 
(8.43c) we note immediately that the z-transforms of ¢,,(m) and ¢,,(m) exist 
only when m, = 0, in which case ®,(z) = I',,(2) and ®,(2) = I,(2). A 
number of other properties of these z-transforms follow from the properties 
of correlation and covariance sequences that were summarized in Sec. 8.3.1. 
These z-transform properties are summarized below and their proofs con-

sidered in Problem 6 of this chapter. 

Propertv 1: 

52 = 2m
1 

$ I,.(2)z71 dz (8.44) 

where C is a closed contour in the region of convergence of I'y,(z). 

Property 2: 
paz) = Tep(1/2) (8.452) 

(2) = Tx (1/z%) (8.45b) 



   

            

             

  

            

              

               

        

 

            
    

  

           

  

  
   

   

   

              

              

                

             

              

             

            

         

               

            

             

    

            
              

 

   

             
               

                
         

  

  
 

 
 

            
     

   

            

   

  
    

    

    

               

               

                 
              

               
              

            
          

                

             
              

390 Discrete Random Signals 

Equations (8.45) follow directly from property 3 of Sec. 8.3.1. As a consequence

it follows that the region of convergence of I';.(z) must be of the form 

1 

Ra &lt;ll &lt;x 

Furthermore, since y,,(m) approaches zero at m = co, the region of convergence 
must include the unit circle; i.e., 0 &lt; R, &lt;1. In the important case when 
I',.(2) is a rational function of z, this implies that its poles and zeros must occur 
in complex-conjugate reciprocal pairs as depicted in Fig. 8.4. 

7 sane 

Region of 
sonvergence 

Unit 
circle 

Fig. 8.4 Region of convergence and pole and zero locations of a typical
z-transform of a covariance sequence. 

8.3.3 Power Spectrum 

Since the region of convergence contains the unit circle, we can express 

Eq. (8.44) as 

0: = Ey (8.46)a= FP 2o(@) do 

where we have defined 

Poo) = Tye’) (8.47) 

When m, = 0, we recall that the variance is equal to the mean-square or 

average power. Thus the area under P,(w) for —7 &lt; w &lt; = is proportional 

to the average power in the signal. In fact, as we will see in the next section, 
the integral of P,,(w) over a band of frequencies is proportional to the power 
in the signal in that band. For these reasons the function P,,(w) is called the 
power density spectrum, or simply the spectrum [9]. We note that it is also 
common to define the power spectrum as the Fourier transform of the auto-

correlation sequence rather than the autocovariance [5]. This leads to 
difficulties when m,, # 0. since ¢,,(m) — m3 when m — co. Thus the Fourier 

transform of the autocorrelation sequence does not exist if m, 7 0, unless 
we are willing to extend our definition of the Fourier transform to allow an 
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impulse in the power spectrum at w = 0. Since we have avoided the use of 

impulses in this book, we choose to define the power spectrum as in Eq. 
(8.48). We note that when m, = 0, the autocorrelation and autocovariance 
sequences are identical, and therefore so are their Fourier transforms. 

From property 2 of Sec. 8.3.2, it follows that P,,(w) is a symmetric 
function; i.e., P,,(w) = P,,(—w). An additional important property is the 
fact that the power density spectrum is nonnegative. This property will 
follow in a straightforward way from the results in the next section. 

Similarly, the cross-power density spectrum is defined as 

P,(w) =T,,(e’) 

Again from property 2 of Sec. 8.3.2 it follows that 

(2.48) 

P_ (0) = P¥(—w) (8.49) 

B.4 Response of Linear Systems to Random Signals 

Previous chapters have focused on the development of the theory of linear 
discrete-time systems for the case when the input is a known function of 
time. It is clear from these previous discussions that the notion of the 
frequency response. of a linear shift-invariant system and the frequency 
domain representation of a discrete-time signal are essential concepts in 
digital signal processing. In this section we shall develop some corresponding 
results for the case of infinite-energy signals; i.e., signals represented by a 
random-process model. 

Consider a stable linear shift-invariant system with unit-sample response 
h(n). Let x(n) be a real input sequence that is a sample sequence of a wide-

sense stationary discrete-time random process. Then the output of the linear 
system is a sample function of an output random process related to the input 
process by the linear transformation 

jm) = 3 h(n — k)x(k) =3 h()x(n — 1_ ; 

As we have shown, since the system is stable, y(n) will be bounded if x(n) is 
bounded. We shall show below that if the input is stationary, then so 
is the output. The input signal may be characterized by its mean m, and 
its autocorrelation function ¢,,(m), or we may also have additional informa-

tion about first- or even second-order probability distributions. In charac-

terizing the output random process {y,} we desire similar information. For 
many applications, it is sufficient to characterize both the input and output 
in terms of simple averages, such as the mean, variance, and autocorrelation. 
Therefore, we shall derive input-output relationships between these 
quantities. 



   

      

       

  

                

         

   

              

        

      

       

 

          
 

          
 

              

          

            

           

            

      
              

        

   

     

            

           

          

              

   

    

       

       
 

   
                 

          

    

               
 

        
       

        
 

          
  

           
  

               
           

             

            
             

       
               

         
 

    

       

             
           
           

               
    

392 Discrete Random Signals 

The mean of the output process is 

n, = ED] =3 hEL(n — K)] 
(8.50) 

=m, 3 hk) 
where we have used the fact that the expectation of a sum is the sum of the 
expectations.t In terms of the system function we can write 

m, = H(e’%)m, (8.51) 

Since the input is stationary, we see that the mean of the output is also 
constant. 

Assuming temporarily that the output is nonstationary, the autocorre-

lation function of the output process is 

By(n, n + m) = E[y(n)y(n + m)] 
0 0 

E | &gt; 3 h(kh(r)x(n — k)x(n + m — r)|
k=—00 r=—a0 

= 3 hk) &gt; h@)E[x(n — k)x(n + m — r)] 
k=—o0 r=—o0 

Since x(n) is assumed to be stationary, E[x(n — k)x(n + m — r)] depends 
only upon the time difference m + k — r. Therefore, 

Bunn +m) = 3 hk) 3 h)pu(m + k =r) = dom) (8:52) 

That is, the output autocorrelation sequence also depends only upon the time 
difference, m. Thus, for a linear shift-invariant system that is excited by a 

stationary input, the output is also stationary. 
By making the substitution / = r — k, Eq. (8.52) can be expressed as 

By (m) =&gt; ¢oa(m — HS h(k)h(l + k) 
8.53) 

where we have defined 

ol) = 3 h(h(l + Kk) (8.54) 

A sequence of the form of v(/) is often called an aperiodic autocorrelation 
sequence or simply the autocorrelation sequence of h(n). It should be em-

phasized that v(/) is the autocorrelation of an aperiodic, i.e.. finite-energy, 

+ Note that we have begun to be less careful about distinguishing between the random 
sariable and its value. 



        

           

             

           

             

          

 

         

          

           

         

  

  

         

   

          

                 

  

 

     

    

     

     

             

       

 

    

        

         

           
             

            
             

           
  

          
           

           

          

   
   

          

     

          
                  

   

  
 

     

      

    

              
        

  

 
      

         

8.4 Response of Linear Systems to Random Signals 393 

sequence and should not be confused with the autocorrelation of an infinite-

energy sequence. Indeed, it can be seen that v(/) is simply the discrete con-

volution of h(n) with h(—n). Equation (8.53), then, can be interpreted to 
mean that the autocorrelation of the output of a linear system is the con-

volution of the input autocorrelation with the autocorrelation of the system 
impulse response. 

Equation (8.53) suggests that z-transforms may be useful in characterizing 
the response of a linear time-invariant system to an infinite-energy input. 
Assume for convenience that m, = 0; i.e., the autocorrelation and auto-

covariance sequences are identical. Then, from Eqs. (8.53) and (8.54), 

D,,(2) = V(2)®,,(2) 
(8.55)

= H(z)H(zHYD, (2) 

[n terms of the power density spectrum, Eq. (8.55) becomes 

P,(w) = |H(e’®)|? P_(w) (8.56) 

Equation (8.56) provides the motivation for the term “power density spec-

trum.” To see this, let us assume that m, = 0, so from Eq. (8.51), m, = 0 
as well. Therefore, 

1 7

$0) - Yor i:vi(@) dw 
(8.57) 

total average power in output 

Substituting Eq. (8.56) into Eq. (8.57), 

bo) = = [HEPo) de (8.58) 

Suppose that H(e’”) is an ideal bandpass filter, as shown in Fig. 8.5. We 
cecall that ¢,,(m) is an even sequence, so 

[H (eiw) 

|[IT 
' w,—Wp —~W, Wp o TW 

Fig. 8.5 Frequency response of an ideal bandpass filter. 



   

            

     

 

    

              

            

     

  

       

  

              

 

       

       

     
 

       
 

             

        

             

  

     

    

            

         

   

          

            

        

     

   

   

    

             

      

  
  

               
             

      

  
 

        

    

               
  

        
        

     
 

    
  

              
         

 

              

   

      

   
             

          

    

           
             

         

     

    
    

394 Discrete Random Signals 

Likewise, | H(e’”)|? is an even function of w. Therefore, we can write 

$.,(0) = average power in output 

I 
[

[% (8.59) 
_ Po(0) do 

Thus the area under P,,(w) between w, and w, can be taken to represent the 
mean-square value of the input in that frequency band. We observe that the 
output power must remain nonnegative, so 

lim ¢,(0) &gt;0
{0,—w,)—&gt;0 

This result, together with Eq. (8.59), implies that 

P. (0) &gt;0 (8.60) 

Thus we note that the power density function of a real signal is real, even, 
and positive. 

Another interesting result concerns the cross-correlation between the 
input and output of a linear time-invariant system. 

Pay(m) = E[x(n)y(n 4 m)] 
= 0 

El x(n) 3 h(k)x(n + m — ©] 
k=—w on 

In this case we note that the cross-correlation between input and output is the 
convolution of the unit-sample response with the input autocorrelation 
sequence. 

If we assume m, = 0 so that the z-transforms exist. we can write 

D,,(2) = H(2)D(2) 

or, in terms of power spectra, 

Po() = H(e’)P,,(w) 
This result has a useful application when the input is white noise; i.e.. 

b..(m) = 030(m). Substituting into Eq. (8.61), we note that 

b,(m) = o3h(m) (8.64) 

i.e., for a white-noise input, the cross-correlation between input and output 
of a linear system is proportional to the impulse response of the system. 
Similarly, the power spectrum of a white-noise input is 

P,.(0) = do, —r&lt;w &lt;7 

Thus from Eq. (8.63), 
P_(cw) = o2H(e'®) 5 



 

            

            

           

             

    

             

           

           

            

            

          

           

          

         

         

           

         

   

          
   

            

            

            
   

              

        

         

     

         

              

    
             

    

      

       

   

  

             
             

           
              
     

 

              
            

            
             

            
           

            
           

          
          

            

 

          
    

           
    

             
             

            
    

               
         

         
      

          
               

     
             

     

  

       

        
    

Problems 395 

i.e., the cross power spectrum is in this case proportional to the frequency 
response of the system. Equations (8.64) and (8.65) may serve as the basis 
for estimating the impulse response or frequency response of a linear time-

invariant system if it is possible to observe the output of the system in 
response to a white-noise input. 

Summa.*y 

In this chapter we have attempted to show how the concept of a random 
process can be used as a representation of discrete-time signals that cannot 
be directly represented by Fourier methods. We do not intend that this 
chapter take the place of a formal course in probability and random processes. 
Thus we have not attempted to give a rigorous discussion but have con-

centrated our efforts on summarizing and interpreting a variety of basic 
results that are useful in a digital signal processing context. Specifically, we 
have focused our attention on the properties of correlation and covariance 
sequences, the power spectrum, and on input-output relationships for linear 
shift-invariant discrete systems. In selecting these results for discussion, we 
have been guided primarily by our needs in Chapters 9 and 11. 
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P ROBLEMS 

I. Prove the following properties of averages: 

(@) Elx, + Yml = E[x,] + Elynl. 
(b) El[ax,] = aE[x,]. 



   

           

    

    

   

    

            

     

      

            

          

      

        

           

           

       

  

           

           

             

      

  

    

    

             

     

           

          

       

    

            

    
 

  
 

  
   

            
      

       

             
           

       

       

            
            

        

    

 

 

  

           
            

               
       

   

     

     
               

      

           
          

        

396 Discrete Random Signals 

2. Let x(n) and y(n) be uncorrelated random signals. Show that if 

w(n) = x(n) + y(n)
tl.en 

My, = My + my, 
nd 

2 _ 42 2 
gs, = 02 + oz 

3. In modeling the effects of roundoff and truncation in digital filter implementa-

tions, we represent quantized variables as 

y(n) = Q[x(m)] = x(n) + e(n) 

where Q[ ] denotes either rounding or truncation and e(n) is the quantization 
error. With appropriate assumptions, it is reasonable to suppose that the 
sequence e(n) is a white-noise sequence; i.e., 

E[(e(n) - m,)(e(n + m) - m,)] = 02d(m) 

We will show in Chapter 9 that the first-order probability distribution for 
rounding is uniform as depicted in Fig. P8.3(a). For truncation the first-order 
probability distribution is as shown in Fig. P8.3(b). 

Je, (€) De, (©) 

A 

b} 

Fig. ng.3 

(a) Find the mean and variance for the noise due to rounding.

(b) Find the mean and variance for the noise due to truncation. 
4 Let e(n) denote a white-noise sequence and let s(n) denote a sequence that is 

uncorrelated with e(n). Show that the sequence 

y(n) = s(n)e(n) 

Ely(my(n + m)] = Ad(m) 

where A is a constant. 
Ny Consider a random process in which the sample sequences x(r) are of the form 

x(n) = cos (wen + 06) 

where 0 is a uniformly distributed random variable with the probability density

function shown in Fig. P8.5. Compute the mean and autocorrelation sequence

b..(m. n). Is this a wide-sense stationary process? 



 

 

 

           

          

     

    

    

  

   

  

   

  

    
    

   

  

   

  

  
     

   

    

             
 

    

   

    

            

           

             

            

  

  

 

  

            
           

      

     

     

   

    

   

    
   

   
    

   
   

    

    
     

    
     

           
  

    

    

     

             
           

              
             

Problems 397 

{f pg) 

7 

Fig. P8.5 

6. Consider two real stationary random processes, {x,} and {y,}, with means m, 
and my, respectively, and variances o2 and o2, respectively. Show that 

(@) Vau(m) = dpe(m) — mk 

Yau(M) = ¢gy(m) — mpm, 

(b) ¢,.(0) = mean square 

Yar(0) = oz 

(© Paw(m) = Ppu(—m) 

Vaa(M) = Vge(—m) 

Pay (mm) = $ur(—m) 
Vay(m) = ¥j(—m) 

(@ [ey(m)] &lt; [$22(0)yy(0)]/2
[Vey (M)] &lt; [V20(0)7,(OT 
Guam) &lt; ui(0) 
Vur(M &lt; V(0) 

Hint: Consider the inequality 

Xn _ Vnirm

0&lt;E zm Es)
2

| 
(e) Ify, = xp_p,, then 

Py (mM) = Pr) 
Voy (mM) = Vy (M0) 

f) Let I'y,(z) andI',, (2) be the z-transforms of y,,(m) and y,,(m), respectively.
Show that 

1

1) o2 =3m$ Tu(2)z71dz. 

(2) Tpu(z2) = T'ye(1/2) 

TU, (2) = TX (1/z%) 

1. Consider an ergodic random process so that time averages are equal to 
probability averages. Let x(n) be a particular sample sequence of the ran-

dom process defined by the set of random variables {x,}, —© &lt;n &lt; —oo. 
where p(x) is the first-order probability density for all the random variables x,,. 



   

              

             
 

            

      

             
    

      

           

             

          

   

         

 

    

  

        

  

     

  

      

              

           
 

      

                

              

            

       

             

 

         

              

          

              

              

     

  

  

  

   

    

               
              
  

             
       

             
     

       

            
             

           

    

          
  

     

   
         

   
 

      

   
       

               
            
  

       

                 
               

             
        
              

  

          

              
           

               
              

     
   

   
   

  

398 Discrete Random Signals 

(a) Consider the time average of the function u(a — x,); i.e., (a — x,)). 
(The function u(") is the unit step.) Express in words the meaning of this 
time average. 

(b) Consider the probability average of the function u(a — x,). What is 
Efu(a — x,)] in terms of p,(x)? 

(©) Is your result in part (b) consistent with your interpretation of part (a);
i.e., is it reasonable that 

Elu(a — x,)] = wa — x,))? 

B. We have observed that the autocorrelation sequence serves as an indication 
of how rapidly a random signal varies. We can formalize this notion by con-

sidering the mean-square sample-to-sample variation of a real signal, defined as 

El(x(n +1) — x(n))*] 

Consider a zero mean signal x(n) which has a bandlimited 
such that 

P,.(w) =0, w, &lt;|ol &lt;x 

(a) Show that 
El(x(n + 1) — x(n))?] = 2[¢4(0) — ¢,,(1)] 

(b) Show that 
2 

$22(0) — $a] &lt; Si $42(0) 

and thus that 
E[(x(n + 1) — x(n)?] &lt; wZE[x*(n)] 

[Hint: Use the fact that sin® (of2) &lt; w?/4 for 0 &lt; 0 &lt; w,.] 
A very important inequality is known as the Chebyshev inequality [1-5]. It 

states that 

Probability [|x(n) — E[x(n)]| = ] LZ 

for ¢ &gt; 0. We note that this inequality gives us a way of expressing how much 
a signal can be expected to differ from its mean; i.e., the greater the mean-square 
value the higher the probability that a particular sequence value will differ from 
the mean by an amount greater than e. 
(c) Use the result of part (b) and the Chebyshev inequality to show that 

2 x2 

Probability [x(n + 1) — x(n) &gt; €] &lt; SE 

for ¢ &gt; 0. Interpret this result in light of your knowledge of the relation-

ship between the time variation of a signal and its bandwidth. 
). Let x(n) be a real stationary white-noise process, with zero mean and variance o2. 

Let y(n) be the corresponding output when x(n) is the input to a linear shift-

invariant system with impulse response /(n).

(a) Show that 
Elx(n)y(n)] = h(0)o2 

(b) Show that 

=o 3 Rn) 



 

     

     

   

        

   

            

 

        

          
        

         

    

           
           

             

             

      

 

  

      

  

   

         

    
 

             

 

   

  

        
           

      

          

     

           
            

              
              
       

   
 

 

 

  

Problems 399 

10. Show that the z-transform of 

0) =3 HACE + n) 

V(z) = H(z)H(z) 

11. An ideal Hilbert transformer with unit sample response 

‘2

2 sin? (=n/2) 20
hin) 

Hy, 

is excited by a discrete-time random signal x,(n) as depicted in Fig. P8.11. 

Ideal 
Hilbert

(1) transformer win) 

Fig. P8.11 

(a) Find an expression for the autocorrelation sequence ¢,,.(m).

(b) Find an expression for the cross-correlation sequence ¢,(mm). Show that 
in this case ¢, 4,(m) = —¢, ;,(—m). 

(¢) Find the autocorrelation sequence for the complex analvtic signal 

x(n) = x(n) + jx;(n) 

(d) Find the power spectrum P,,(w) for the above complex analytic signal.
12. Consider a linear shift-invariant digital network with two inputs as depicted 

in Fig. P8.12. Let h(n) and h,(n) be the unit-sample responses from nodes 1 
and 2, respectively, to the output. Show that if x;(»n) and x,(n) are uncorrelated. 
then their corresponding outputs are also uncorrelated. 

n)— ~ y(n)=y,(n)+y,(n) 
J 

Network 

ie 

~Q Ck
-

iQ a 



   

   

 

              

           

     

      

      

            

             

             

 
          

          

           

         

          

    

      

    

     

          
              

         

           

        
          

     
          

            
      

  

 

 

    

  
      

  

               
            

      

     
 

      
 

            
              

              
 

          
           

           
          

           
     

       
     

 

   

          
              

 
          
            

        
           

     
           

             
       

 

  

  

400 Discrete Random Signals 

&lt;\N) r 
nile hs(n) y(n) hon) | win) 

Fig. P8.13 

13. Let x(n) be a random white sequence, with zero mean and variance o2. Let 
x(n) be the input to the cascade of two linear discrete-time shift-invariant 
systems as shown in Fig. P8.13. 

(a) Is 02 = o2 =h3(k)? 
[oo] 

(b) Is 02 = of 3 hi(k)?
=0 

(¢) Let hy(n) = a™u(n) and hy(n) = b™u(n). Determine the unit-sample re-

sponse of the overall system in Fig. P8.13, and from this determine o2. If 
your answer to part (b) was yes, is that consistent with your answer to 
part (c)?

14. Since in many applications, discrete-time random signals arise through periodic
sampling of continuous-time random signals, we shall be concerned in this 
problem with a derivation of the sampling theorem for random signals. Con-

sider a continuous-time random process defined by the random variables 
(x,(#)}, where ¢ is a continuous variable. The autocovariance function is 
defined as (assume zero mean) 

Vaaza (7) = Ex ()xX(t + 7)] 
and the power spectrum is 

0 

Poa,(2) -[ Vega (TEI dr 

A discrete-time random process obtained by periodic sampling is defined by
the set of random variables {x(n)}, where x(n) = x,(nT) and T is the sampling

eriod. 
oo What is the relationship between y(n) and yg 4(7)? 
{b) Express the power density spectrum of the discrete-time process in terms 

of the power density spectrum of the continuous-time process.
(€) Under what condition is the discrete-time power spectrum a faithful 

representation of the continuous-time power spectrum?
15. Consider a continuous-time random process {x,(¢)} with a bandlimited power 

spectrum as depicted in Fig. P8.15-1. Suppose that we sample {x,(#)} to obtain 
the discrete-time random process {x(n) = x,(nT)}. 

Prx(8) 

LA 9} 

Cio. P8.15-1 



 

          

              

   

              
        

 

 

            

       

            

             

           

             

             

                

     
             

 
  

 

             

  

 

        
 

              

               

           

  

          
               

    
               

         

  
 

 

  

  

            
        

             
              

           
              

 
 

  

              

                 
     

              
 

 

  
  

  

             
   

 

        
  

               
                

            

Problems 401 

(a) What is the autocovariance sequence of the discrete-time random process?

(b) For the analog power spectrum above, how should T be chosen so that the 
discrete-time process is white? 

{o) If the analog power spectrum is as shown in Fig. P8.15-2, how should 7 
be chosen so that the discrete-time process is white? 

FP, gq 
(Q) 

/ 

0wb, ig 

Fig. P8.15-2 

(d) What is the general requirement on the analog process and the sampling

period such that the discrete-time process be white? 
16. It is often appropriate to assume that a wide-sense stationary random process 

arises as the result of exciting a linear system with a white-noise process. Such 
processes are called linearprocesses. Consider a stable linear system as depicted 
in Fig. P8.16, where x(n) is white noise with zero mean and variance 2. 

hin) 
vin) 

Fig. P8.16 

(a) Express the autocovariance of y(n) in terms of the impulse response of the 
system.

(b) Use the result of part (a) to express the power spectrum of y(n) in terms of 
the frequency response of the system.

Of particular interest is the case when H(z) is a rational function of the 
form 

M 

&gt; bz" 
H(z) =-""—— 

1-7 az 

in which case the process y(n) is related to the white-noise process x(n) by

the difference equation 
N M 

y(n) =2 ayy(n — k) +2 b.x(n — k)
— =0 

If all that a;’s are zero, y is called a finite moving-average process. If all 
the by’s, except by, are zero and a, # 0, then y is called an autoregressive 
process. If both a, and b,, are nonzero, the process is mixed. 



   

          

        

          

 
           

    

     

       

               

     

      

               

            

 
          

 

      

            

               

       
          

        

             

     
            

            

            

  

 

    

 

            

    

     

        

 

 

 

   

          
         

          
 

            
     

 

    
 

       

                
      

 

      

                
             
 

           
 

      
            

                
       

          
         

              
     
             

            

             

   

  
 

 

     

  

             
     

      

         

402 

17. 

18. 

Discrete Random Signals 

(©) Show that the autocovariance sequence y,,(m) of a moving-average process

is nonzero only in the interval |m| &lt; M. 
Find a general expression for the autocovariance sequence of an auto-

regressive process.
Show that if by, = 1, the autocovariance function of an autoregressive 
process satisfies the difference equation 

N 

() =2avu(k) + of, 
N 

Yuu(m) = 2,Gum — k), m = 

(f) Use the result of part (¢) and the symmetry of y,,(m) to show that the 
following set of equations is true: 

V 

2.airu(im — kl) = p,m), m=1,2,....N 

Thus, given the first N + 1 covariance values, it can be shown that we can 
always solve uniquely for the values of a; and of that characterize the 
process y.

Consider a mixed linear process y that satisfies the difference equation 
N M 

y(n) =2,ayn —k) + 2bix(e —k), by=! 
Sometimes it is of interest to “whiten” the spectrum of y(n) by processing

y(n) with a linear filter; i.e., we wish to find a system such that its output 
power spectrum will be flat for input y(n).

Suppose that we know the autocovariance function y,,(m) and its z-trans-

form I',,(z) but not the a,’s and the b's. 
(a) Discuss a procedure or find a system function H(z) of the whitening filter. 
(b) Is the whitening filter unique?
(c) How do the Hilbert transform relations (of Chapter 7) enter into this 

problem?
Sometimes we are interested in the statistical behavior of a linear shift-invariant 

system when the input is a suddenly applied random signal. Such a situation 

ssm— 17 z 

«(n) win) 
hin) 

vin) 

Switch closed at n= 0) 

Fig. P8.18 

is depicted in Fig. P8.18. Let x(n) be a stationary white-noise process. Then 
the input to the system 

(n) = x(n), n=ala) fx n&lt;o
0 

's a nonstationary process, as is the output y(n). 



 

               

 
           

              

    
            

            

          

  

                
 

            

               
    

             
             

           

Problems 403 

(a) Derive an expression for the mean of the output in terms of the mean of 
the input.

(b) Derive an expression for the autocorrelation sequence é,,(n, np) of the 
output.

(©) Show that for large n the formulas derived in parts (a) and (b) approach 
the results for stationary inputs.

(d) Assume that h(n) = a™u(n). Find the mean and mean-square values of 
the output in terms of the mean and mean-square values of the input. 
Sketch the dependence of these parameters as a function of x. 



    

   

 

         

       

          

           

        

  

            

          

           

           

           

              

           

            

      

           

        

         

             

               

         

 

     
    

  

          
        

           
            

         
   
             
           

            
            

            
              

            
             
       
           

         
          

              
                

          

 

9 

Effects of Finite Register Length 
in Digital Signal Processing 

9.0 Introduction 

Digital signal processing algorithms such as linear filtering and discrete 
Fourier transformation are realized either with special-purpose digital 
hardware or as programs for a general-purpose digital computer. In both 
cases sequence values and coefficients are stored in a binary format with 

finite-length registers. This finite-word-length constraint is manifested in a 
variety of ways. 

The parameters of a digital filter designed by one of the techniques of 
Chapter 5 are generally obtained with high accuracy. When these parameters 
are quantized, the frequency response of the resulting digital filter may differ 
appreciably from the original design. In fact, the quantized filter may fail 
to meet specifications even though the unquantized filter does. In Chapter 4 
it was shown that the sensitivity of the filter response to errors in the param-

eters is dependent on the structure of the filter realization. The related 
problems of choice of filter structure and the direct design of filters with 
quantized coefficients remain as important research areas. 

When a sequence to be processed is obtained by sampling a band-

limited analog signal, the finite-word-length constraint requires that the 
analog-to-digital conversion process produce only a finite number of possible 
values for each sample. That is, the samples of the input must be quantized 
to fit a finite register length. We shall see in this chapter that this effect can 
often be treated in terms of an additive noise signal. 

104 



  

            

          

           

               

            

           

            

            

           

             

          

        

          

            

        

            

           

           

          

           

           

            

            

        

           

         
 

          

       

     
        

            

           

              

              

            

             

            

             

             

            

             

        
      

   

             
           

            
                

             
            

             
             

            
              

          
         

           
             

         
             

            
            

           
            

            
             

             
        

           
          

  

           
       

     
         

             
            

              
               

             
             

             
             

              
             

              
        

       

9.0 Introduction 405 

Even when we start with data representable with a finite word length, the 
result of processing will naturally lead to numbers requiring additional bits 
for their representation. For example, a b-bit data sample multiplied by a 
b-bit coefficient results in a product that is 2b bits long. If we do not quantize 
the result of arithmetic operations in a recursive realization of a digital filter, 
the number of bits will increase indefinitely, since after the first iteration, 
2b bits are required; after the second iteration, 3b bits are required; etc. 
Similarly, in an FFT algorithm, if the coefficients are b-bit numbers, then the 
precise representation of the result of each stage of the FFT computation 
requires b bits more than is required for the previous stage. The effect of 
quantization in such examples depends on such factors as whether fixed-

point or floating-point arithmetic is used, whether fixed-point numbers 
represent fractions or integers, and whether quantization is done by rounding 
or truncation. In this chapter we shall treat the case of fixed-point arithmetic 
and floating-point arithmetic separately. For fixed-point arithmetic it is 
natural in a signal processing context to consider a register as representing a 
fixed-point fraction. In this way the product of two numbers remains a 
fraction and the limited register length can be maintained by truncating or 
rounding the least significant bits. With this type of representation the 
result of addition of fixed-point fractions need not be truncated or rounded. 
However, the magnitude of the resulting sum can exceed unity. This effect 
is commonly referred to as overflow and can be handled by requiring that 
the input data be sufficiently small so that the possibility of overflow is 
avoided. In considering floating-point arithmetic, such dynamic range con-

siderations generally can be neglected, owing to the large range of repre-

sentable numbers, but quantization is introduced both for multiplication and 
for addition. 

[n the following discussion we shall first review the fixed-point and 
floating-point representations of binary numbers and the one’s-complement,

two’s-complement, and sign-and-magnitude representations of negative
numbers. The relationship between the binary representation and truncation 
or rounding is then discussed. Truncation or rounding of the result of an 
arithmetic operation has the effect of inserting a nonlinearity in the filter. 
For simple filters and inputs it is possible to analyze the effect of this non-

linearity in terms of what is referred to as the limit-cycle behavior of the filter. 
For complicated inputs and filters this analysis is very difficult to carry out. 
In this case it is often useful to perform an approximate analysis by repre-

senting the effect of truncation or rounding in terms of an additive error 
signal, which will be referred to as roundoffnoise. The filter is then considered 
to be linear, but the output has a noise component that results from the 
effect of rounding or truncation. The average properties of this noise can be 
analyzed using the techniques of Chapter 8. A noise analysis of this type will 
be discussed for fixed-point and floating-point implementation of digital
filters and also the fast Fourier transform. 



         

      

     

        

          

            

               

            

            

           

            

         

 

           

          

          

             

             

             

          

             

              

         

             

           

           

          

            

          

      

          

              

            

            

       

              

     

 

             

          

       

      

         
           

             
                

             
             

           
             

          

 
  

            
           

          
              

              
              

           
              
               

          
              
           

            
           

             
          

       
           

               
             

             
       

               
      

  

              

406 Effects of Finite Register Length in Digital Signal Processing 

9.1 Effect of Number Representation on Quantization 

9.1.1 Fixed-Point and Floating-Point Binary Numbers 

Digital computers and special-purpose digital hardware generally use a 
number representation with a radix of 2, i.e., a binary representation 
[1]. Therefore, a number is represented by a sequence of binary digits (bits) 
that are either zero or 1. Just as a decimal number is represented as a string 

of decimal digits with a decimal point dividing the integer part from the 
fractional part, the sequence of binary digits is divided by a binary point 
into those representing the integer part of the number and those repre-

senting the fractional part. Thus, if a denotes the location of the binary 
point, the binary number 1001,0110 has the decimal value of 

1-224+0-224+0-214-1:294+(0-2141-2241-234+0-279, 
or 9.375. 

The manner in which arithmetic is implemented in a digital computer or 
in special-purpose hardware depends on the manner of locating the binary 
point. For fixed-point arithmetic, the implementation is based on the assump-

tion that the location of the binary point is fixed. The manner in which 
addition is carried out will not depend on the location of the binary point 
for fixed-point arithmetic as long as the binary point is the same for every 
register.

For multiplication it is generally most convenient to assume either that 
all the numbers are integers or that they are all fractions, since the product 
of integers is an integer and the product of fractions is a fraction. In digital 
filtering applications, it is usually necessary to approximate the 25-bit 
product of two b-bit numbers by a b-bit result. In integer arithmetic this is 
difficult. With fractional arithmetic, on the other hand, this can be ac-

complished by truncating or rounding to the most significant b bits. For 
multiplication with fractions, overflow can never occur since the product of 
two fractions is a fraction. For example, if we multiply the two four-bit 
fractions 1001 and 0011, the eight-bit product ,00011011 can be approxi-

mated by A0001 (truncation) or 0010 (rounding). 
If we add two fixed-point fractions, overflow can occur. For example, 

the sum of the two four-bit fractions 41101 and 51000 is 1,0101. That is, the 
sum cannot be contained in a four-bit register. This limitation on the range 

of numbers that can be represented can be essentially removed by using a 
floating-point representation. In the most common floating-point repre-

sentation, a positive number F is represented as F = 2° M, where M, the 
mantissa, is a fraction, such that 

Lae M&lt;l 

and c¢, the characteristic, can be either positive or negative. When M is in 



       

          

          

         

              

         

                

  
            

             

           

   

                 

         

      

      

      

      

                

           
     

  

  

              

                    

               

             

          

           

          

           

            

          

            

         

          

           

      

                

               

               

  

        

           
           

          
               

         
                 

   
             

              
            

    

                  
          

       

       

      

       

                 
            
      

  

   

               
                    

                
              

           

            
           

            
             

          
             

          
           

            
       

                 
               

                
   

9.1 Effect of Number Representation on Quantization 407 

the above range, the floating-point representation is said to be normalized. 
The product of two floating-point numbers is carried out by multiplying 
the mantissas as fixed-point fractions and adding the characteristics. Since 
the product of the mantissas will be between £ and 1, a normalization of the 
mantissa and corresponding adjustment of the characteristic may be neces-

sary. That is, if M &lt; }, M is shifted left one bit and the characteristic is 
increased by 1.f 

The sum of two floating-point numbers is carried out by shifting the bits 
of the mantissa of the smaller number to the right until the characteristics of 
the two numbers are equal and then adding the mantissas as illustrated 
in the following example. 

EXAMPLE. Consider the sum of F; and F, with F; = 4 and F, = £. Then in 
floating-point notation, F; = 2°1M,, and F, = 2°2M,, with 

c; = 11a (= 3 in decimal) 

M; = A10000 (= 3 in decimal) 

cs = 01x (=1 in decimal) 

M, = 410100 (= % in decimal) 

In order to carry out the addition, ¢, must be changed to equal ¢;, and M, must 
be adjusted accordingly. Thus first the representation of F, is changed to 
F, == 2°2 * M,, with 

Cy = 114 

M, = A00101 

in which case the mantissas can now be added. The resulting sum is F = 
2¢- M, with ¢ = 11 and M = 10101. In this case the sum of M; and M, is a 
fraction between 4 and 1, so no further adjustment of ¢ is necessary. In a more 
general case, the sum may not be in the correct range, and consequently c 
would be adjusted to bring the mantissa into the proper range. 

From this example it should be clear that with floating-point arithmetic the 
mantissa can exceed the register length for both addition and multiplication 
and must therefore be truncated or rounded, whereas this is only necessary 
for multiplication in the fixed-point case. On the other hand, if the result 
of addition in the fixed-point case exceeds the register length, trunca-

tion or rounding will not help; i.e., the dynamic range has been exceeded. 
Thus, while floating-point introduces error due to arithmetic roundoff of 
addition as well as multiplication, it provides much greater dynamic range 
than fixed point. Both of these effects must be considered when comparing 
fixed-point and floating-point realizations of digital filters. 

t Shifting the mantissa one place to the right corresponds to division by 2 and a shift 
of one place to the left corresponds to multiplication by 2. Thus the characteristic is in-

creased when the mantissa is shifted to the right and decreased when the mantissa is shifted 
io the left. 



         

    

           

           

        

          

             

            

            

       

         

    
            

                

               

            

          

         

        
 

         
         

            

         

        

          

        

              

                 

           

      

            

         
        

            

        

            

             

              

               

             

          

          

     

           
            

         
           

              
             

            
        

         

    
             

                 
                

             

           
          

        
  

         
          

            
          

        
          

         
               
                  

            
       

             
         

        
             

         

             
              

               
                
              

           

$08 Effects of Finite Register Length in Digital Signal Processing 

9.1.2 Representation of Negative Numbers 

[n digital signal processing, as in most numerical algorithms, it is neces-

sary to deal with signed numbers. There are three common methods of 

representing fixed-point negative numbers. The first, and perhaps most 
familiar, is sign and magnitude. In this representation the magnitude (which 
is of course positive) is represented as a binary number and the sign is 
represented by the leading binary digit; 0 indicates a positive number and 1 
indicates a negative number (or vice versa). For example, in sign and mag-

nitude 0,0011 represents °% and 1,0011 represents —%. 
Two other common representations of negative numbers are called two’s-

complement and one’s-complement representations. Two’s-complement
representation can be viewed in terms of an interpretation of all the numbers 
in the register as positive numbers. With a total of (b + 1) bits (one to the 
left of the binary point and b to the right of the binary point), these numbers, 
when interpreted as positive numbers, range from zero to 2 — 27°. Half 

these numbers are used to represent positive fractions and half, negative 
fractions. Specifically, positive fractions are represented as in sign and 
magnitude. Negative fractions are represented by subtracting the magnitude
from 2.0. 

EXAMPLE. The sign and magnitude fraction 040110 is the two’s-complement
number 020110. However, consider the sign and magnitude number 1,0110. 
The magnitude is 040110 (i.e., 2), which when subtracted from 10,0000 (i.e., 2)

cesults in 141010 (1§). Thus —3$ is represented by 141010. 

One’s-complement representation of negative numbers is similar to two’s-

complement. Positive fractions are again represented as in sign and mag-

nitude. Negative fractions are represented by subtracting the magnitude 
from the largest number that fits in the register, i.e., all bits equal to unity. 
Thus with (b + 1) bits as before (b bits to the right of the binary point and 
one bit to the left), negative fractions are represented by subtracting the 
magnitude from the number 2 — 272. 

EXAMPLE. Assume that b = 4. The positive fraction +% is represented in 
one’s-complement as 0,0110. The negative fraction (—§) has magnitude ().
Thus the one’s-complement representation is generated by subtracting 0,0110
(3) from 1,1111 (2 — 27%) to yield 1,1001. Consequently, the negative fraction 
(—32) is represented by 1,1001 in a one’s-complement register. 

Table 9.1 shows a comparison of the three number systems for a four-bit 
word length. It is useful to note that in all three representations the leading 
bit is zero for a positive fraction and one for a negative fraction (see Problem 
[(a) at the end of this chapter). For this reason the leading bit is called the 
sign bit. For sign and magnitude, changing the sign of a number but not 
the magnitude affects only the leading bit. For the one’s-complement and 



       

 

     

         

            

           

         

            

             

           

           

          

          

        

  

           

           

             

            

     

     

         

            

           

           

        

  

 

       

    
   
  
  
  
  
  
  

 
  
  
  
  
  
  
   

          
             

            
          
             

              
            

            
           

           
        
   

            
            

              
             

      

      

         
             

            
            

9.1 Effect of Number Representation on Quantization 409 

Table 9 1 

interpretation 

Binary Number Sign and Magnitude Two’s-Complement One’s-Complement 

0,111 7/% 7/8 7/8 
0,110 6/8 6/8 
0,101 5/8 5/8

0,100 4/8 4/8

0,011 3/8 3/8

0,010 2/8 2/8

0,001 1/8 1/8

0,000 0 

1,000 7/8

[,001 7/8 —6/8

1,010 -6/8 —5/8

1,011 5/8 4/8

[,100 —4/8 3/8

[5101 ~3/8 ~2/8

1,110 —2/8 1/8

1,111 1/8 0 

two’s-complement representations, changing the sign of a number affects all 
the bits. In particular it can be shown that negation of a one’s-complement 
number can be accomplished by conjugating all the bits (see Problem 1(b) 
of this chapter); negation of a two’s-complement number is accomplished 
by conjugating all the bits, adding 27%, and ignoring any overflow from the 
addition (see Problem 1(c) at the end of this chapter). Note also that both 
+0 and —O0 are represented in the sign and magnitude and one’s-complement 
systems; in the two’s-complement system —1 is represented but 4-1 is not. 
Each of the representations has its advantages and disadvantages; the choice 
of representation of negative numbers lies primarily in the hardware or 
software implementation of arithmetic operations, such as addition, sub-

traction, and multiplication. 
A variety of conventions have been used for the representation of negative 

floating-point numbers. In this chapter we shall consider the sign of the 
number to be associated with the mantissa so that the mantissa is a signed 
fraction. The representation of this signed fraction can of course be in sign 
and magnitude, one’s-complement, or two’s-complement notation. 

9.1.3 Effect of Truncation or Rounding 

We shall consider both fixed-point numbers and mantissas of floating-

point numbers to be represented as (b + 1)-bit binary fractions, with the 
binary point just to the right of the highest-order bit. This convention 
represents no loss of generality, and its convenience has been alluded to 



         

             

              

        

          

         

           

       

       

           

               

               

              

           

             

           

       

   

            

            

             

     

         

    
          

        

            

           

           

    

      

         

          

   

 

          

             
               
         

           
          
            

       
        

            
                

                
               

            
              

 
            

        

    

             
             

              
 

       

          
    

           

         
             

            
            

     

        

          
          

   

 

  
 

410 Effects of Finite Register Length in Digital Signal Processing 

above. The numerical value (for positive numbers) of a 1 in the least signif-

icant bit is 27°. This quantity will be referred to as the width of quantization 
since the numbers are quantized in steps of 22. 

As indicated previously, the effect of truncation or rounding depends on 
whether fixed-point or floating-point arithmetic is used and how negative 
numbers are represented. Let us consider first the effect of truncation and 

rounding in the fixed-point case. For sign-and-magnitude, one’s-comple-

ment, and two’s-complement methods, the representation of positive 
numbers is identical and, consequently, so is the effect of truncation and 
rounding. Let us denote by b, the number of bits to the right of the binary 
point before truncation and by b the number of bits to the right of the binary 
point after truncation, with, of course, b &lt;&lt; b;. The effect of truncation is to 
discard the least significant (b, — b) bits, and consequently the magnitude 
of the number after truncation is less than or equal to the magnitude before 
truncation. 

Let us denote the number before truncation and after truncation by x 

and Q[x], respectively. Then the truncation error is 

Ep, =0[x] — x 

This error will be negative or zero for positive numbers. The largest error 
occurs when all the bits discarded are unity, in which case truncation reduces 
the value of the register by (27° — 27%). Thus for truncation of positive 
numbers, 

(2b — 2) &lt; E,, &lt;0 (9.1) 

For negative numbers, the effect of truncation depends on whether 
sign-and-magnitude, two’s-complement, or one’s-complement representa-
tion is used. Thus we consider each of the three cases separately. 

With sign-and-magnitude representation the effect of truncation, as we 
discussed above, is to reduce the magnitude of the number. Thus a negative 
number becomes smaller in magnitude, so that E, the value after truncation, 
minus the value before truncation is positive. That is, for truncation of 
negative numbers with sign-and-magnitude representation, 

0 &lt; Ep &lt; (27? — 27%) (9.2) 

For a two’s-complement negative number represented by the bit string 
| AQ1s . . - Gy, the magnitude is given by 

A 270) — xX 

whore 

X 
b1 i 



       

               

 
   

    

 

        

     

    

          

          

      

  

         

                  

                  

       

 

         

     

          

          

    

 

            

         

             

 
            

             

          

           

         

              

             

        

        

               

  
  

 
 

  
 

     
 

        
 

      

     

           
           
       

   

          
                  

                   

        

 

   
 

  

   

           
           
     

  
             

          
              

  
             

              
           

            
          

               
              

         

9.1 Effect of Number Representation on Quantization 411 

Truncation to b bits produces the bit string 1 a,a,. . . a@,, Where now the 

magnitude is 
A, = 2.0 — x, 

with 
b 

Xo=1+4+Y a2" 
i=1 

The change in magnitude is 
bi 

AA == A, bei A, =! &gt; a;2" 
=h4+1 

and it is easily seen that 

0 &lt;AA4 &lt;2°b — 2b 

Hence the effect of truncation for two’s-complement negative numbers is to 
increase the magnitude of the negative number; the truncation error is 
negative and thus for two’s-complement negative numbers 

—2—2M)&lt;FE; &lt;0 9.3) 

For a one’s-complement negative number represented by the bit string 
[A145 . . . a,,, the magnitude is given by 4; = 2.0 — 27** — x,, and trunca-

tion to b bits yields a magnitude 4, = 2.0 — 27% — x,, where x; and x, are 

as defined above. The change in magnitude is 

b1 

Ad =A, — A= &gt; a2 — (27 - &gt; 
i=b+1 

and now 

(27 — 27 « A4 &lt;0 

Hence the effect of truncation for one’s-complement negative numbers is to 
decrease the magnitude of the negative number; the truncation error is 
positive and satisfies the inequality 

0&lt;Ep&lt;(2®—27" (9.4) 
Note that for two’s-complement numbers the range of the error is the same 

for positive and negative numbers, whereas for one’s-complement and sign 
and magnitude the sign of the error depends on the sign of the number 
being truncated. 

As an alternative to truncation, numbers can be rounded to fit into a 

finite-length register. Again, let b denote the number of bits to the right of 
the binary point after rounding. After rounding, the values are quantized 
in steps of 272; i.e., the smallest nonzero difference between two numbers 
is 27°. Rounding corresponds to choosing the closest quantization level. 

T Itis, of course, possible that the number to be rounded lies exactly halfway between 
two quantization levels. In this case there are several possible strategies, such as always 
rounding up, always rounding down, or using random rounding. 



         

             

    

     

            

         

           

             

         

 
 

     

 

  
 

 

   

         

         

         

         

           

          

  
    

     

 

  
 

     

 

  

       

              

    

          

            
     

     
             

          
            

             
          

  
  

      
  

  
  

  

   
          
          

          
          

            
           

   
  

      

 
  

   

  
 

  

  

  

   

       
  
  

 

        

              
     

412 Effects of Finite Register Length in Digital Signal Processing 

Thus the maximum error has a magnitude of  - 272; i.e., the rounding error 
Ey is in the range} 

—32?P 2) &lt; Ep &lt;$@270-—2) 9.5) 
Because rounding is based on the magnitude of the number, the error is 
independent of the way in which negative numbers are represented. 
Generally, it is reasonable to assume that 271 £ 2° and consequently 
that the term 2-%1 can be neglected in the above inequalities. With this ap-

proximation, we can summarize the truncation and rounding errors as 
Truncation: " 

positive numbers 
"&lt;&lt; Ep &lt;0 and two’s-complement (9.62) 

negative numbers 
sign and magnitude
and one’s-complement (9.6b)
negative numbers 

—3 2 &lt;Ep&lt;i}-27 (9.6¢) 
These truncation and rounding errors are summarized in Fig. 9.1. 

In floating-point arithmetic, the truncation or rounding only affects the 
mantissa. Thus, for the floating-point representation, relative error is more 
important than absolute error. This means that floating-point errors are 
multiplicative rather than additive. In other words, for floating point, if x 
represents the value before truncation or rounding and Q[x] represents the 
value after, then 

Ox] = x(1 + ¢) 

where ¢ is the relative error. 

Ix3 
«off Jix) 

» 3 | 

27h X 
LL -

bo | 

2—b x 

Fa 

Ir 

Rounding Truncation Truncation 

-% -27P &lt;Q(x)-x {one’s complement and sign 
and magnitude)

cl.o7® 
-27 Pc Qx)-x&lt;0;x&gt;0

0sQ(x)-x&lt;27P;x&lt;0 

Fig. 9.1 Nonlinear relationships representing rounding and truncation. 

t We assume in Eq. (9.5) that a number lying exactly halfway between two quanti-

zation steps is rounded up. 



      

             

           

     

      

 

   

 

               

  

              

      

 

   

    

  

 

     

               

           

          

     

            

             

           

        

            

          

   
         

           

           

          

            

          

              

       

 

        

       

              
            

 
      

       

 

  
 

  
 

 
 

                

    

              
       

    

    

     
   

      

               
            
           

      

             
              

            
         

             
           

   
          
            

           
           

             
           

               
        

  

          

9.2 Quantization in Sampling Analog Signals 413 

For the case of rounding, for example, the error in the mantissa is between 
+27?/2, and consequently the error in the value of the floating-point word 
is 

—20-27%2 &lt; Q(x) — x &lt;20-27%2 

or, since [Q(x) — x] = ex. 

—b 

C90. 2 
2 

ay &lt;0 
—b 

2 
9.7) 

Chen since 2°! &lt; x &lt;2 2¢, we can write that for the case of rounding 

Vb mg DD (9.8a) 

[n a similar manner (see Problem 3, page 466) we can show that for one’s-

complement and sign-and-magnitude truncation of the mantissa, 

2:27 &lt;e&lt;0 (0 8b) 

and for two’s-complement truncation, 

2:77 &lt;&lt; e &lt;0, x&gt;0 
(9.8¢c)

0&lt;e&lt;2-20 x &lt;0 

9.2 Quantization in Sampling Analog Signals 

The results of Sec. 9.1 can be applied in an analysis of the effects of quantiza-

tion in sampling an analog signal. When sampling was considered in Sec. 
[.7, we assumed that it was possible to obtain a sequence 

x(n) = x,(nT), —oo &lt;n&lt; ow 

where x,(¢) denotes a bandlimited analog signal. That is, it was assumed that 
the samples of x,(t) were known with infinite precision. In this case an infinite 
number of bits is theoretically required to represent each sample. Of course, 
physical limitations preclude sampling with infinite precision, and therefore 
each sample must be either truncated or rounded to fit a finite-length register. 
Thus a somewhat less idealized representation of the sampling process is 
depicted in Fig. 9.2(a).

The form of the quantizer characteristic depends upon how negative 
samples are represented and whether rounding or truncation is used. To be 
specific let us assume that the output samples are represented as two’s-

complement fixed-point fractions of length (b + 1) bits. Further, assume 
that the exact input samples x(n) are rounded to the nearest quantization level 
to obtain the quantized samples X(n). To ensure that the unquantized 
samples are within the range of the (b + 1)-bit number, we must also assume 
that the analog waveform is normalized, so that 

—b —b 

(—1 + =) &lt; x,(nT) &lt; (1 _ =) [6 
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oy 

x(n)=xq(nT;
Sampler Quantizer

Kglr)1 x(n)=Q [x(n)] 

['y 

x(n)=xq(nT) 
Sampler

xa(1) ' ® Rin)=x(n)+ e(n) 

a(n) 

Fig. 9.2 Representation of sampling of an analog signal: (a) nonlinear 
model; (b) statistical model. 

Under these conditions, the quantizer function is as shown in Fig. 9.3, where 
it is assumed that b = 2.. 

If the exact value of an input sample falls outside the range indicated in 
Eq. (9.9), then additional distortion results. As indicated in Fig. 9.3, the 
quantized value 1 — 27? is assigned to all samples exceeding I — 27%/2, and 
the quantized value —1 is assigned to all samples less than —(1 + 27/2). 
This clipping of the input is of course generally undesirable, and it must be 
eliminated by reducing the amplitude of the input until Eq. (9.9) is satisfied. 

An equivalent representation of the quantization process is depicted in 
Fig. 9.2(b). That is, we can express the quantized samples as 

X(n) = Q[x(n)] = x(n) + e(n) 

x(n) =0QC[x(n)] 

O11 
2 A 

2 A 0l0 

7A 
2 

sa 
2 

af 001 
_35 _D

2 2 000 

3 
IA 
w 

BA
=P 

7A
Hp 

un
x(n) 

A 

of 
—-2A 

A=2""P 

2A 

00 | 4A 

-e 

" 9.3 Two’s-complement rounding of samples for b = 2. 



      

             

  

   

         

             

               

             

            

             

          

           

  

         

 
         

     

          

   

         

             

          

            

          

            

        

          

           

          

             

             

         

            

          

           

          

           

       

               

            

       

              
   

    
          
              

                

              
             

              
          

 

            
   

           

 
          

      

           
    

          
              

           
             

           
            

         
           

            
           

             
              

          
             

           
            

           
            

        
                
             

2.2 Quantization in Sampling Analog Signals 415 

where x(n) is the exact sample and e(n) is called the quantization error. Since 
rounding was assumed, 

2 &lt; etm) &lt;2 
where A is the quantization width, i.e., A = 2°, 

In order that Fig. 9.2(b) be exactly equivalent to Fig. 9.2(a), we must, of 
course, know e(n) exactly for all n. In most cases it is reasonable to take the 

position that e(n) is not known, and a statistical model based on Fig. 9.2(b) 
may then be useful in representing the effects of quantization in sampling. We 
will also use such a model to describe the effects of quantization in signal 
processing algorithms. In particular it is common to make the following

assumptions: 

The sequence of error samples {e(n)} is a sample sequence of a 
stationary random process. 

J The error sequence is uncorrelated with the sequence of exact 

samples {x(n)}.
The random variables of the error process are uncorrelated; i.e. 
the error is a white-noise process. 

The probability distribution of the error process is uniform over the 
range of quantization error. 

As we will see, these assumptions, motivated primarily by expediency, 
lead to a rather simple analysis of quantization effects. It is easy to find 
examples where these assumptions are clearly not valid. For example, if 
x(t) is a step function, it would be impossible to justify the above 
assumptions. However, when the sequence x(n) is a complicated signal, such 
as speech or music, where the signal fluctuates rapidly in a somewhat unpre-

dictable manner, these assumptions are more realistic. Experiments have 
shown [2-4] that as the signal becomes more complicated, the correlation 
between the signal and the quantization error decreases, and the error also 
becomes uncorrelated. In a heuristic sense, the assumptions of the statistical 
model appear to be valid if the signal is sufficiently complex and the quanti-

zation steps sufficiently small so that the amplitude of the signal is likely to 
traverse many quantization steps in going from sample to sample. 

In the case of rounding we assume that the probability distribution of the 
error is as shown in Fig. 9.4(a). Similarly, for two’s-complement truncation 
the probability distribution is assumed to be uniform over the range of 
possible quantization errors as shown in Fig. 9.4(b). Furthermore, it is 
assumed that the error is independent of the signal. This assumption is 
clearly not valid for one’s-complement and sign-and-magnitude truncation, 
since the sign of the error is always opposite to the sign of the signal. The 
mean and variance of the quantization noise are easily shown to be (see 
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Pe,(€) (3° 

1 
A A= oF 

1 

’ 

Pe_(e) 

A 

Fig. 9.4 Probability density functions for (a) rounding; (b) truncation. 

Problem 3 in Chapter 3) 

m,=0 

aA 
12 12 

for rounding, and 
3y—b 

m, = -

5 

a2 
ec 1) 

for two’s-complement truncation. The autocovariance sequence of the errar 
is assumed to be 

Veo) = o28(n) 
for both rounding and two’s-complement truncation. 

In digital processing of sampled analog signals, the quantization error is 
commonly viewed as an additive noise signal. The ratio of the signal power 
to the noise power is a useful measure of the relative strengths of the signal 
and the noise. For rounding, the signal-to-noise ratio is 

2 2

Og Og 2b, 2
—=———=(12:2")0
2 2712 ( )% 

When expressed on a logarithmic scale. as in 

o? 
x 

yt4 1% = 10 logy, (%) — 6.02b + 10.79 + 10 log, (6%) (9.10)
oO, 



      

            

     

             

           

           
               

 

                 

           

          

            

         

           

           

           

               

          

     

             

         

        

         

  

        

              

             

            

                

            

            

              

    

    

       
    

           

              

        

             
      

              
            

            
                

  
                  

 

            
           

             
          

            
            

            
                

           

    

              
         

        
          

   
         

              
              

            
                 

             
             

               
     

      

            
            

               

vy 2 Quantization in Sampling Analog Signals 417 

it is clear that the signal-to-noise ratio increases approximately 6 dB for each 
bit added to the register length. 

Earlier in this section we noted that if the input signal exceeds the dynamic 
range of the quantization process, we must reduce the input amplitude to 
eliminate clipping. That is, we quantize samples Ax(n) instead of x(n), where 
0 &lt; A &lt; 1. Since the variance of Ax(n) is 4%0%, the signal-to-noise ratio is 

A? 2 
SNR = 10 log,, (5) — 6b + 10.8 + 10 logy, (02) + 20 logy, (4) (9.11) 

og, 

A comparison of Egs. (9.10) and (9.11) shows that reducing the amplitude 
of the input to reduce clipping distortion reduces the signal-to-noise ratio. 
Many analog signals, such as speech or music, can be conveniently viewed as 
a random process. Generally, such signals are characterized by probability 
distributions that are peaked around zero, and fall off rapidly with increasing 
amplitude. In such cases the probability that the magnitude of a given 
sample will exceed three or four times the root-mean-square value of the 
signal is very low. Thus, if 4 is set at 1/(40,), then with high probability, no 
clipping distortion will occur. In this case the signal-to-noise ratio is 

SNR = 6b — 1.24 dB 

Thus to obtain SNR &gt; 80 dB requires b = 14 bits. This interrelationship 
between dynamic range and quantization error is a fundamental charac-

teristic of fixed-point representations of discrete-time signals and signal-

processing algorithms. We shall see it recurring throughout the remainder 
of this chapter. 

When quantized signals are processed by some signal-processing algorithm, 
the input error (or noise) manifests itself as an error (or noise) in the re-

sulting output. For example, if a quantized sequence x(n) = x(n) + e(n) is 
the input to a linear shift-invariant system, then the output can be repre-

sented as y(n) = y(n) + f(n), where y(n) is the response to x(n) and f(n) is 
the response to e(n). Since x(n) and e(n) are independent, we can ignore 
x(n) in computing the output noise power. Using Eqs. (8.50) and (8.53) and 
the fact that the input noise is white, we can express the mean and variance 
of the output noise as 

m.=m, &gt; h(n) = mH") (912) 

S ==&gt; | [HP dowa; | joy i2 (9.13)ot=ot 3hl"= | IH 
In deriving these equations, we have implicitly assumed that the system was 
realized with no error. In fact, this is not true: however. it is reasonable to 



         

             

          

            

          

 

      

 

            

            

          

          

         

             

           

         

           

            

          

         

         

           

            

           

        

        

            

            

             

         

             

             

           

           

               

             

          

            

           

           

            

      

          

              
           

             
           

  

       
  

             
             

           
           

          
              

            

          
            
             

          
          

          
            

             
            

         

        
             

             
              

          
              

              
 
            

            
                

              
           

             
            

            

             
       

418 Effects of Finite Register Length in Digital Signal Processing 

assume that the errors in the output due to errors introduced in the system 
realization are independent of errors due to the input quantization noise. 
Thus errors due to rounding or truncation in realizing a digital filter are 
considered separately and their effects superimposed on the errors due to 

input quantization. 

9.3 Finite-Register-Length Effects in Realizations of IIR 
Digital Filters 

In this section we discuss the effect of quantizing the results of arithmetic 
operations in realizations of IIR digital filters. As we noted in Chapter 4, 
the basic arithmetic operations involved in the implementation of a digital 
filter are multiplication by a constant (the filter coefficients) and addition. 
For arithmetic involving fixed-point numbers, the result of a multiplication 
must be rounded or truncated, but the result of an addition need not be 
rounded or truncated. However, because the result of an addition can exceed 

the finite register length, there are important dynamic range considerations 
in fixed-point implementations of digital filters. This is similar to the problem 
of quantizing the samples of an analog signal, where we have already seen 
that wide dynamic range and low quantization error are opposing require-

ments. In contrast, floating-point implementations have a much less severe 
dynamic range limitation, but truncation or rounding must be introduced 
after both multiplication and addition. As we have seen in the previous 
section, truncation or rounding is a nonlinear process. That is. the effect of 
quantization in the realization of a shift-invariant digital filter is to introduce 
nonlinear elements into certain branches of a filter structure. 

Strictly speaking, realizations oflinear shift-invariant systems are generally 
nonlinear. It is important to understand the nonlinear effects that arise as a 
result of quantization, since a common objective is to obtain a realization of 
a digital filter that is sufficiently accurate and at the same time requires a 
minimum of hardware complexity. The analysis of nonlinear effects in 
digital filters is often complex and in many cases is not fully understood. In 
addition, much of this analysis is very detailed and beyond the scope of this 
book. 

In the following discussion we shall consider first some simple cases with 
fixed-point arithmetic in which the nonlinearity causes a periodic error at the 
output when the input is set to zero or when the input is constant or is 
sinusoidal. In these simple cases it is possible to understand the effects of the 
nonlinearity in detail. However, when the input is neither constant nor 
sinusoidal, we find it convenient to use the statistical model of the previous 
section to convert the nonlinear system into a linear system with internal 
additive noise sources. Using this model we can compute an average error 

at the output due to the quantization of the results of arithmetic operations 
in the realization of a digital filter. 
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9.3.1 Zero-Input Limit Cycles in Fixed-Point Realizations of 
IIR Digital Filters 

If a stable digital filter implemented with infinite-precision arithmetic has 
an excitation that is zero for n greater than some value n,, the output for 

n &gt; n, will decay asymptotically toward zero. For the same filter, imple-

mented with finite-register-length arithmetic, the output may decay into a 
nonzero amplitude range, after which it has an oscillatory behavior. This 
effect is often referred to as zero-input limit cycle behavior and is a conse-

quence of the nonlinear quantizers in the feedback loop of the filter. The 
limit cycle behavior of a digital filter is complex and difficult to analyze, 
and we shall not attempt to treat the topic in any general sense. For simple 
first- and second-order filters, it is possible to understand the effect and to 

ofA vin) 

tn? w(n)AN Gr 

Fig. 9.5 Flow graphs for a first-order IIR system: (a) ideal linear system;
(b) nonlinear system due to quantization of product. 

develop an interpretation of the oscillations in terms of the effective filter 
poles moving onto the unit circle [5-10]. The effect is best illustrated by 
means of an example. 

EXAMPLE. As an illustration of limit cycle effects, consider the first-order 
system characterized by the difference equation 

yn) = ay(n — 1) + x(n) (9.14) 

The signal flow graph of this system is shown in Fig. 9.5(a). Let us assume that 
x = % and that the register length for storing the coefficient «, the input x(n), 
and filter node variable y(n — 1) is four bits (i.e., a sign bit to the left of the 
binary point and three bits to the right of the binary point). Because of the 
finite-length registers, the product ay(n — 1) must be rounded or truncated to 
four bits before addition to x(n). The flow graph representing the actual 
realization based on Eq. (9.14) is shown in Fig. 9.5(b). Assuming rounding of 
the product, the actual output w(n) satisfies the nonlinear difference equation 

w(n) = Qlaw(n — 1] + x(n) (9.15) 



         

             

              
                  

             

             

             
               

             

             

            

               

                 

 

 

    
 

            

  

          

              
              

                   
              

              
              

                
              

              
             

                
                  

 
 

 

   
 

      
    

 
 

 

 

 

    

             
   

420 Effects of Finite Register Length in Digital Signal Processing 

where QI ] represents the rounding operation. Let us assume that « =} = 
0,100 and that the input is a unit sample of amplitude § = 0,111. Using
Eq. (9.15) we see that for n = 0, w(0) = § = 0,111. To obtain w(1) we multiply 
w(0) by «, obtaining the result aw(0) = 0,011100, a seven-bit number that must 
be rounded to four bits. This number, {%, is exactly halfway between the two 
four-bit quantization levels 2 and 3. If we choose always to round upward in 
such cases, then 0,011100 rounded to four bits is 0,100 = 4. Since x(1) = 0, 
then w(l) = 0,100 = %. Continuing, w(2) = Q[aw(1)] = 0,010 =} and 
w(3) = 0,001 = 1. In both these cases no rounding is necessary. However, 
to obtain w(4), we must round the seven-bit number aw(3) = 0,000100 to 
0,001. The same result is obtained for all values of n &gt; 3. The output sequence 
for this example is shown in Fig. 9.6(a). If « = —% we can carry out the above 

win)
i 
3 

"? 

0 55 oe 
2 

J 3 1 51 51 1 
| 8 \ * 

! 
win) 

1 

'h 
E—

1=-= 

I 51 51 st 

$-

Fig. 9.6 Response of a first-order quantized system to a unit sample: (a) 
oa =4; (ba=—43. 



         

             

             

              

              

                

                 

           

            

              

       

           

              

            

            

         

              

       

          

             

               

          

        

        

      

               

              

        

     

 

   
  

            

            

               

             

              

             

            

    

          

          

              
              

               
               

                 
                  

            
             

               
        

           
               

             
             

          
               

        
         

              
                

           
 

         

         

       

                
               

         

      

 

   
   

             
             

                
              

               
              

             
     

           

9.3 Finite-Register-Length Effects in Realizations of IIR Digital Filters 421 

computation again to show that the output is as shown in Fig. 9.6(b). Thus, 
owing to rounding of the product aw(n — 1), the output reaches a constant 
value of 1 when a = § and a periodic steady-state oscillation between +3 and 
-1 when a = —3}. These are periodic outputs similar to those that would be 

obtained from a first-order filter with a pole at z = +1 instead of at +«. When 
o = +3, the period of the oscillation is 1, and when « = —4, the period of 
oscillation is 2. Such steady-state periodic outputs are called limit cycles, and 
their existence was first noted by Blackman [11], who referred to the amplitude 
intervals to which such limit cycles are confined as dead bands. In this case the 
dead band is —27° &lt; wn) &lt; +27. 

The possible existence of a zero-input limit cycle is important in applica-

tions where a digital filter is to be in continuous operation, since it is generally 
desired that the output approach zero when the input is zero. For example, 
consider a sampled speech signal, being filtered by a digital filter and then 
converted back to an acoustic signal using a digital-to-analog converter. 
In such a situation it would be very undesirable for the filter to enter a 

periodic limit cycle whenever the input is zero. 
Jackson [5,6] has considered limit cycle behavior in first- and second-

order systems with an analysis based on the above observation; i.e., that in the 
limit cycle, the system behaves as if the poles of the system were on the unit 
circle. Specifically, consider the above first-order filter. By the definition of 
rounding, 

|Qlaw(n — D] — aw(n — 1] &lt; 3-27 

Furthermore, for values of » in the limit cycle, 

1Q[aw(n — D]| = [wn — 1)] 

i.e., the effective value of « is 1, corresponding to the pole of the filter being 
on the unit circle. The range of values for which this condition is met is 

win — | — lawn — 1)] &lt; 3-27? 

or, solving for |w(n — 1)|, 

| Eo

win —1)] &lt;2 9.17)
1 — Jal 

Equation (9.17) defines the dead band for the first-order filter. As a result 
of rounding, values within the dead band are quantized in steps of 27°. 
[Note that Eq. (9.17) gives the correct value for the dead band when |x| = }.] 
Whenever the node variable w(n — 1) falls within the dead band when the 

input is zero, the filter enters into a limit cycle and remains in this mode 
until an input is applied to carry the output out of the dead band. 

For a second-order filter, there is a larger variety of limit cycle behavior. 
Consider the second-order difference equation 

y(n) = x(n) + a,y(n — 1) + a,y(n — 2) 



         

              

             

           

           

    

        

                 

      

       

        

    

    

  

                

               

           

            

               

           

                

     

             

              

            

         

          

              

     

         

          

          

           

             

             

            

         

            

          

           

          

               
              

            

            
     

         

                  

       

        

         

      

 
     

   

                 
                

            
             
                

            
                 

      
              

               
             

          
           

               
      

          
          

           
            

              
              

             
          

             
           

            

422 Effects of Finite Register Length in Digital Signal Processing 

With af &lt; —4u,, the filter poles are complex conjugates, and, with ay = —1, 
the poles are on the unit circle. A practical representation of Eq. (9.18) is 

w(n) = x(n) + Qlaw(n — 1] + Qlopw(n — 2)] (9.19) 

where QJ ] again represents rounding of the indicated products. As before, 
by the definition of rounding, 

1Qazw(n — 2)] — apw(n — 2)] &lt; }-270 

With x(n) = 0, the poles of the system will appear to be on the unit circle if 

Qloew(n — 2)] = w(n — 2) 

Substituting this equation into Eq. (9.20) we obtain 

wn — 2) — oaw(n — 2)| &lt; 4-27 

or, solving tor |w(n — 2)]. 

2 
win — 2) &lt; —2——— (9.21)

1 — Jol 

Thus, if w(n — 2) falls in this range when the input is zero, the effective value 
of a, is such that the poles of the system are apparently on the unit circle. 
Under these conditions, the value of «; controls the frequency of oscillation. 

In a second mode of limit cycle behavior that can occur in second-order 
filters, the effect of rounding is to place an effective pole at z = 41 and 
z= —1, The dead band corresponding to this mode is bounded by 
1/(1 — |oy| — ap). The amplitude of a limit cycle in this band is of course 

quantized in steps of 27° [5,6]. 
In addition to the above classes of limit cycles, a more severe type of 

limit cycle can occur due to overflow. The effect of overflow is to insert a 
gross error in the output, and, in some cases, thereafter the filter output 
oscillates between the maximum amplitude limits. Such limit cycles have 
been referred to as overflow oscillations. The problem of oscillations caused 
by overflow is discussed in detail by Ebert et al [12]. A simple example is 
developed in Problem 9, page 469. 

The above discussion was concerned only with zero-input limit cycles, 
owing to rounding in first- and second-order IIR systems. Although the 
analysis was somewhat heuristic, the simple formulas that result have been 
found to be consistent with experimental results and are useful in predicting 
limit cycle behavior in IIR digital filters. A similar style of analysis can be 
used for truncation (see, for example, Problem 6 at the end of this chapter). 
In the case of parallel realizations of higher-order systems, the outputs of the 
individual second-order systems are independent when the input is zero. 
Thus the previous analysis can be applied directly. In the case of cascade 
realizations, only the first section has zero input. Succeeding sections may 
exhibit their own characteristic limit cycle behavior or they may appear to 
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be simply filtering the limit cycle output of a previous section. For high-

order systems realized by other filter structures, the limit cycle behavior 
becomes more complex, as does the analysis thereof. When the input is 
nonzero, the quantization effects depend upon the input, and the style of 
analysis of this section is completely inappropriate except for simple inputs 
such as a unit sample, a unit step, or a sine wave. In other cases the com-

plexity of the quantization phenomena force us to a statistical model. 
In addition to giving an understanding of limit cycle effects in digital 

filters, the above results are useful when the zero-input limit cycle response of 
a system is the desired output. This is the case, for example, when one is 
concerned with digital sine-wave oscillators for signal generation and for 
generation of coefficients for discrete Fourier transformation. 

9.3.2 Statistical Analysis of Quantization in Fixed-Point 
Realizations of IIR Digital Filters 

A precise analysis of truncation or rounding errors is generally not 
required in practical applications. For example, a common objective of 
error analysis is to choose the register length necessary to meet some specifica-

tions on the relative sizes of signal and errors. The register length can, of 
course, be changed only in steps of one bit. As we shall see, the addition of 
one bit to the register length reduces the amplitude of the quantization errors 
by a factor of approximately one-half. Thus a final decision concerning 
register length is insensitive to inaccuracies in the error analysis; an analysis 
correct to within 30-409; is often adequate. Because of this insensitivity, 
it is possible to use the statistical model developed in Sec. 9.2 in the analysis 
of quantization errors. 

In the following discussion we shall focus primarily on simple first- and 
second-order systems to illustrate the manner in which the statistical model 
can be used in estimating the effects of quantization in fixed-point realizations 
of digital filters. Out of these simple examples will emerge a number of 
suidelines that can often be generalized in more complex examples. These 
guidelines are useful in considering the many tradeoffs involved in achieving 
the most efficient and economical realizations of digital filters. 

Consider a fixed-point implementation of a first-order system with 
rounding being applied to products. Figure 9.7(a) depicts the infinite-

precision system and Fig. 9.7(b) depicts the finite-precision realization, with 
O[ ] denoting the rounding operation. In Fig. 9.7(c) the same system is 
depicted, with the effect of the quantizer being represented by the additive 
noise source 

e(n) = Olaw(n — 1D] — awn — 1) 

As we discussed in Sec. 9.2, the representations of Fig. 9.7(b) and (c) are 
identical when e(n) is known. However, let us make the following assump-

tions concerning the effect of quantization of products. 
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lo 
x(n) yin) 

Svin=1) 
wd 

mem -) 

x(n) w(n)=y(n)+f(n) 

~ 

ow 

S wii; 

bi 

0 

¢(n) w(n)=y(n)+f(n) 

ASwin—=1) 
s(n) 

0) 

Fig. 9.7 Flow graphs for a first-order IIR system: (a) ideal linear system;
(b) nonlinear system; (c) statistical model for fixed-point roundoff 
noise. 

i. The error sequence e(n) is a white-noise sequence. 
). The error sequence has a uniform distribution over one quantization 

interval. 

The error sequence e(n) is uncorrelated with the input x(n) and 
aw(n — 1). [This implies that e(n) is uncorrelated with the output. 
See Problem 12 in Chapter 8.] 

These assumptions are identical to those made for quantization of samples 
of an analog signal, and the conditions for their validity are much the same. 
That is, these assumptions hold when the input signal and resulting node 
variables vary from sample to sample in a sufficiently complex manner. 
They are clearly not valid for inputs such as a unit sample, a unit step, or a 

sinusoidal sequence. 
If the register length is (b + 1) bits, then, for rounding 

ben) &lt;i-20 
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Assuming a uniform distribution over this range, the mean of e(n) is zero 
and 

2 1..9-2b
0,=352 

If y(n) is the output that would be obtained due to x(n) if there were no 
quantization error, then the actual output can be represented as 

w(n) = y(n) + fn) 

where f(n) represents the output error due to the noise source e(n). If h,(n) 
is the unit-sample response of the system from the node at which e(n) enters 
to the output, then 

a0 

me.=m, &gt;. h(n) (Q 22a)
n=—00 

and since e(n) is assumed to be white noise,{ 
0 

Or
2 
= R &gt; hi(n) (9.22b)

n=—or 

-—0 

«(n) w(n)=y(n)+fy(n)+fy(n) 

win-1) 

ro 

e.(n) 
win-2) 

Fig. 9.8 Statistical model for fixed-point roundoff noise in a second-order 
IIR system. 

From Fig. 9.7(c) we see that for this case the unit-sample response from the 
noise input to the output is the same as for the signal input. This of course is 
not true in general. For this example, then, A,(n) = a"u(n), so 

1 12 2 1 —2b
Or=0,—— =71g' 2 TT 

! 1—a °° 1 — of 

As a second example consider a second-order filter with one complex 
pole pair at z = re*”, as represented by the difference equation 

y(n) = x(n) + 2r cos 6 y(n — 1) — r’y(n — 2) 

With rounding of products we obtain the nonlinear difference equation 

wn) = x(n) + Q[2r cos 6 win — 1)] — Q[rtw(n — 2)] 

Since there are two multiplications, two noise sources are introduced as 

depicted in Fig. 9.8. These sources are denoted e,(n) and e,(n). Again, the 

t We will assume for convenience that 4.(n) is real. 



         

             

           

          

            

          

            

            

    

           

 

      
              

         
 

    

 
    

     

  

     
    

   
     

      

            

            

           

   

        

           

  

   

           

             

           

           

              

               

       
           

          

              

            
           

             
           

             
             

  

            
  

    
               

        
  

     

 
      

   

     
    

  
 

 
  

       

             
             

            
   

         
            

   
    

            
              

            
            

               
                

        
            

426 Effects of Finite Register Length in Digital Signal Processing 

output can be represented as the sum of the ideal output and two error 

components, f;(n) and f,(n), due to e,(n) and e,(n), respectively. As before, 
we assume that e,(n) and e,(n) are white-noise sequences, with amplitude 
densities uniform between +4 + 27° and that they are both uncorrelated with 
the input. Furthermore, we shall assume that they are uncorrelated with 
each other. Since e,(n) and ey(n) are uncorrelated, so are fi(n) and f,(n) 
(see Problem 12 of Chapter 8) and consequently (see Problem 2, Chapter 8) 

0; = of + of, 

or, with A,(n) and hy(n) denoting the unit-sample responses from the noise 
source inputs, 

t= of 2h(n) + oe, 2hn) 
We note that, for this example A,(n) and h,(n) are equal and are given by 

h(n) = hy(n) =~L. r" sin [(n + 1)0]u(n)
sin 0 

[t can be verified that 

© 14
Wn) = —L———  ——

2, in) 1—rr* +1 —2r%cos26 
so (hat with 

2 _ 2 __ 1 ,4-20b
Op, = Oe, 13° 2 

e_ 2 mln
2 

— (9.24)
Or — 13% 2 4 2

1 — rept 4-1 — 2r%cos 20 

These two examples illustrate a style of analysis that can be applied to 
obtaining the variance of the output noise due to arithmetic rounding in any 
fixed-point filter. Some other examples are considered in the problems at the 
end of the chapter.

The above results are easily modified for two’s-complement truncation. 
We note that the amplitude of the error in two’s-complement truncation is 

in the range 
—2b &lt;&lt; Fn &lt;0 

Thus, if we are to represent the effect of truncation of two’s-complement 
aurhbers in the same style as we did rounding, we would consider an additive 

noise source e(n) with an amplitude density uniform between —27° and zero. 
We again assume that e(n) is linearly independent of itself shifted (white 
noise) but that it no longer has zero mean. In particular, E[e(n)] = —3 23, 
However, the variance of e(n) in this case is identical to that for the case of 

rounding. Therefore, with two’s-complement truncation, the output noise 
variance is identical to that with rounding. However, the output noise no 
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longer has zero mean value, although the mean value is easily computed 
using Eq. (9.22a). In many examples the above results can also be considered 
to apply to one’s-complement and sign-and-magnitude truncation, although, 
as indicated in Sec. 9.2, in those cases the correlation between the signal and 
the truncation error is, in fact, stronger because the polarity of the error is 
always opposite to the polarity of the signal to which the truncation is applied. 

As indicated previously, another consideration in the implementation of 
digital filters with fixed-point arithmetic is the possibility of overflow. With 
the convention that each fixed-point register represents a signed fraction, 
sach node in the filter must be constrained to maintain a magnitude less than 

anity in order to avoid overflow. Letting x(n) denote the filter input and y,(n) 
and #,(n) denote respectively the output of the kth node and unit-sample 
response from the input to the kth node in the filter, then 

y(n) = 3 h(r)x(n — r) 

[f xm. denotes the maximum of the absolute value of the input, then 

P| &lt; mex 3 I) (9.25) 

Thus, since we require that |y,(n)| &lt; 1, Eq. (9.25) requires that 

Cmax &lt; a 
1 

(9.26) 
&gt; |) 

for all nodes in the network. Equation (9.26) thus provides an upper bound 
on the maximum value of the input to ensure that no overflow occurs at the 

kth node. In the most general case, scaling of the input according to Eq. 
(9.26) is required to guarantee that no overflow occurs. This is a consequence 
of the fact that equality can be achieved in Eq. (9.25) with a sequence x(n) 
for which at n = ny, xX(ny — r) = sgn[A(r)] [where sgn (x) =1 for x = 0 

and sgn (x) = —1 for x &lt; 0]. The condition in Eq. (9.26) can be satisfied 

by applying attenuation to the signal at the filter input. 
As an example consider an input x(r) which is a white-noise sequence with 

a uniform amplitude density. Then we would choose for the case of the first-

order filter a maximal input amplitude of (I — [«|). For this case, if ol 
denotes the variance of the input signal and o&gt; denotes the variance of the 
output signal, 

2 1 2 
o,=-(1 — (9.27)=¢ |oe]) 

oo 1 — af)? 
17 ~Q)

Yd — af? 



         

            

     

 
   

            

           

            

          

        

     

            
    

            

            

            

            

        

  

        

              

   

          
     

    

     
                 

          

            

           

          

                  

             

  

  

 

                  

              

       

            

          

             
      

  
   

            

            
             

           
         

   
           

     

             
             
             

             
         

  

       

               
 

  

               

     

     
                  

           
             

           
           

                  

              
   

 
   

                   

               
  

   

428 Effects of Finite Register Length in Digital Signal Processing 

For this example we can then compute an output noise-to-signal ratio as the 
ratio o}/o&gt;, with the result that 

7 =1.27%_1 
oy (1 — fa]? 

In a similar manner we can derive a noise-to-signal ratio for the second-

order filter considered previously. As in the first-order case, we restrict the 
input amplitude to guarantee that the dynamic range of the registers is not 
exceeded. If we consider the input sequence to be uniformly distributed 
white noise, the resulting output noise-to-signal ratio will be 

oy —2f R - | 3 
= 1-2 3 hol) = 4-22 Sr pin ln + 01) 030)

oy noo sin 6 »=o 

Although it is difficult to evaluate this expression exactly, it is possible to 
obtain an upper and lower bound. Since D&gt;, |h(n)| is the largest possible 
output obtainable with an input that never exceeds unity, it must be larger 
than the response of the second-order filter to a sinusoid of unity amplitude 
at the resonant frequency. With this consideration, we obtain 

a0 2 1 

(Swen) = (= (+ © —2r cos 20) 6-31 

since the right-hand side of this inequality is the gain at resonance (w = 0). 
Furthermore. 

0 2 0 2 

(5 &gt; r* sin [(n + 0) &lt; (3 3) (9.32)
sin 0 220 sin 0 no 

Therefore, for the second-order case, 

1.9720 — 7 . 920 rv 
802 (1 — rN*1 + r* — 2r cos 20) = o&gt; =%2 sin? 6(1 — r)® ©-33) 

Sharp cutoff frequency selective filters often require poles that are very 
close to the unit circle. Since cascade or parallel realizations of such filters 
require first- and second-order systems, it is important to consider the above 
expressions for noise-to-signal ratio as the poles approach the unit circle. 

For the first-order filter let d = 1 — |«| so that as § — 0, the pole ap-

proaches the unit circle. Then in terms of J, the noise-to-signal ratio for the 
first-order filter is 

o? ys }
—=1275 

og, 0 
For the second-order filter, let § = 1 — r so that, again, as 6 — 0, the poles 

approach the unit circle. Then if we assume that § &lt; 1, we can approximate 
(1 + r2 — 2r cos 20) as 

4 2 — 2rcos 20 ~ 4 sin® 0 L 5% 3 35) 
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which for 4 sin? 6 large compared with 62 we will approximate as 4 sin? 6. 

Consequently, incorporating this approximation, 

3rT % £ heTr 
46%sin® 6 ~ o2 4% sin® 6 

We observe that the noise-to-signal ratio for the examples above can be 
considered to be proportional to 272/62. We note from this dependence that 
if 6 is halved, then to maintain the same noise-to-signal ratio, b must be 
increased by 1; i.e., one bit must be added to the register length. 

[n the above analysis, the filter input was assumed to be uniformly 
distributed white noise. As ¢ approaches zero, the frequency response of 
both the first- and second-order filters becomes more selective, so that more 

and more of the input energy is out of band. An alternative basis for deter-

mining the noise-to-signal ratio is for an input that is sinusoidal. For this 
choice of inputs, of course, we would not use the general condition of Eq. 
(9.26) to avoid overflow since we can determine exactly the maximum allow-

able input amplitude as a function of the filter parameters. 
In particular, if the input is of the form x(n) = 4 cos nw,, then the steady-

state output is of the form y(n) = B cos (nw, + ¢). To prevent overflow, B 
must be less than unity, and to maximize the output signal energy, B is 
chosen to be as large as possible. Thus the maximum noise-to-signal ratio 
is obtained when A is chosen so that y(n) = cos (nw, + ¢). Note that in 

order to choose A in this way, the frequency of the input signal must be 
known. For an input sinusoid of unknown frequency, 4 must be chosen so 
that overflow will not occur even in the worst case, i.e., for which the fre-

quency of the input coincides with the peak gain in the filter's transfer 
function [13]. 

For fixed-point filters, within the validity of the model for roundoff error 
that we have been using, the output noise is independent of the frequency 
and amplitude of the input signal. Thus for this choice of inputs, the noise-

to-signal ratio obtained for the first-order filter is 

oy EE pz L -
-— 6 (9.37)

a? 1 — jaf? 

[f, as before, we let « = 1 — 4. then for § &lt;1, 

1 2-2
i: LE12 (9.38)
02 

(n this case the noise-to-signal ratio is proportional to 1/d rather than 1/62, 
so that if § is multiplied by 1 and the register length is increased by one bit, 
the noise-to-signal ratio will remain constant. We can consider the second-

order case in a similar manner. Again for a sinusoidal input, the output with 



         

            

     

    
         

 

         

 

  

           

           

            

           

           

           

           

           

 

           

           

              

              

           

            

             

             

           

           

              

    

           

          

           

          

            

      

          

              

           

            

            

 

          

            
      

   
      

          

  
   

            
           

             
            

            
            

            
            
  
           

            
               

               
            

             
              

              

            
           

               
     

            
           

            
          

             
       

           
               
            

             
             
  

430 Effects of Finite Register Length in Digital Signal Processing 

maximum amplitude has the form y(n) = cos (nw, + ¢), so the noise-to-

signal ratio in this case is 

oO _ 1. wld —_ {9 39)
gt 1? 1 —r21 + v* — 2r%cos 20 

Again, choosing r = 1 — é with § &lt;1, 

0? a 
(9.40)

02 40sin® 0 

As with the first-order filter, the noise-to-signal ratio is proportional to 1/8 
rather than 1/62. The comparison of the noise-to-signal ratio for a white-

noise input and a sinusoidal input serves to illustrate the dependence of the 
effect of dynamic range considerations on the particular form of the input. 
In some sense the two cases considered represent extremes. As the input 
becomes more confined to a known narrow band of frequencies, the above 

analysis with a sinusoidal input would be more representative, and as the 
input becomes more wide band, the analysis with a white-noise input is 
more representative. 

In the above discussion, the noise-to-signal ratio for the case of white-

noise input was derived assuming that the input amplitude was small enough 
to prevent overflow in the most general case. In a practical case a scaling of 
the input on the basis of Eq. (9.26) can be considered to be pessimistic, since 
the probability of equality being attained in Eq. (9.25) is extremely small. 
It is common practice to permit the amplitude to be somewhat larger than 
dictated by Eq. (9.26) and, if the result of an addition overflows, to clamp 
the output at the maximum value in the same manner in which we assumed 

that input samples were clamped in Sec. 9.2. This approach is commonly 
referred to as saturation arithmetic. Saturation of the filter, of course, repre-

sents a distortion, and the choice of scaling on the input will depend on how 
often such distortion is permissible. 

The style of analysis illustrated by the previous discussion can be applied 
to investigate the effects of quantization in systems defined by higher-order 
linear difference equations. However, it is difficult to obtain results that are 
widely applicable. This is because the quantization effects are highly de-

pendent on the properties of the desired transfer function and on the specific 
structure used to realize that transfer function. 

As an example consider the two realizations of a second-order system 
shown in Fig. 9.9. The noise sources in the two systems are manifest in the 
output in different ways. Thus. the two systems will.in general have different 
noise-to-signal ratios at the output for the same input signal. However, it is 
not possible to determine which form is to be preferred unless the parameters 
are known. 
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Fig. 9.9 Statistical models for roundoff noise in second-order IIR systems:

(a) poles before zeros; (b) zeros before poles. 

For higher-order systems, the parallel-form structure is the simplest to 
analyze. In this case an analysis of first- and second-order systems (including 
zeros) is adequate to determine the noise-to-signal ratio at the output, since 
the quantization effects are assumed independent between sections. However, 
even in this case, the noise-to-signal ratio depends on the structure of the 
second-order sections. The cascade form presents an even more difficult 

problem, since the order in which poles and zeros are arranged can have a 
great effect on the overall noise-to-signal ratio because noise generated in a 
particular second-order section is filtered by all the succeeding sections. 
Thus there arises the interesting problem of determining the best pairing of 
zeros with poles and the best ordering of the resulting second-order sections 
so that the output noise-to-signal ratio is minimized. This problem is com-

plicated by the fact that signals must be scaled so that overflow does not 
occur at any point in the chain of second-order systems. A detailed analysis 
of quantization effects in cascade and parallel realizations is given by 
Jackson [13,14]. The indication from this work is that for the parallel form, 
there is little dependence on the form used to realize the second-order 



         

            

           

             

 

      
    

            

           

         

          

          

            

          

      

         

              

     

          

            

           

        

          

        

            

            

         

              

           

           

        

          

           

       

           

               

           

         

    

   

          

             
            

              
  

      
     

             
            

          
          

          
             

           
       

          

               
 

       

           
             

            
         

          
         

             

             
          

               
            

            
         

           
            

        
            
                

            

          

     

 

     

432 Effects of Finite Register Length in Digital Signal Processing 

sections, i.e., Fig. 9.9(a) or (b). However, for the cascade form, there is 
some dependence on the form of the second-order sections. Also the parallel 
structure seems to be slightly better than the best ordering of sections in the 
cascade form. 

9.3.3 Statistical Analysis of Quantization in Floating-Point
Realizations of IIR Digital Filters 

From the preceding discussion it is clear that the limited dynamic range of 
fixed-point arithmetic results in the need for careful scaling of inputs and 
intermediate signal levels in fixed-point digital filter realizations. The need 
for such scaling can be essentially eliminated by using floating-point arith-

metic. However, noise is introduced due to both multiplications and addi-

tions [15-18]. As discussed in Sec. 9.1, if Q[x(n)] represents the result of 
applying rounding to the mantissa of a signal represented in floating-point 
form, then we can express Q[x(n)] as 

Qlx(m)] = x(n)(1 + &amp;(m)) = x(n) + x(n)e(n) (9.41) 

where, with the length of the mantissa as (b 4 1) bits, the relative error 
satisfies 

— 2b &lt;&lt; e(n) &lt; 2° (9.42) 

Thus, in a filter implemented with floating-point arithmetic, we can represent 
the effect of quantization by an additive error term e(n) = x(n)e(n). Again, 
consider the first-order filter depicted in Fig. 9.10. Figure 9.10(a) shows the 
first-order system assuming infinite-precision arithmetic. Thus y(n) is the 
exact output corresponding to input x(n). Figure 9.10(b) depicts the system

when floating-point quantizers are inserted after the multiplication and 
addition to account for the rounding of the mantissa. In this case w(n) 

represents the noisy output due to input x(n). In Fig. 9.10(c) the quantizers 
are replaced by additive noise sources appropriate for floating-point rounding. 
It is important to note that if e,(n) and ey(n) are known, Fig. 9.10(b) is 
equivalent to Fig. 9.10(c). In order to apply statistical analysis, we must 
make some assumptions about the noise sources e;(n) and e,(n). At first 
consideration, these assumptions may appear difficult to justify. However, 
as emphasized previously, we are not attempting to develop a precise 
analysis. Within modest bounds, the results based on the model that we 
will develop and use have been verified experimentally. 

Let us begin by assuming that x(n), the input, is a random-process 
signal, so that the input and output of the filter can be described in terms of 
averages. For convenience we assume that x(n) has zero mean. We note 

that the error sources e,(n) and e,(n) are given by 

e,(n) = g(mawn — 1) 

Fit 

on) = &amp;,(n)g(n) (0 44) 
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Q
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“(n) win) =y(n)+f(n) 

win- | 
o.(n} 

c) 

Fig. 9.10 First-order IIR systems: (a) ideal linear system; (b) nonlinear 
model; (c) statistical model for floating-point roundoff noise. 

With no quantization, w(n — 1) = y(n — 1) and g(n) = y(n), so that if 

the errors are small, we can approximate e,(n) and e,(n) as 

er (n) ~ ae(n)y(n — 1) (9.45) 

eq(n) ~~ &amp;,(n)y(n) (9.46) 

I'he consequence of this further approximation is to express the additive 
error in terms of signals in the ideal unquantized filter rather than in the 
actual filter. In addition to this approximation, we shall assume, as before, 
that the relative errors &amp;,(r) and &amp;,(n) are 

White noise. 
Uncorrelated with each other. 

Uncorrelated with the input or any node variable in the system. 
Uniformly distributed in amplitude in the range —272 to +27? [see 
Eq. (9.8a)]. 

Since &amp;,(n) is white noise and uncorrelated with y(n — 1), it follows 
see Problem 4 of Chapter 8) that e,(») is white with variance 

2 = a0” « E[y¥n — 1)] (G47 



         

           

   

     

     

  

             

             

       

    

            

           

         

   

    

 

    

    

     

     

      

 

            

     

 
   

 

 

       

 

   
  

            

         

          

          

            

   
      

      

    

              
            
        

     

             
           
          

 
 

      

 

 

     
 

 

       

      

  
     

 

            
      

    
   

 
 

  
        

 

 

 

 
 

             
          

           

434 Effects of Finite Register Length in Digital Signal Processing 

or, since we assume that x(n), and consequently y(n), has zero mean, 

2 _ 2.2, 2

0;, = X 0;* 0, (9.48) 

Similarly, e,(n) is white with variance 

ot = 030] (9.49) 

With 4, (rn) and A,(n) denoting the unit sample responses from the noise source 
inputs to the output, andf;(n) andf,(n) denoting the error components in the 
output due to e,;(n) and ey(n), we have 

f(n) = fi(n) + fon) 

Since we assumed that &amp;;(n) and &amp;,(n) are uncorrelated, it follows that e;(n) 
and e,(n) are also uncorrelated, as are the corresponding noise outputs f(r) 
and f,(n). Thus the variance of the output noise is 

of = of + of,
where 

0s,; = Oop 2&gt; Km (9.512) 

- fH. 

0 

of, = 05, 2 hyn) {9.51b)
Ne——D 

Since 

hy(n) = hy(n) = a"u(n) (QO SN 

't follows from Eqs. (9.48)—(9.52) that 

2 2 1 2 2 2 
0; = ou ; (az, + 07) 9.53) 

— 

Finally, since &amp;,(n) and &amp;,(n) are both assumed to have a uniform proba-

bility density between —2~% and 427°, 

2 __1.92b
ol =o) =1% 2 

het el ore 

_op 21+
2 

(9.54)P=3-2 0; 
or the noise-to-signal ratio at the output is 

Of
2 

1.011 
2 

(9.55)
2 3 ? 

ge 1 —« 

It is interesting to note that the noise-to-signal ratio as given by Eq. 
(9.55) for the first-order filter was derived without assuming particular 
spectral properties for the input. Therefore, Eq. (9.55) applies whether the 

https://9.48)�(9.52
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input is wide band, such as white noise, or narrow band, such as a sinusoidal 

input. For more general filters, however, the noise-to-signal ratio will 
depend on the form of the input. 

in a manner similar to the above, we can analyze a second-order filter. 

Figure 9.11(a) depicts the ideal second-order filter and Fig. 9.11(b) the filter 
with the noise sources included. Note that since noise sources must be in-

cluded due to addition, the order in which the products are added together 
is important. Figure 9.11(b) depicts the case when the rounded products 

= NNJ 

‘4 y(n) 

cos 8 

Ly(n-1) 

| 

dy(n-2) 
a 

oeq(n) 

«{n) w(n)=y(n)+f(n) 
» &lt;0 g,(n) 7 

2r cos 8 
“win=1 

Se(n) 

win—=2) 

%e..(n) -

Hh) 

Fig. 9.11 Second-order IR system: (a) ideal linear system; (b) statistical 
model for floating-point roundoff noise. 

2r cos Bw(n — 1) and —r?*w(n — 2) are added first and then the input x(n) 
is added to the rounded sum. The noise sources e;(n) and e,(n) represent the 
noise due to the multiplications, and the noise sources e,(n) and e,(n) 
represent the noise due to the additions. With assumptions similar to those 
above in which we neglected second-order terms. we write that 

e,(n) = y(n)ey(n) 

ex(n) = (y(n) — x(n))ex(n) 
(9.56)

eg(n) = 2r cos y(n — 1)ey(n) 

2,(n) = —riy(n — 2)ey(n) 



         

            

          

           

            

           

       

   

      

        

     

            

              

         

   

           

     

             

 

   

 
 

   
        

        

        

       

     

           

         

     

  

           

          

             
           

           
             

            
        

   

      

        

     

             
               
          

    

     
      

              

  

   

  
  

        

         

     

        

   

            

          

      

   

             

436 Effects of Finite Register Length in Digital Signal Processing 

Again, we assume that &amp;,(n), &amp;,(n), e3(n), and ¢,(n) are uncorrelated with each 
other and with x(n), are white-noise sequences, and have uniform amplitude 
density functions. Since &amp;,(n), &amp;,(n), (rn), and e,(n) are white and uncor-

related with x(n) [and consequently also y(n)], it follows, as in the first-order 
example, that e;(n), ey(n), es(n), and e,(n) are white. The variances of 
e,(n), ex(n), es(n), and e,(n) are given by 

of = E[y*(n)]- 02 

of = E[(y(n) — x(n))’] - 0, 
(9.57)

03, = 4r® cos® OE[y*(n — 1)] - 02, 

05, = r'E[y*(n — 2)]- o2, 

Since each of the four noise sources is assumed uncorrelated, the variance of 
the output noise sequence, f(r), is the sum of the variances due to each of 
the roundoff noise sources. Thus the output noise variance is 

+00 +00 +0 +o 

d=,3 Km+ol3 Km +l3 Km + ol 3 him 
From Fig. 9.11 we note that 

h(n) = hy(n) = hy(n) = hy(n) = — sin (n + DOu(n) (9.58) 

and thus 

To pi + +a0 

2 Hm=3Km=3km=3hn 
1+ rt 
—_—— — — (9.59)
1 — 2 1 — 2r2cos 20 ( 

Denoting the right-hand side of Eq. (9.59) by G, 

ot = G(o}, + 07, + 03, + 03) 

Next we take account of the fact that 

I. =a = =a =} 2% 

2. E[y*(m)] = E[y*(n — D1 = E[Y*(n — 2)] = 0, 

3. E[(y(n) — x(n))’] = E[y’(n)] + E[x*(n)] — 2E[y(n)x(n)] 

= 0% + 62 — 2E[y(n)x(n)] 

to write that 

2 1.27%G(¢® — 2E[y(n)x(n)]) (9.60)gr =12"2Gs%2 + rt + 4r¥cos? 6) + 1 



         

         

         

 

      
 

              

  

        

           

         

           

        
                 

        

  
    

  

             

     
   

          

           

           

        

          

           

             

          

           

          

            

               

         

             

      

          

         

           

            

          

          
          

  
       

 

               

    

         

           
          

           
        
                  

         

 
  

   

  

              

     
  

           
            

            
         

          
            

              
           
            

           
             

                
          

              
       

           
          

            
             

9.3 Finite-Register-Length Effects in Realizations of IIR Digital Filters 437 

Without any further assumptions, we cannot reduce Eq. (9.60) further. 
However. if we assume that the input is white, then 

2 &amp; 
on = of

2 
2 h(n) = Go; (9.61)
200 

Finally (see Problem 9 of Chapter 8), E[y(n)x(n)] = h(0)a? or, since h(0) = 1, 

E[y(n)x(n)] = o (9.62) 

With these results, Eq. (9.60) can be rewritten as 

0? =1-22Go(2 + r* + 4r’ cos’ 0) — }- 27%°Go? Gh 
= 1272622 + r* + 4r® cos? )G — 1} 

For the high-gain case, it is possible to compare fixed-point and floating-

point arithmetic by approximating the expressions for the noise-to-signal
ratio. For the first-order case, witha = 1 — d and |d| &lt; 1, Eq. (9.55) for the 
first-order filter with floating-point arithmetic can be approximated as 

0;
2 

—2b 1 
— ~~ PY 2 jr (9.64)o? 3 0 

Similarly, for the second-order filter with r = 1 — d and § &lt;1, 

oy ~ 1. 2203+4cos’ 6 
2° 45 sin® 0 

For fixed-point arithmetic we recall that for a white-noise input, the 
noise-to-signal ratio behaved as 1/6% and, for a sinusoidal input, as 1/4. 
Comparison of Eqs. (9.64) and (9.65) with Eqs. (9.34) and (9.36) indicates 
a significantly smaller noise-to-signal ratio for floating-point arithmetic as 
compared with fixed-point arithmetic with a white-noise input. It is im-

portant to keep in mind that the noise-to-signal ratios for the fixed-point 
filters were computed on the basis that the input signal was as large as 
possible. If the input signal level decreases, the noise-to-signal ratio will 
increase since the output noise variance is independent of the input signal 
level. For floating-point arithmetic, on the other hand, the output noise 
variance is proportional to the output signal variance, and as the input level 
is scaled up or down, so is the roundoff noise. It is also important to note 
that the comparison just discussed assumes that the floating-point mantissa 
is equal in length to the entire fixed-point word and does not account for 
the extra bits needed for the characteristic. 

As in the fixed-point case, the analysis of higher-order systems becomes 
very complicated. The quantization noise is dependent on the system 
parameters and on the structure used to implement the system. In general, 
the comments at the end of Sec. 9.3.2 apply also to floating-point realizations 



         

          

        

        

      

 

            

            

             

           

           

             

             

       

          

            

  
         

             

          

             

           

            

      

    

        

              

           

     

           

           

             

            

 

      

         

           

          

           
         

         

       
  

             
             

              
            
            

             
              

        
           

            
  

          
              

           
              

            
             

 

       
     

         
               

            

 

     

            
            

              
             

  

       

          
            

438 Effects of Finite Register Length in Digital Signal Processing 

of digital filters. However, since there is essentially no dynamic range 
problem with floating-point arithmetic, cascade realizations are probably not 
too sensitive to the ordering of poles and zeros. 

9.4 Finite-Register-Length Effects in Realizations of FIR 
Digital Filters 

The style of analysis developed in the previous section can also be applied 
to the study of quantization effects in FIR digital filters. In some respects 
this analysis is simpler than the analysis of IIR filters. For example, there are 
no limit cycle effects with nonrecursive realizations such as the direct form 
or cascade form, since these structures have no feedback. If the unit-sample 
response is of length N samples, the output of a direct or cascade form nonre-

cursive FIR realization must be zero after the input has been zero for N 

consecutive samples. However, recursive realizations of FIR systems 
such as the frequency-sampling structure are subject to the problems discussed 
in Sec. 9.3, and the analysis of second-order systems applies to the frequency-

sampling form [19].
Dynamic range and roundoff noise are important considerations in FIR 

systems just as they are in IIR systems. In this section we shall examine 
some of these effects for fixed-point and floating-point realizations in the 
direct and cascade forms. As before, our intent is to give some insight into 
some of the quantization effects in FIR digital filters by considering some 
simple examples and some general results that can be obtained in a simple 

way. 

9.4.1 Statistical Analysis of Quantization in Fixed-Point 
Realizations of FIR Digital Filters 

Consider a linear shift-invariant system with unit-sample response h(n), 
which is nonzero only for 0 &lt;n &lt; N — 1. The direct-form realization of 
such a system is a direct realization of the convolution sum relation 

N-1 

y(n) = 2 h(k)x(n — k) 

The flow graph for the direct-form realization is shown in Fig. 9.12(a). 
Figure 9.12(b) shows the same structure with noise sources added to account 
for the effects of rounding the products A(k)x(n — k). A constant gain, 4, 
is applied to the input for purposes of preventing overflow. As before we 
assume that 

.. The sources e,(n) are white-noise sources. 

). The errors are uniformly distributed over one quantization interval 
3. The error sources are uncorrelated with the input and each other. 
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O— 

x{n) 
h{0) h(1) h(2) h(3) 'h(N =2) h(N-1) (a) 

—_0 

y(n) 

A Zz 2 z™ 27 

x(n) h(0) h(1) h(2) h(3) hiN=-2) [h(N-1) (b)

eoln | “e, 0) en] egn)]| en-2nf ey_q(n) 
win) = y(n) + f(n) 

Fig. 9.12 Direct-form realization of an FIR system: (a) ideal linear system;

(b) statistical model for fixed-point roundoff noise. 

First, assume that 4 = 1. Then it is clear from Fig. 9.12(b) that each 
noise source adds directly to the output, and therefore the output noise is 

N—-1 

f(n) 2e,(n) 
Because the noise sources are assumed independent, the variance of the 

output noise is (for rounding) 

22d 
= N=— 

12 

and the mean is zero. Note that for the direct form, the output noise level is 
independent of the filter parameters since the noise is not processed by the 
system at all. Also, note that the noise is proportional to N, the length of 
the unit-sample response sequence. 

The dynamic range limitation of fixed-point arithmetic necessitates scaling 
of the input so that no overflow occurs. We have seen [Eq. (9.25)] that a 
least upper bound on the output of a linear shift-invariant system is 

YO) &lt; Xue 3 (HO) 

where Xp.x is the maximum magnitude of the input signal. In order to 
guarantee no overflow, |y(n)| &lt; 1 for all n. This means that the gain at the 
input should satisfy 

i 
1 

N-1 
(9.66) 

Xmax 310) 
Such scaling would be appropriate for a wide-band signal, such as white 
noise, but it would be too conservative for a narrow-band signal, such as a 



         

              

             

       

   

            

             

           

 

 

 
    

            

     

             

            

       

            

           

              

             

           

            

             

             

            

          

   

   
 

      

     

   
   

 

 

          

               

              
        

    
 

             
              

            

 
     

 

  
 

        

   
            

      

              

            
        

             

            
               
             

            
             

              
              

             
           

        
  

       

      
   

    

440 Effects of Finite Register Length in Digital Signal Processing 

sine wave. In the latter case we have seen that the input should be scaled 

in terms of the peak of the frequency response of the system. Thus an 
alternative choice of the input scaling coefficient is 

(9.67)
Xmax © Max [|H(e™)]] 

0&lt;o&lt;nr 

It should be noted (see Problem 2 of this chapter) that with two’s-complement 
arithmetic, when more than two numbers are to be added together as in Fig. 
9.12. overflows can occur in computing partial sums, yet the correct final 

&gt;»—20
&gt;—

x(n) 
H,(2) H,(2) Haa(2) y(n) i 

| 

— 5 =» 
x(n) 

H.(2) Ho(2) H(z) w(n) = y(n) + f(n) 

ma 2,(in) gn) 
Fig. 9.13 Cascade realization of an FIR system: (a) ideal linear system; (b)

statistical model for fixed-point roundoff noise. 

result will be obtained if that correct result is less than one. Thus input 

scaling according to Eq. (9.66) will always give correct outputs for the direct-

form realization (except, of course, for roundoff noise). 
An FIR digital filter can also be realized as a cascade of second-order 

sections as in Fig. 9.13(a), where each second-order section H(z) is realized 
in direct form as in Fig. 9.12(a). We assume for convenience that IV is odd 
50 that M = (N — 1)/2. Since each second-order section has three inde-

pendent white-noise sources at its output, the effects of quantization can be 
depicted as in Fig. 9.13(b), where each source e,(n) has variance 3(272°/12) = 
2-2/4. In this case a given noise source e,(n) is filtered by succeeding sections, 
so that the output noise variance will be dependent upon the order of the 
second-order sections in the chain. If we define g;(n) to be the unit-sample 
response from noise source e,(n) to the output, we can write 

. 2—2b N—2¢ ) 
9 58)0,. = &gt; gn)

4 n=0 

and the total output noise variance is 

M ) 2b M N-—-2¢ . 
¥

2 “3 59)Sot, = 3 tw)
i 4 \i=1 n=0 



         

             

            

              

        

             

            

           

        

          

           

            

            

         

       

    

       

            

 

 

   
 

 
   

       
       

     

    

           

      

           

         

         

        

 

           

          

        

          

              

             
               
         

              
             
            

         
           

            
             

             
          

       
     

        
             

 

   

 
       

 

 

  
  

      
       

       
     

           
       

            

          
          

         
  

            

          
         

9.4 Finite-Register-Length Effects in Realizations of FIR Digital Filters 441 

In the cascade structure it is necessary that there be no overflow at the 

output of any second-order section in order that the final output be correct. 
Thus it is necessary to introduce scaling at the input to each section. This is 
done as discussed before for the general direct-form realization. 

From Egs. (9.68) and (9.69) it is clear that the output noise depends on 
the order of sections. With M sections, there are M! possible orderings, so 
that for large M, an exhaustive search is impractical. However, based on 
2xperimental measurements on low-order filters, Chan and Rabiner [20,21,22] 
have found that the majority of orderings have reasonably good noise 
properties, and they have given an algorithm for choosing a good ordering. 
Their results indicate that a good ordering is one for which the frequency 
response of the transfer function from each noise source to the output is 
relatively flat and for which the peak gain is small. 

9.4.2 Statistical Analysis of Quantization Effects in Floating-Point

Realizations of FIR Digital Filters 

Floating-point arithmetic can essentially eliminate concern for dynamic 
range in FIR digital filters. This is often a convenient approach when a 

—4 

r— — —Q 

x(n) 
“wor Thin 1h(2) (3) th(N-3) tiv- 2s (a 

- 4—0 

y(n) 

-1 -1 
Gas ye 2 —-

x(n) h(0) h(1)  Yh(2) Jr prove prov (0:
1+€o(n)] 1+ €4(n) J1+ en) 1+ ey-1(n) 

1+ myn) 1+ m2(nj em Ley HINA 
win) = y(n) + f(MOo—= 

Fig. 9.14 Direct-form realization of an FIR system: (a) ideal linear system;

(b) statistical model for floating-point roundoff noise. 

filter is to be realized as a general-purpose computer program where ease 

of programming rather than computational speed is the main consideration. 
However, the extra complexity of floating-point arithmetic often cannot be 
justified in special-purpose hardware realizations, where economy is a 
major concern. 

Consider a direct-form realization of an FIR system as depicted in Fig. 

9.14(a). Figure 9.14(b) depicts the system that results from using finite-

precision floating-point arithmetic. The time-varying coefficients [1 4 &amp;.(n)] 



         

           

            

        

           

         

             

          

         

      

       

           

            

   

         

           

               

       

                

            

   

  

 

               

 

           

          

            
             

         
            

          
              
           

          

 

       

 

        

     

            

 

    
 

 

          

 

            

                

        

                 

             
    

   

  

               

  

           

442 Effects of Finite Register Length in Digital Signal Processing 

and [1 4 #,(n)] represent the effects of rounding of floating-point products 
and sums, respectively. As before, the ,(n)’s and #,(n)’s are assumed to be 
independent, uniformly distributed, white-noise sequences. In this case the 
shift-varying model leads to a more compact set of equations than a 
shift-invariant model with additive noise sources. Our analysis in this 
section is similar to that of Liu and Kaneko [16], who based a general 
analysis of direct-form IIR systems on a model of this type. 

From Fig. 9.14 we can express the output w(n) as 

N-1 

vr) = (1 + &amp;(n))IT(1 4 7,(m)h(0)x(n) 

N—-1 

(1 + &amp;(n)IT(1 4 n(n)hDx(n — 1) + .. 

(9.70a)
L(+ sm)TL ( + np(M)R(K)x(n — k) +. . . 

+ (1 + eyy(m)A + uy(M)(N — x(n — N + 1) 

N—1 

2A k)h(k)x(n — k\ 
vhere 

N—-1 

A(n, 0) = (1 + ey(m)) IT (1 + 7,(m) 

N-1 

An, k) = (1 + em) TTA + n,m), k #0 (9.700) 

If we assume that w(n) = y(n) + f(n), then from Eq. (9.70a) it follows that 

fn) =[4(n, ©) — 1H(Rx(n — K (9.71) 

[t can be shown that the quantity [4(n, kK) — 1] has zero mean, so that the 

output noise has zero mean. The general expression for the variance of the 
output noise is, therefore, 

0? = E[f¥(n)] 

'N—1 N-1 

oe E&gt; 2(An, ky — 1)(A(n, ) — Dx(n — k)x(n — DA(IHO | (9.72) 

N—-1 N-1 

2 ~ E[(A(n, k) — 1)(A(n, 1) — D]a()h(D $I — k) 



         

              

  

      

      

           

 

    

         

                

           

     

          

     

                

             

             

     

  
          

              

   

 

          

            

             

             

        

      

             

          

          

               
   

      

  
      

 

           
  

 

     

         

                 
            

      
 

      

      

               

              
              

      

   
    

               
    

  
 

  
           

             
              

              
         

       

              
           

9.4 Finite-Register-Length Effects in Realizations of FIR Digital Filters 443 

[f the input is a random signal with flat power spectrum and variance o?, then 
Eq. (9.72) becomes 

ot = 02'S KOEI, k) — 1)] 

N-1 (9.73) 
= 02 3 K(k){E[4%(n, b)] — 1)

k=0 

From Eqs. (9.70b) and (9.70c) and the assumptions on the quantities &amp;,(n)

and n(n), 
—20\N 

E[4%(n, 0)] = (1 + =) 

E[A%n, k)] = (1 += k + 0 (9.74b) 

We note that only a slight error is made by using Eq. (9.74b) for k = 0. 
Also, since 272/3 &lt;1 in any reasonable situation, we can express Eq. 
(9.74b) using a binomial approximation as 

—2b 

ELA, k)] = 1 + (N + 1 — ky 2 (9.75) 

Thus of can be expressed as 

: HE 02'S ng (1 — —% 9.76gs=(N+1)—o, ws~=) .r= ( 1%; 2 (k) N +1 (9.76) 

A number of conclusions can be drawn from Eq. (9.76). First, it is clear 
that the noise power at the output is (as in the fixed-point case) proportional 
to N. Second, we note that 

2&amp;0 k 2 
oyz 2D&gt; (k) (1 N +1hk —~=)&lt;ov 

so that the noise-to-signal ratio at the output for an input with a flat spectrum 
is bounded as in 

% _(N 2
—2b 

(9.77)2 + D3 
Finally, we recall from Fig. 9.14(b) that products were computed and 
partial sums were accumulated in order of increasing k. Also, it is clear 
from Eq. (9.76) that those products formed first are the ones that are most 
aeavily weighted by the factor (I — k/(N + 1)). Thus the minimum output 
noise variance is obtained if the unit-sample response satisfies 

th) &lt; |lh(D] &lt;...&lt; |[kW(N — 1] 

Generally this is not the case. However, by adding the products in order of 
increasing magnitude of the unit-sample response, we can expect to achieve 



         

           

             

        

         

           

          

         

        

   

           

           

            

            

           

          

            

           

          

            

             

           

             

          

        

    
            

           

             

    

        

        

    

             

          

         

              

          
         

          

            
              

         
          

           
           

          

         
    

            
            

             
             

            
           

             
            

          
             
              

            
              

           
        
     

             
            

              

     

         

         

 

    
 

            
           

          
              

           
          

444 Effects of Finite Register Length in Digital Signal Processing 

the smallest average error in a floating-point realization. This is in contrast 
to a fixed-point realization, where the error is independent of the order of the 
additions. Performing the multiplications and partial sums in nonsequential 
order generally will result in additional software or hardware complexity; 
however, it may be worthwhile when the highest possible accuracy is re-

quired. Alternative orderings of the additions can also reduce the output 
noise (see Problem 18 at the end of this chapter). 

9.5 Effects of Finite Register Length in Discrete Fourier 
Transform Computations [19, 24-26] 

Since the discrete Fourier transform is widely used in practice for digital 
filtering and spectrum analysis, it is important to understand the effects of 
finite register length in DFT calculations. As in the case of digital filters, 
however, a precise analysis of the effects is difficult, and often a simplified 
analysis is sufficient for the purpose of choosing the required register length 
for computing the discrete Fourier transform. The analysis that we shall 
present is similar in style to that carried out in previous sections. Specifically, 
we shall analyze arithmetic roundoff by means of an additive noise source 

at each point in the computation algorithm where roundoff occurs. Further-

more, we shall make a number of assumptions to simplify the analysis. The 
results that we shall obtain lead to several simplified but useful rules of thumb 
for the effect of arithmetic roundoff. The analysis that follows is phrased 
in terms of rounding. As for the analysis of roundoff errors in digital filters, 
the results can generally be modified for the case of two’s-complement 
truncation with fixed-point arithmetic and for one’s-complement or sign-and-

magnitude truncation with floating-point arithmetic. 
We have seen in Chapter 6 that there are numerous approaches to DFT 

computation. In this section we shall first consider errors in the direct 
evaluation of the DFT relation and then illustrate the effects of roundoff in a 

particular class of FFT algorithms. 

9.5.1 Analysis of Quantization in Computation of the DFT 

The discrete Fourier transform is defined by the equation 

N-1 

X(k) = x(myWk, k=0.1....N—1 (9.78)
n=0 

where Wy = ¢?®"N* Although Eq. (9.78) is generally evaluated by one of 
the algorithms known collectively as the fast Fourier transform, there are 
instances where straightforward accumulation of the products in Eq. (9.78) 
is the most reasonable approach (e.g., when only a few values of k are re-

quired). The analysis of this computational procedure is quite simple and 
serves as an introduction to quantization effects in DFT calculations. 



           

             

    

     

              

            

  

   

 

  
  

  
 

    

         
  

              

              

          

      

         

              

          

            

              

          

    
  

            

              
     

 

     

               

             

  

 

 
 

 

  
   

 
  

 

     

         
   

               
               

           
       
          

               
           
             

               
           

 

  
  

9.5 Effects of Finite Register Length in Discrete Fourier Transform Computations 445 

We note that for a given value of k, Eq. (9.78) is completely analogous 
to the convolution sum expression 

N—1 

y(n) -3 h(k)x(n — k) 

which was the basis for the discussion of the previous section. In this case the 

quantities Wj" play the role of the unit-sample response, X(k) plays the role 

w= =k) 

1e(1,k)
VN 

1 e(2.k)

N2k 
(2 

e(N-2,k)
wii2k l 

21o0——— °° —«(N 

| 
we [RE 

0 

X'(k) = X(k) + F(k) 

Fig. 9.15 Statistical model for fixed-point roundoff noise in computation
~f the DFT. 

of the output, and x(n) is the input. Note that all these quantities are generally 
complex. Thus an analysis similar to that of Sec. 9.4 can be used for the 
direct computation of the DFT, with the additional consideration that the 
errors, in this case, are complex sequences. 

For fixed-point arithmetic, one approach to the direct calculation of 
X(k) is depicted by the flow graph of Fig. 9.15. In the figure X’(k) represents 
the result of finite-precision computation of the DFT and F(k) represents 
the error in computation of the kth value. The complex quantities &amp;(n, k) 
represent the errors due to rounding of the products x(n) W§". It can be seen 
that these complex errors add directly to the output, so that 

N—1 

Fi = 3 e(n, k) 79) 
mn =—0 



         

    

           

          

       
   

         

        

      

        

          

             

            

    

        

           

      

          

  

            

          

             

      

 
    

        

 

 

   

            

         

          

     

            

          

        
    

          

         

        

         

           
              

             

     

         

            

       

           
   

             
           

              

       

 
      

         

  
    

             
          

446 Effects of Finite Register Length in Digital Signal Processing 

The product x(n) Wx" is 

c(n)W%* = Re [x(n)] cos (= fn + Im [x(n)] sin Lofn 

- j{im [x(n)] cos (&gt; fn — Re [x(n)] sin (=fn) 

With finite-precision fixed-point arithmetic, the rounded complex product 
can be represented as 

RIx(nYWk'] = Re [x(n)] cos (= fn) + &amp;(n, k) 

. [27 (nk)im [x(n)] sin (2 fn + &amp;y(n 

] Im [x(n)] cos (3fn + &amp;4(n, k) 

j Re [x(n)] sin (2 kn) + &amp;4(n, k) 

That is, each real multiplication contributes a roundoff error. To compute 
the variance of the error in X’(k), we must make a number of assumptions 
regarding the errors. Specifically, we assume that the errors due to each real 

multiplication have the following properties: 

The errors are uniformly distributed random variables over the 

range —% 27? to 1 -2-%. Therefore, each error source has variance 

2-20/12.
The errors are uncorrelated with one another. 

All the errors are uncorrelated with the input and consequently also 
with the output. 

[he mean of the error due to rounding a complex multiplication is zero 
Since the squared magnitude of the complex error &amp;(n, k) is 

le(n, K)* = [ex(n, k) + ean, K)I* + [es(n, k) + ean. KO] 

‘he average value of |e(n, k)|? is 

27% 1
Elle(n, kK)’}=4-=—==-27% (9 RO)lle(n, KI] T= 

The average magnitude squared of the output error is 

N—-1 N 
(9.81)ANAGINES2.Elle(n, KI] = 27% 

Note that we have assumed that the coefficients WW" are represented exactly. The 
effect of quantizing these coefficients is discussed in Sec. 9.5.3. 



           

              

   

           

           

  

   

              

  

               

              

  

  
                

          

                

          

            

            

           

          

           

             

     

      

  

          

          

             

              

           

          

      

              

   

              

      

            

               

   
            

            
   

   
               

 

   
                

               
   

   

                 
           

                
           

             

             
            

           

            
              

      

       
   

           
           

              
               
            

           
       

               
    

               
       

9.5 Effects of Finite Register Length in Discrete Fourier Transform Computations 447 

As in the case of the direct-form realization of an FIR filter, the output noise 

is proportional to N.¥}

As with the fixed-point direct-form realization of an FIR filter, the direct 
DFT calculation is subject to a dynamic range limitation. From Eq. (9.78) 
we see that 

X(K)| &lt;51x) &lt;N 
For no overflow to occur we require that |X(k)| &lt; 1. This is assured if 

N—1 

(9.82)2, |x(m)| &lt;1 
Thus, in the worst case, we may need to divide the input by N to prevent 
overflow. For example, the sequence x(n) = 1, 0 &lt;n &lt;N — 1, has the 
discrete Fourier transform 

=f k=O0. otherwise 

On the other hand, | X(k)| may be less than 1, even though Eq. (9.82) is not 
satisfied. Consider, for example, the sequence x(n) = Ad(n), which has 
DFT X(k) = A for 0 &lt;k &lt;N — 1. IfA&gt;0 and only slightly less than 1, 
Ea. (9.82) is not satisfied, but |[X(k)] = 4 &lt; 1. 

There are a number of solutions to the dynamic range problem. We can 

divide the input by N, thus increasing the noise-to-signal ratio at the output. 
We can use a block-floating-point scheme where division by 2 is performed 
whenever an overflow occurs. We can use floating-point arithmetic, in which 

case overflow is virtually eliminated. All these will be examined in detail 
for a class of FFT algorithms. In addition, we shall comment on the error 

introduced by quantizing the coefficient values. 

9.5.2 Analysis of Quantization Effects in Fixed-Point 
FFT Algorithms [23] 

There are many different FFT algorithms, and the detailed effects of 
quantization depend upon the specific algorithm that is used. The most 
commonly used algorithms are the radix 2 forms, for which the size of the 
transform that is computed is an integer power of 2. For the most part, the 
discussion below is phrased in terms of the decimation-in-time form of the 
radix 2 algorithm. The results, however, are applicable with only minor 
modification to the decimation-in-frequency form. Furthermore, most 
of the ideas employed in the error analysis of the radix 2 algorithms can be 
utilized in other algorithms. 

t Note that Eq. (9.81) is a conservative estimate since some of the multiplications (e.g., 
by W3) can be done without error. 
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(0) X{(0)J) 

A 
{4 P—— X(1) 

2; X(2) 

wy vh 'Y 

{6) (re X{(3) 

«| | 1 X(4) 

wY
1 

5 O—— X{5) 

¥, 

ny X(6) 

a 
1 

O—(7) X(7) 

iy, 2.16 Flow graph for decimation-in-time FFT algorithm. 

FFT algorithms are directed toward computing X(k), the DFT of a finite-

duration sequence x(n), defined as in Eq. (9.78). A flow chart depicting a 
decimation-in-time algorithm for N = 8 = 23 is shown in Fig. 9.16. (An 
implementation of this particular form of the algorithm was used for the 
reported experimental work.) There are some key aspects of this diagram, 
which, as we recall from Chapter 6, are common to all standard radix 2 
algorithms. The DFT is computed in » = log, N stages. At each stage a new 
array of N numbers is formed from the previous array by linear combinations 
of the elements taken two at a time. The »th array contains the desired DFT. 
The basic numerical computation operates on a pair of numbers in the mth 
array to produce a pair of numbers in the (m +- 1)st array. This computation, 
called a butterfly, is 

X mt1(D) = X.,.(p) + WX (9) 
(9.83)

X m1(q) = X,.(p) - WX (9) 

Here the subscripts m and m + 1 refer to the mth array and the (m + I)st 
array, respectively, and p and g denote the location of the numbers in each 
array. (Note that m = 0 refers to the input array and m = v refers to the 

output array.) A flow graph representing the butterfly computation is shown 
in Fig. 9.17. 
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rik Am+ 

Wy
Xr (q)o— 0Xm+1(q) 

Fig, 9.17 Butterfly computation for decimation-in-time 

The form of the butterfly computation is somewhat different for a radix 
2 decimation in frequency algorithm, where the basic computation is 

X mia(D) = Xu(p) + Xu(q) 

X ni1(q) = [X..(p) — X, (IW 

At each stage, N/2 separate butterfly computations are carried out to produce 
the next array. The integer r varies with p, ¢, and m in a manner that depends 
on the specific form of FFT algorithm that is used. Fortunately, our analysis 

0 Xm+1(p) 

X OX 4 ({q) 

Yeti. od) 
Fig. 9.18 Statistical model for fixed-point roundoff noise in a decimation-in-

time butterfly computation. 

is not tied to the specific way in which r varies. Also, the specific relationship 
among p, q, and m, which determines how we index through the mth array, 
is not important for the analysis. The details of the analysis for decimation-

in-time and decimation-in-frequency differ somewhat due to the different 
butterfly forms, but the basic results do not change significantly. In our 
analysis we shall assume a butterfly of the form of Eq. (9.83), corresponding 
to decimation-in-time. 

We shall model the roundoff noise by associating an additive noise 
generator with each fixed-point multiplication. With this model the butterfly 
of Fig. 9.17 is replaced by that of Fig. 9.18 for analyzing the roundoff noise 
effects. By the notation &amp;(m, g) we have explicitly denoted the fact that this 
quantity represents a complex error introduced in computing the (m + 1)st 
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array from the mth array and specifically in multiplication of the gth element 
of the mth array by a complex coefficient. 

Since we shall assume that in general the input to the FFT is a complex 
sequence, each of the multiplications is complex and thus, in fact, consists 
of four real multiplications in exactly the same manner discussed in the pre-

vious section. We again make the assumptions: 

| The roundoff noise due to each real multiplication is uniformly 
distributed in amplitude between +4 - 27% and thus has a variance 
of 02 = f+ 27%, 
All the noise sources due to each real multiplication are uncorrelated 

with each other. Thus for any given complex multiplication, the four 
noise components are uncorrelated with each other. Furthermore, 
they are uncorrelated with the noise components from the other 

complex multiplications.
All the noise sources are uncorrelated with the input and conse-

quently also with the results of the computation in each array. 

Since each of these four sequences is uncorrelated, zero-mean white noise 
and all have the same variance, we have, as in Eq. (9.80), 

1 2 
Elle(m, g)*] = 32 (9.85) 

We shall denote this variance by o%. To calculate the mean-square value of 
the output noise at any output node, we must account for the contribution 
from each of the noise sources that propagate to that node. We can make the 

following observations from the flow graph of Fig. 9.16: 

The transmission function from any node in the flow graph to any 
other node to which it is connected is multiplication by a complex 
constant of unity magnitude (because each branch transmission is 
either unity or an integer power of Wy). 
Each output node connects to 7 = (N — 1) butterflies in the flow 

graph. For example, Fig. 9.19(a) shows the flow graph with all the 
butterflies removed that do not connect to X(0), and Fig. 9.19(b) 
shows the flow graph with all the butterflies removed that do not 
connect to X(2). 

The above observations can be generalized to the case of N an arbitrary 

power of 2. 
As a consequence of the first observation, the mean-square value of the 

magnitude of the component of the output noise due to each elemental noise 
source is the same and equal to o%. The total output noise at each output 
node is equal to the sum of the noise propagated to that node. Since we 
assume that all the noise sources are uncorrelated, the mean-square value of 
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I 

\/ 

(2 

Fig. 9.19 (a) Butterflies that affect X(0); (b) butterflies that affect X(2). 

the magnitude of the output noise is equal to o% times the number of noise 
sources that propagate to that node. At most one complex noise source is 

introduced at each butterfly; consequently, from observation 2 above, at 
most (N — 1) noise sources propagate to each output node. In fact, all the 
butterflies do not generate roundoff noise since some (for example, all those 
in the first and second stages) involve only multiplication by unity. However, 
if we assume that roundoff occurs for each butterfly, we can consider the 

result as an upper bound on the output noise. With this assumption, then, 
the mean-square value of the output noise in the kth DFT value, F(k), is 

given by 
E[IF(K)*] = (N — 1é&gt; (OQ 26) 



         

       

  

            

            

              

           

            

    

         

            

 

          

  

          

         

               

              

          

            

      

   

       

    

             

           

           

           

            

           

             

               

                  

                 

   

          

        

    

            
             

               
            

             

     
          
             

  

       

   

 

         

          
                
               

           
             

       

 
    

        

    

              

            
            

            
             

            

          

                
                   

                  
    

452 Effects of Finite Register Length in Digital Signal Processing 

which, for large N, we shall approximate as 

E[|F(k)|*] 22 No% (9.87) 

According to this result, the mean-square value of the output noise is pro-

portional to N, the number of points transformed. The effect of doubling N, 
or adding another stage in the FFT, is to double the mean-square value of the 
output noise. In Problem 9.19 we consider the modification of this result 
when we do not insert noise sources for those butterflies that involve only 

multiplication by unity or j. 
In implementing an FFT algorithm with fixed-point arithmetic we must 

ensure against overflow. From Eq. (9.83) it follows that (see Problem 2 of 
Chapter 6) 

max (|X,(p)l, 1Xn(@)) &lt; max (|Xpni1(P)l 1Xpmia(@))) 

and also that 

(9.88) 

Max (|X2D) 1Xmrn(@]) &lt; 2 max (|X), [Xn(D]) (9.89) 

Equation (9.88) implies that the maximum modulus is nondecreasing from 
stage to stage so that, if the magnitude of the output of the FFT is less than 
unity, then the magnitude of the points in each array must be less than unity; 
i.e., there will be no overflow in any of the arrays. 

To express this constraint as a bound on the input seauence. we recall 

from the previous section that the condition 

1 
(9 90)xm] &lt;= 0&lt;n&lt;N-— 

1s both necessary and sufficient to guarantee that 

I Xk) &lt;1, 0&lt;k&lt;N— 

Thus Eq. (9.90) is sufficient to guarantee no overflow for all stages of the 

algorithm.
To obtain an explicit expression for the noise-to-signal ratio at the output 

of the FFT algorithm, taking into account the required scaling, consider an 
input in which successive sequence values are uncorrelated, i.e. a white input 
signal. Also, assume that the real and imaginary parts of the input sequence 
are uncorrelated and that each has an amplitude density that is uniform 

between —1/(/2N)and +1/“2N). [Note that this signal satisfies Eq. (9.90).] 

1 Actually one should discuss overflow in terms of the real and imaginary parts of the 
data rather than the magnitude. However, |x| &lt; 1 implies that [Re (x)] &lt; 1 and [Im (x)] &lt; 
1, and only a slight increase in allowable signal level is achieved by scaling on the basis of 
Re and Im parts. 



           

          

    
 

      

    

             

    

   

      

    

           

             

            

            

            

             

             

           

        

             

            

               

               

            

           

           

            

             

              

            

              

           

            

           

            

            

           

  
 

    

       
 

     

              

 

     
 

   
 

       

    

 
            

              
             

             
             
              

              
           

         
              

             
                

                
             

            
            

             
              

               
             

               
            

             
            

            

9.5 Effects of Finite Register Length in Discrete Fourier Transform Computations 453 

[hen the average sauared magnitude of the complex inbut sequence is 

1 
E[lx(n)|*] = — = o}

[x(n)l"] INE (9.91) 

The DFT of the input sequence is 
N-1 

X(k) = 2 x(n) Wen 

from which it can be shown that, under the above assumptions on the input, 

N—1 

EL X(k)I*] = 2Ellx(n)] [wen 
(CI2) 

= No? = L 
IN 

Combining Eqs. (9.87) and (9.92) we obtain 

BUFO] _ yee _ po

E[IX(K)I*] 
Thus, according to the result of Eq. (9.93), the output noise-to-signal ratio 
is proportional to N2. Since o% is proportional to 2-2, Eq. (9.93) can be 
interpreted to imply that the noise-to-signal ratio increases as N? or one bit 
per stage. That is, if NV is doubled, corresponding to adding one additional 
stage to the FFT, then to maintain the same noise-to-signal ratio, one bit 
must be added to the register length. The assumption of a white signal input 
is, in fact, not critical here. For a variety of other inputs, the noise-to-signal 
ratio is still proportional to N2, with only the constant of proportionality

changing.
Equation (9.89) suggests an alternative scaling procedure. Since the 

maximum modulus increases by no more than a factor of 2 from stage to 

stage, we can prevent overflow by requiring that [x(n)| &lt; 1 and incorporating 
an attenuation of } at the input to each stage. In this case the output will 
consist not of the DFT as defined by Eq. (9.78) but of 1/N times this DFT. 
Although the mean-square output signal will be 1/N times that if no scaling 
was introduced, the input amplitude can be N times larger without causing 
overflow. Thus the maximum output magnitude that can be attained (for the 
white input signal) is the same as before. However, the output noise level 
will be much less than in Eq. (9.87), since the noise introduced at early 
stages of the FFT will be attenuated by the scaling that takes place in the 
later arrays. Specifically with scaling by } introduced at the input to each 
butterfly, we modify the butterfly of Fig. 9.18 to that of Fig. 9.20, where, in 
particular, there are now two noise sources associated with each butterfly. As 
before, we assume that the real and imaginary parts of these noise sources 
are uncorrelated and are also uncorrelated with the other noise sources, and 

that the real and imaginary parts are uniformly distributed between +1 - 2-2, 
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5 €(m, p) 
+ 

£, (p)o—— 
-

2 Xp +1(p) 

|
= W' 

(. {y)o 0X0+1(q) 

Lem,a) 

Fig. 9.20 Butterfly showing scaling multipliers and associated fixed-point
roundoff noise. 

T'hus, as before 

Elle(m, @)I*] = of = } - 27%" = E[le(m, p)|’] 

Because the noise sources are all uncorrelated, the mean-square magnitude 
of the noise at each output node is again the sum of the contributions of each 
noise source in the flow graph. However, as opposed to the previous case, 
the attenuation that each noise source experiences through the flow graph 
depends on the array at which it originates. A noise source originating at the 
mth array will propagate to the output with multiplication by a complex 
constant with magnitude (})*~™"1. By examination of Fig. 9.16 we see that 
for the case N = 8. each output node connects to 

| butterfly originatingatthe (» — 1)st array 
2 butterflies originating at the (v — 2)nd array 
4 at the (v — 3)rd array. etc. 

For the general case with N = 27, each output node connects to 2°" 

butterflies and therefore to 20*=™) noise sources that originate at the mth array. 
Thus at each output node, the mean-square magnitude of the noise is 

v—1 

E[|F(k)|*] = oy 22m) 
v—1 

= o&gt; HO 
v—1 (9 94) 

= op 233" 
k=0 

1 —@)
20 2 = dou(1 — 3) 



           

             

      

             

      

            

           

     

             

              

              

            

           

         
            

            

            

                

       

         

           

             

         

            

         

            

              

           

            

              

           

           

            

          

           

         

         

              

               

            

            

              

       

              
       

             
            

 

  

 

              
               

               
             

            
         

             

             
             

                 
        

         
           

              

          
             

          
             

              
            

             
              
            

            
             

           
            

          
          

               
                

             

9.5 Effects of Finite Register Length in Discrete Fourier Transform Computations 455 

For N large we shall assume that (})” is negligible compared to unity, so that 

E[|F(k)[*] o 40% — £ - 2-2 (9.95) 

and thus is much less than the noise variance resulting when all the scaling 
is carried out on the input data. 

Now, we can combine Eq. (9.95) with Eq. (9.92) to obtain the output 
noise-to-signal ratio for the case of step-by-step scaling and white input. We 
obtain 

EIUFR _ ne _ ay 0-2 (9.96)
E[|X(K)[?] 

a result proportional to N rather than to N2. An interpretation of Eq. (9.96) 
is that the output noise-to-signal ratio increases as N, or by half a bit per 
stage, a result first obtained by Welch [23]. It is important to note again that 
the assumption of white signal is not essential in the analysis. The basic 
result of half-a-bit-per-stage increase holds for a broad class of signals, with 
only the constant multiplier in Eq. (9.96) being signal dependent.

We should also note that the dominant factor that causes the increase of 

the noise-to-signal ratio with N is the decrease in signal level (required by the 
overflow constraint) as we pass from stage to stage. According to Eq. (9.95), 
very little noise (only a bit or two) is present in the final array. Most of the 
noise has been shifted off by the scalings. 

We have assumed straight fixed-point computation in the above dis-

cussion; i.e., only preset attenuations were allowed, and we were not per-

mitted to rescale on the basis of an overflow test. Clearly, if the hardware 

or programming facility is such that straight fixed-point computation must 
be used, we should, if possible, incorporate attenuators of 4 at each array 
rather than use a large attenuation of the input array. 

A third approach to avoiding overflow is the use of block floating point. 
In this procedure the original array is normalized to the far left of the com-

puter word, with the restriction that |x(n)| &lt; 1; the computation proceeds 
in a fixed-point manner, except that after every addition there is an overflow 
test. If overflow is detected, the entire array is divided by 2 and the computa-

tion continues. The number of necessary shifts are counted to determine a 

scale factor or exponent for the entire final array. The output noise-to-signal 
ratio depends strongly on how many overflows occur and at what stages of 
the computation they occur. The positions and timing of overflows are 
determined by the signal being transformed, and thus in order to analyze 
the noise-to-signal ratio in a block-floating-point implementation of the FFT, 
one needs to know the properties of the input signal. 

As we have seen, it is possible to find an input that requires no scaling, 
and it is also possible to find an input that requires division by N to prevent 
overflow. The case of a white input signal might be expected to provide 



         

          

          

            

       

 

  

 
 

 

 

 

 
 
 

 
 

 
 

 

 

   
   

  

      

       
   

         

          

         

        

          

             

            

            

    

          

          

              

           

             

 

          

           
           

             
        

  

 
 

 
 

 
  

  
  

 

 

 

 
   
   

   

 

 

 
  

  
 

 
 

 

  

 

   
  

 
 
 

  
  

 
  

 

 

        

       
    

          
          

         
         

           
             

             
             

     
           

          
               

            
              

  

456 Effects of Finite Register Length in Digital Signal Processing 

an example somewhere between these two extremes; i.e., scaling at all 
stages might not generally be necessary. This problem has been analyzed 
theoretically [19] but the analysis is quite involved and will not be presented 
here. Instead, we shall present some experimental results. 

NO Cr 

Theoretical block 
fm _” 
2 0 ~xperimental (rounding) | floating
D 0 Experimental (truncation) J pointhe 

30.0
3 Theoretical (fixed point)

&gt; J 
Bm

| oN 
Dy ——— 
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=XX 
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CC —— 
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|
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-
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L 
-2 64 28 256 512 1024 204 

Fig. 9.21 Experimental output noise-to-signal ratio for block-floating-point
realization of the FFT. 

Figure 9.21 illustrates the dependence of the output noise-to-signal ratio 
on N. This figure shows experimentally measured values of output noise-to-

signal ratio for block-floating-point transforms of white input signals using

rounding arithmetic [26]. For comparison, the theoretical curve representing 
the fixed-point noise-to-signal ratio corresponding to Eq. (9.96) is also shown. 
We see that for this kind of input, block floating point provides some ad-

vantages over fixed point, especially for the larger transforms. For N' = 2048 
the noise-to-signal ratio for block floating point is about § that of fixed 
point, representing a three-bit improvement. 

An experimental investigation by Weinstein [26] was used to examine how 
the results for block floating point change when truncation rather thanround-

ing is used. The results of this experiment are also shown in Fig. 9.21. Noise 
to-signal ratios are generally slightly worse than for rounding. The rate of 
increase of noise-to-signal ratio with N seems to be about the same as for 

rounding. . 



           

      
 

          

        
           

          

         

            

         

           

            

            

            

           

            

 
           

                

            

  

 

  

 
 

     

  

 
 

       

            

      
  

          
        

            
           

          
             

          
            

             
             

             
           

             

 
           

                

             

      

 

 

 
 

  

       

 

  
 

   
        

9.5 Effects of Finite Register Length in Discrete Fourier Transform Computations 457 

9.5.3 Analysis of Quantization Effects in Floating-Point
FFT Algorithms 

The effect of arithmetic roundoff in implementing the FFT with floating-

point arithmetic has been analyzed theoretically and experimentally by
Gentleman and Sande [24], Weinstein [26], and Kaneko and Liu [25]. As 
with the analysis of roundoff errors for fixed-point arithmetic, noise is 
introduced due to each butterfly computation. As with floating-point errors 
in digital filters, we neglect second-order error terms so that noise sources are 

introduced after each multiplication and addition. These noise sources are 
assumed to be uncorrelated, and their variance is proportional to the variance 
of the signal at the node. Kaneko and Liu have obtained detailed formulas 
for a general statistical model of the input signal. However, unless the input 
is assumed to be white, the analysis and the results are quite complicated. 
Therefore, to indicate the nature of roundoff noise for a floating-point im-

plementation of an FFT algorithm, we shall consider only the case of white 

input signals.
Figure 9.22 depicts the top half of a typical butterfly computation, in-

cluding real noise sources e,(m,q), . . . , eg(m, q) due to the four real multi-

plications and four real additions. The complex noise at the output of the 

7e4(m,q)

Re|X mip) o— -0 Re|Xm.i(p)]| +u(m,p) 

ez(m,q.
Oo— 

Te: (m,q)

relintalo— 
m[X lg)o——_

~Im|W§| Yea(m,q) 

7eg(m.a)
[rn|Xm(p)|o— -—0 1m [X map) + v(m,p) 

er(m,a)
o&gt; 

Tes(m,q)

Re[X pla) o——&gt;
Im{wg]

im[X lq)o——&gt;
RelWr, | Yeetm.q) 

Fig. 9.22 Noisy butterfly computation for floating-point arithmetic. 



         

 

       

            

     

        

        

       

         

             

             

           

            

              

    

      

       

              

     

          

       

          

    
    

             

              

         

            

         

             

             

           

      

    

   

  

 

          

  

        

            
      

         

         
       

         

             
              

            
             

               
     

        

        

              

     

           

       

           

   
     

              
               

          
             

         
              

              
            

       

    
    

 

  

458 Effects of Finite Register Length in Digital Signal Processing 

butterfly is 

s(m, p) = u(m, p) + ju(m, p) 

According to our previous discussion of floating-point models, e;(m, q), . .. 
e,(m, g) can be expressed as 

ey(m, q) = &amp;(m, q) Re [Wy] Re [X,(q)] 

eo(m, q) = —ey(m, q) Im [Wi] Im [X.(2)] 
es(m, q) = e3(m, q) Re [WX,(¢)] 

elm, q) = ey(m, @){Re [X,,(p)] + Re [WX(9)]} 

Similar expressions hold for e;, eg, €;, and eg. We assume that the white-

noise sources &amp;;(m, q) all have the same variance, which we will denote by 
02, and that they are uncorrelated with each other. Furthermore, since the 
input signal is white, with equal variance in the real and imaginary parts, 
the real and imaginary parts of the signals at each array are white with equal 
variances. Thus we can write 

E[(Re [X(9)D’] = E[Im [X,(9)])*] = 3E[IX,.()|°] (9.98) 

[t follows from Eqs. (9.97) and (9.98) that 

02. + o&gt;, = 02 + 02 = 02, = o? = 10E[| X (@I?] 

Oop = 0%, = CEIX(I"] 

Che mean-square values of u(m, p) and v(m, p) are then 

El(v(m, p))*1 = El(u(m, p))*] = 20:E[X,(9)] 

so that the mean-square magnitude of the complex output noise source 

s(m,p) is 2 ’ :
E[|s(m, p)|*]1 = 40:E[|X .(9)|"] 

Thus the variance of the noise generated in computing the (m + 1)st array 
s 402 times the mean-square magnitude of the signal in the mth array. If the 
input, i.e., the zeroth array, is white with mean-square magnitude 
E[|x(n)|?], then the noise generated in computing the (m + 1)st array is 
)™E[|x(n)|?](46%). As before, each output node connects to 2*~™*) butter-

flies that originate at the mth array and thus to 2®~™~" noise sources that 

originate at the (m + 1)st array. Each of these noise sources propagates to 
the output through a complex constant of unity magnitude. Thus the mean 
square magnitude of the output noise is 

CIF] = 3 20D2mElx(n)i(40) 
v—1 (Q 99)

eda OlCr 
m=02 

29 NG2El x(n] 



           

       

  

      

  

          
                

           

             

             

         

            

          

          

     

  
   

   
 

   

 

 

  

        
  

            

        

   

       

 

   
 

           
                 

            
              
            

          
             

           
           

 

  
    

    
 

 
     

 
 

 

 

 

 

 

 
 

 

 
 

 
 

 

   

        
   

9.5 Effects of Finite Register Length in Discrete Fourier Transform Computations 459 

The mean-square magnitude of the output signal is 

E[IX()|*] = Ellx(m)|IN 

and thus the output noise-to-signal ratio is 

2 

BUFR _ oo 
E[|X(K)I*] 

We observe from Eq. (9.100) that the noise-to-signal ratio is proportional 
to », while in the fixed-point case it was proportional to N = 2°. Since o7 is 

proportional to 2-%, quadrupling » (i.e., raising N to the fourth power) 
results in an increase in noise-to-signal ratio of one bit. Thus, as one would 
expect, the increase of noise-to-signal ratio as a function ofN for the floating-

point case is significantly milder than for the fixed-point case. 
In the analysis leading to Eq. (9.100), we have not considered the fact 

that multiplications by unity can be performed noiselessly. For a specified 
radix 2 algorithm, such as the decimation-in-time algorithm shown in Fig. 

. . - 1 - 1 

Theoretical (simplifed analysis)
Theoretical (modified analysis) / 

30 Experimental (randomized rounding) /
Experimental (nonrandomized

NJ rounding)
ot 

—-— Fitted quadratic curve 

Po 
c 

&gt;C 

&gt;
HN 

® 

1h 

10 

0 
= 

— 

&gt; 
a 
-

&gt; 
= 

| 

v =log. N 

Fig. 9.23 Experimental and theoretical noise-to-signal ratio for floating
point FFT computations. 
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9.16, these reduced variances for Wy = 1 and j can be included in the model 
to obtain a slightly reduced prediction for output noise-to-signal ratio. 
However, for reasonably large N, this modified noise analysis yields only

slightly better predictions of output noise than does the simplified analysis 
above. 

The results discussed above have been verified by Weinstein [26] with 
excellent agreement, as shown in Fig. 9.23. To obtain this agreement, how-

ever, it was necessary to use randomized rounding, i.e., randomly rounding 
ap or down when the value of mantissa was exactly § : 27°. The modified 
theoretical curve shown was obtained by taking into account reduced noise 
source variances for W™=1 and W”=j. Also shown are experimental 
results for nonrandomized rounding. These results were fitted empirically 
with a curve of the form a»?, but this quadratic dependence was not established 

theoretically.
The present discussion, and all the above experiments, applied to the case 

of a white signal. Some experimental investigation has been carried out as to 
whether the predictions are valid beyond this case. Specifically, the noise 
introduced in computing an FFT was measured for sinusoidal signals of 
several frequencies, for » = 8, 9, 10, and 11. The results, averaged over the 
input frequencies used, were within 159% of those predicted by Eq. (9.100). 
[n these experiments the “randomized” rounding procedure was used. 

9.5.4 Effects of Coefficient Quantization in the FFT 

As with the implementation of digital filters, the implementation of a fast 
Fourier transform algorithm requires the use of quantized coefficients. 
Although the nature of coefficient quantization is inherently nonstatistical, 
Weinstein [26] has obtained some useful results by means of a rough statistical 
analysis. For this analysis, jitter is added to each coefficient; i.e., each 
coefficient is replaced by its true value plus a white-noise sequence. Although 
the detailed effect of coefficient error due to quantization is different from that 
due to jitter, it is reasonable to expect that in a gross sense the magnitudes 
of the errors are comparable. The result obtained is that the ratio of mean-

square magnitude output error to mean-square output signal is (v/6) - 272. 
Although this does not predict with great accuracy the error in an FFT 

algorithm due to coefficient quantization, it is helpful as a rough estimate of 
the error. The key result, which has been tested experimentally, is that the 
error-to-signal ratio increases very mildly with N, being proportional to 
vy = log, N, so that doubling N produces only a slight increase in the error-

to-signal ratio. 
The experimental results are displayed in Fig. 9.24; the quantity plotted 

is 22 times the ratio of the mean-square magnitude output error to mean-

square output signal. The theoretical curve is shown, and the circles represent 
measured output error-to-signal ratio for the fixed-point case. The experi-

mental results generally lie below the theoretical curve. No experimental 



           

               

           

            

 
  
  
  

 

  

         

           

             

        

        

           

          

           

          

              

    

            

                
            
             

 
  

 
     
    

 

 
 

 

  

 

 
 

 

 
 
 

 

 

   

          

            

              

         
         

            
           

           
           
               

     

9.5 Effects of Finite Register Length in Discrete Fourier Transform Computations 461 

result differs by as much as a factor of 2 from the theoretical result, and since 
a factor of 2 in error-to-signal ratio corresponds to only half-a-bit difference 
in the output error, it seems that the analysis provides a reasonably accurate 

N 
Theoretical (fixed point)

&gt; 
ie 

Oo Experimental (fixed point) 
4
n » Experimental (floating point)

al 

15 
1 

J 

&gt;
Nn 

10 

1 

0.5 
&amp;} 

DD 

3 
2 
5 

&gt;

5) 

I0 

v = log. 

Fig. 9.24 Errors due to coefficient quantization in FFT computations. 

estimate of the effect of coefficient errors. The experimental results do seem 

to increase essentially linearly with » but with smaller slope than given by the 
analysis.

In the above experiments fixed-point arithmetic was assumed. However, 
since a block-floating-point FFT will generally use fixed-point coefficients, 
the results are also valid for the block-floating-point case. With some slight 
modifications, it is possible to obtain similar results for the floating-point 
case. Except for a constant factor, the floating- and fixed-point results are 
the same. Experimental results for the floating-point case are represented by 
the solid dots in Fig. 9.24 and are observed to be slightly lower than the 
results for the fixed-point case. 
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Summary 

[n this chapter we have analyzed some of the effects of using finite-precision 
arithmetic in the implementation of digital filtering and fast Fourier trans-

form algorithms. The underlying theme of our discussion has been the con-

flict between the desire to obtain fine quantization and wide dynamic range 
while holding the register length fixed. Register length is an economic factor 
in hardware implementations, and in software implementations it is generally 
forced upon us by the characteristics of the available general-purpose com-

puter. Thus it is very important to understand quantization effects in 
applications of digital signal processing.

Our consideration of finite-register-length effects began with a discussion of 
the various types of number representations that are commonly used in 
implementing digital signal-processing algorithms. The subsequent discussion 
focused on digital filtering algorithms and FFT algorithms. Our principal 
objective throughout this chapter was to point out some of the problems that 
result from using finite-precision arithmetic and to illustrate a style of analysis 
that can be successfully applied in specific problems of quantization in digital 
signal-processing algorithms. Out of the illustrative examples that con-

stitute this chapter there emerge a number of general principles and guide-

lines. We demonstrated, for example, the existence of zero-input limit 
cycles in recursive implementations of IIR digital filters and gave some 
simple formulas that predict the size of possible zero-input limit cycles. For 
more complex input signals, we showed how a statistical analysis can yield 
informative estimates of the effects of quantization in both digital filters and 
FFT algorithms in terms of noise-to-signal ratios. We considered both 
fixed-point and floating-point implementations of IIR filters, FIR filters, and 
FFT algorithms. A basic observation is that for both fixed- and floating-point 
implementations, quantization effects depend to a great extent upon the 
form or structure chosen to implement a particular signal-processing al-

gorithm. Also, we found that quantization effects in floating-point imple-

mentations are dependent upon the properties of the input data, whereas 
this is not generally the case in fixed-point implementations. 

In addition to the specific results that were obtained, many of which have 
wide applicability, the entire chapter serves to illustrate a style of analysis 
that can be applied in a study of quantization effects in a variety of digital 
signal processing algorithms. The use of statistical methods in problems where 
processes are unknown or too complex for a deterministic representation is a 

well-established method in many fields, including digital signal processing. 
Thus the examples of this chapter indicate the types of assumptions and 
approximations that are commonly made in studying quantization effects. 
Noise-analysis methods are also illustrated in review papers by Liu [27] and 
Oppenheim and Weinstein [28]. 
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PROBLEMS 

l. In this problem we wish to consider some of the properties of the various 
number representations discussed in the text. Thus consider a number x such 
that |x| &lt; 1 and further assume that |x| can be represented as a binary fraction 
with b bits to the right of the binary point. We shall find it convenient to intro-

duce the notation =~ to mean “is represented by.” Thus, for sign and mag-

nitude, 

2id [x], x=&gt;0
T+ xl. x &lt;0 

For one’s complement, 

Y ~ [i= x&gt;0
2 — 270 — |x|, x &lt;0 

Cor two's complement. 

cox fi x&gt;0
Tl2—-Ixl. x&lt;0O 

(a) In each of these cases, x is represented by a (b + 1)-bit binary number. 
Show that in all three cases the bit immediately to the left of the binary 
point (the sign bit) is 0 if x &gt; 0 and 1if x &lt;0. 
Show that the following algorithm is sufficient to obtain the one’s-comple-

ment representation of a negative number x from its magnitude, |x|: 
“Obtain the negative of |x| by changing every 1 to a 0 and every 0 to a 1. 
including the sign bit.” 



 

          

         

       

               

                  

                

   
         

           

             

         

  
    

               

     

           

     
                

        

          
           

               

                

            

            

            

   
           

         

 

                

        
              

              

            

           

        

  

          
         

        
                

                   
                

    
          

           
              

          

        

                
      

            
      
                 

         
           

            
                

                 
             

            
            

   
            

         

  

                 
        

               
               
             

            
         

Problems 465 

(c) Show that the following algorithms serve to obtain the two’s-complement

representation of a negative number x from its magnitude, |x|.

(1) “Find the one’s complement and add 272.” 
(2) “Starting at the right, examine the bits of |x| in turn. For each 0 in 

x], place a 0 in x. When the first 1 is encountered in |x|, place a 1 in x. 
Thereafter, change each 0 to a 1 and each 1 to a zero, for all bits in-

cluding the sign bit.” 
2. The two’s-complement representation leads to very attractive simplifications of 

arithmetic processes. To illustrate this we shall consider some details of two’s-

complement addition. As in Problem 9.1 we use the notation ~ to mean “is 
represented by.” Thus a number x has the two’s-complement representation 

xX ww [ x=02 — |x], x &lt;0 

where |x| &lt;1 and (b + 1) bits are used in the representation of x. Two’s 
complement addition is performed as follows: 
(1) All numbers are treated as (b + 1)-bit unsigned binary numbers. 
(2) Addition is simple binary addition. 
(3) Carries past the sign bit are ignored; i.e., if the sum is greater than 2, the 

carry is ignored. Thus addition is implemented modulo 2. 
(a) Using the above notation and definitions, write complete expressions for 

the two’s-complement addition of two numbers x; and x,, where |x,| and 
'x,| &lt; 1. Consider all possible cases; i.e., note that x; and x, can each be 
either + or — and also that |x,| can be either greater than or less than |x,). 
Note that when two numbers of like sign are added, the resultant magnitude 
may be greater than 1. This condition is called overflow. Show that over-

flow is indicated whenever the result of adding two numbers of like sign

has the opposite sign.
(c) Show that two’s-complement addition of x; and x, is equivalent to 

fx, + x], wheref[ ]is depicted in Fig. P9.2. 

Fig. P9.2 

(d) Suppose that x; = 3, x, = 2, and x3 = —%. Find the two’s complement 
representation of each number, and add the two’s-complement representa-
tions together in the sequence (x; + x,) + x35. Note that overflow occurs in 
the addition (x; + x,), but the final result is correct. Show that in general 
any number of overflows can occur in the process of accumulating the sum 
of three or more two’s-complement numbers, and the result will be correct 
if the correct sum has magnitude less than unity. 



         

            

  

             

          

          

    
           

              
     

           
              

   

             
             

            

          

     
             

             

           
          

 

  
 

  
  

 

             

              

 

    

              

       
          

       

            

         

      

          

             
 

   
              
          

          
     

           
              
      

            
               

  

              
              

             
          

      
              

              
           

           

 

 

  
 

 
   
   
 

 
 

  

              
               
  

     

               

       
           

        
             

         
       

466 Effects of Finite Register Length in Digital Signal Processing 

3. In a floating-point representation of numbers, the number is represented in the 
form 

F=2M 1 &lt;|M&lt;I1 
¢c is commonly called the characteristic and M the mantissa. Since &lt; |[M| &lt;1, 
it is a fixed-point fraction. Negative floating-point numbers can be represented

by representing the mantissa as a floating-point fraction in either sign-and-

magnitude, one’s-complement, or two’s-complement notation. 
Consider a floating-point number F that is to be quantized by quantizing

the mantissa to b bits, excluding sign, so that the value of the least significant
bit in the mantissa is 270. 

Let Q[F] represent the quantized value. It is convenient to represent Q[F] 
as Q[F) = F(1 + e), so that the error E = Q[F] — Fis 

FE = eF 

(a) Assuming that F is a positive number, show that for rounding —27% &lt; 
¢ &lt; 2° and for truncation of the mantissa, —2 27% &lt; ¢ &lt;0. 

(b) Assuming that F is a negative number, determine an upper and lower 
bound on e¢ for (1) rounding, (2) sign-and-magnitude truncation, (3) one’s-

complement truncation, and (4) two’s-complement truncation. 
4. In order to process sequences on a digital computer, we must quantize the 

amplitude of the sequence to a set of discrete levels. This quantization can be 
expressed in terms of passing the input sequence x(n) through a quantizer
Q(x) that has an input-output relationship as shown in Fig. P9.4-1. 

Qlx] 

2A 

sana]
A | 

2 2 2 
—_— 

L 3A EA 
2 2 2 

-A 

r 
2A 

Fig. P9.4-1 

If the quantization interval A is small compared to changes in the level of 
the input sequence, we can assume that the output of the quantizer y(n) is of 
the form 

y(n) = x(n) + e(n) 

where e(n) = Q[x(n)] — x(n) and e(n) is a stationary random process with a 

first-order probability density uniformly distributed between (—A/2, A[2),
uncorrelated from sample to sample, and uncorrelated with x(n), so that 
Ele(n)x(m)] = 0 for all m and n. 

Let x(n) be a stationary white-noise process, with zero mean and variance o3. 
(a) Find the mean, variance, and autocorrelation sequence of e(n).

(b) What is the signal-to-quantizing-noise ratio 62/02? 



 

              
          

            

      

            

         
             

 

 

              

              

       

      

     

             

        

           

           

          
    

         

    

           

             

         
          

              

         

            

       

            

  

 

            

 

   

         

  

              
           

             
       

             
         

              

   
    

  

               
               

        

      
 

     

              

         

           
            

          
    

          
     

            
              

         
          

               
          

             
       

             

   
  

 

  

             
 

    

          

Problems 467 

{c) The quantized signal y(n) is to be filtered by a digital filter with unit-
sample response h(n) = 1[a™ + (—a)"lu(n). Determine the variance of 
the noise produced at the output due to the input quantization noise and 
determine the signal-to-noise ratio at the output. 
[n some cases we may want to use nonlinear quantization steps, for example, 

logarithmically spaced quantization steps. This can be accomplished by apply-
ing uniform quantization to the logarithm of the input as depicted in Fig. P9.4-2, 

n| | o|| exp|
«(n) in|x(n) Inly(n)] y(n) 

Fig. P9.4-2 

where Q[ ]is a uniform quantizer as defined above. In this case, if we assume 
that A is small compared to changes in the sequence In [x(n)], then we can 
assume that the output of the quantizer is 

In [y(n] = In [x(n)] + e(n)
Thus 

v(n) = x(n) - exp [e(n)] 

For small e we can approximate exp [e(n)] by (1 + e(n)), so that 

ym) = x(m)[1 + e(m)] = x(n) + fn) 

This equation will be used to describe the effect of logarithmic quantization.

e(n) is assumed to be a stationary random process, uncorrelated from sample 
to sample, independent of the signal x(n) and with first-order probability
density uniformly distributed between +A/2.
(d) Determine the mean, variance, and autocorrelation sequence of the 

additive noise f(n) defined above. 
(e) What is the signal-to-quantizing-noise ratio, ol] 02? Note that in this 

case 02/0? is independent of ¢2, so that within the limits of our assumption, 
the signal-to-quantizing-noise ratio is independent of the input signal level,
whereas for linear quantization the ratio 02/02 depends directly upon o}.
The quantized signal y(n) is to be filtered by means of a digital filter with 
uanit-sample response h(n) = 4[a™ + (—a)"]u(n). Determine the variance 
of the noise produced at the output due to the input quantization noise 
and determine the signal-to-noise ratio at the output.

5. The flow graph of a first-order system is shown in Fig. P9.5-1. 

&gt; FV —Q 
(n) y(n) 

7 

Fig. P9.5-1 

(a) Assuming perfect arithmetic, find the response of the system to an input 
1
3 n=&gt;0

wr) = [e n&lt;0 

What is the response of the system for large n? 
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The system is to be implemented with fixed-point arithmetic. The coeffi-

cient and all variables in the network are to be represented in sign-and-

magnitude notation with five-bit registers. That is, all numbers are to be con-

sidered signed fractions of the form 

s[alb]c]a 
s = sign bit 

register value =a Xx 271 +b x22 4+ ¢ x23 +d x2 

where a, b, c¢, and d are either 0 or 1. 

The result of a multiplication is truncated; i.e., only the sign and the most 
significant four bits are retained. 
(b) Compute the response of the quantized system to the input of part (a) and 

plot the responses of both the quantized and unquantized systems for 
0 &lt;n &lt;5. How do the responses compare for large n? 

(¢) Now consider the system depicted in Fig. P9.5-2, where 

(nn, n&gt; 0 
x(n) = 

0, n&lt;0 

Repeat parts (a) and (b) for this system and input. 

— =O 
on) 12{n) 

Fig. P9.5-2 

6. Consider a first-order system of the form 

y(n) = ay(n — 1) + x(n) 

Assume that all variables and coefficients are represented in sign-and-mag-

nitude form with the results of multiplications being truncated. Thus the 
actual difference equation is 

wn) = Qaw(n — 1)] + x(n) 

where Q[ ] represents sign-and-magnitude truncation. 
Consider the possibility of a zero-input limit cycle of the form |w(n)| = 

|w(n — 1)] for all n. Show that if the ideal system is stable, then no zero-input 
limit cycle can exist. Is the same result true for two’s-complement truncation? 

7. Consider the first-order filter shown in Fig. P9.7. The quantizer Q[ ] repre-

sents the fact that the result of the multiplication by « is rounded. All numbers 
are fixed-point fractions with a word length of b bits (excluding the sign bit). 

~~ 

+) vn) 
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Problems 469 

The input is zero, but the filter is started with some initial condition, say 
y(—1) = A. Because of the quantizer there is a range of values of A referred 
to as the dead band, for which the effective value of the coefficients « is + or 
— unity; i.e., |Q[xA]] = A. Once the output falls into that range, it will 

cither oscillate or remain a constant, depending on whether the effective 
coefficient is positive or negative.
(a) Determine in terms of « and b the range of values of 4 corresponding to the 

dead band. 
(b) For b = 6 bits and A = 7%, sketch y(n) for « = +33 and a = —13. 

(c) For b = 6 and A = }, sketch y(n) for « = —13. 

8. Consider the second-order system shown in Fig. P9.8. The filter is to be 
realized with fixed-point arithmetic and the results of all multiplications are 
rounded. All numbers are fixed-point fractions with a word length of b bits. 
In a manner similar to Problem 7 of this chapter, there is a dead-band region 
for y(n) for which the “effective” value of the coefficient —r?is —1. When this 
range of y(n) is reached, the effective pole positions can be considered to be on 
the unit circle and the angular position of the poles change. 

Tr -

In) y(n) 

Fig. P9.8 

Let x(n) = 0,y(—1) = A4,y(-2) =0,4 #0. 
(a) Find the dead band for 4, i.e., the values of A for which Q[ —r24] = —A. 
(b) By obtaining a lower bound on 4, find the range of values of r for which it 

is possible to have a dead band. 
9. Consider the second-order system depicted in Fig. P9.9-1: 

y(n) = flx(n) + ay(n — 1) + by(n — 2)] 

3 
#[ 

x(n) y (n 

_ _a 

sy(n-=-1) 

7 

Syn =2) 

Fig. P9.9-1 

The branch transmittancef[ ] is defined by the function of Fig. P9.9-2, which 
was shown in Problem 2 above to represent two’s-complement addition. In 
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iy 
A / 4

v/] 

Fig. P9.9-2 

other words, the functionf[ ] accounts for possible overflow in forming the sum 

ay(n — 1) + by(n — 2) + x(n) 

A simple example illustrates the possibility of the existence of zero-input limit 
cycles. We shall neglect rounding of the products ay(r — 1) and by(n — 2). 
(a) First, determine the range of values of a and b for stability of the system 

when no overflow occurs. Plot the region of the a-b plane corresponding 
to stability under linear conditions. 

‘b) Suppose that x(n) = 0. What conditions on a and b ensure that no over-

flow occurs, i.e., y(n) &lt;1? Shade the corresponding region in the a-b 
plane.
Consider the possibility that with x(n) = 0, y(n) = y, &gt; 0 for all n. What 
is the value ofy, when a and b satisfy the requirements for linear stability? 

(d) What values of a and b are consistent with the stability constraint and 
0 &lt;y &lt;1? 

(e) Now consider the possibility of a zero-input limit cycle of period 2; i.e., 
y(n) = (—1)"y, for all n. What value of 0 &lt; y, &lt; 1 is possible for a and b 
satisfying the linear stability constraint? 

10. In implementing digital filters with a finite word length for the coefficients, it is 
not possible to locate the poles and zeros of the filter with arbitrary accuracy.

One possible approach to compensating for this is to introduce random jitter
in each coefficient in such a way that the average value of the coefficient is the 
desired value. 

Consider the implementation of the digital allpass network shown in Fig.
P9.10, where k, = —1/k;. Throughout this problem it will be assumed that 

~)— = 

v(n) 

Fig. P9.10 

there is no arithmetic roundoff noise so that the only noise introduced is due to 
random jitter introduced into the coefficients. We would like the average value 
of the coefficient k; to be 1/7 and the average value of the coefficient k, to 
be —m. The coefficients are represented with sign and magnitude for each 
coefficient and the word length is chosen such that seven bits are reserved for 
the fractional part of the coefficient. Furthermore, the least significant seventh 



 

             

                

               
        

               

     

            

    

    

           

           
            

             

           

              

        

             

       
            

       

 

             

         

           
     

            

             

   

 

 

             
             

  

              
                

               
        

                
      

             

  

     

            
            

             
              

            
               
        

              
       

             
        

 

 

  

              

          
           
      

             
              

 

    

 

 

  

 
  

             
              

Problems 471 

bit is random. For any iteration the probability of the least significant bit in 
k, being unity is p,, and the probability of it being zero is (1 — p;). Similarly,

the probability of the least significant bit in k, being unity is p,, and the proba-
bility of it being zero is (1 — py).

(a) Determine p; and p, so that the expected value of k(n) is 1/7 and the 
expected value of ky(n) is —. 

(b) With the above values for p; and p,, we can write that 

(1) = = + e,(n) 

ko(n) = —m + &amp;y(n) 

Let &amp;(n) and &amp;,(n) be white, statistically independent of each other, and 
statistically independent of the input x(n). The input is a white random 
process with zero mean and variance ¢2. The output noise, f(r), is defined 
as the difference between the output of the ideal filter [i.e., with (rn) = 
eo(n) = 0] and the actual output. Determine the signal-to-noise ratio at 
the filter output, i.e., the ratio of the variance of the output due to x(n) 
and the variance off(n). Ignore second-order error terms. 

11. The first-order digital filter shown in Fig. P9.11-1 is to be implemented with 
floating-point arithmetic, with negative numbers represented in sign-and-
magnitude notation. The number of bits in the mantissa for the coefficient, «, 
is b bits, not including the sign bit. 

“ 

Vv. 

Fig. P9.11-1 

It will be assumed that an unlimited number of bits are available for the 

characteristic. The mantissa resulting from multiplication is truncated to b 
bits. To simplify the analysis, we shall assume that the mantissa resulting
from the addition is not truncated. 

The error introduced due to the truncation of the product will be represented 
by an additive noise source e(n), as shown in Fig. P9.11-2 with e(n) = 

—0 

win) =vy(n) + f(n) 

7 

, 

a win—=1 

| 
Fig. P9.11-2 

ae(n)y(n — 1). The output is y(n) + f(n), where y(n) represents the output
that would result if no quantization error were introduced, i.e., if e(n) was zero. 
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The following assumptions are made about &amp;(n):

(1) &amp;(n) is a stationary random process with a uniform first-order probability

density p(e) given by 

pe) = 3-20, 0&lt;e&lt;2:-27?
0, otherwise 

(2) &amp;(n) is statistically independent of x(n) and y(n).
(3) E[e(n)e(m)] = E[e(n)1E[¢(m)] for n # m. 

The input x(n) is a random process with correlation function 

bou(n) = E[x()x(r + n)] = 03d(n) 

(a) Determine ¢,,(n), the autocorrelation function of y(n).

(b) Let o2 denote the variance of the output signal y(n) and o% denote the 

ps of the output noise f(n). Determine the noise-to-signal ratio
0%[ Oy.

2. Wewish to implement a digital filter having a transfer function 

1 —}z1
H(z) 0-90 7 I 

(a) Draw a flow graph of the digital network that implements this filter in 
canonic form. 
Draw flow graphs of the digital networks that implement this filter in 
each possible cascade realization containing only first-order networks 
(There are six possibilities, four of which contain the minimum number of 
delays.)
The filter is to be implemented using fixed-point arithmetic. Data are 
represented by sign-and-magnitude fractions with a word length of 5 bits, 
excluding sign. The multiplier computes a 2b-bit product and then rounds 
the result to the most significant b bits. Without regard to overflow con-

siderations, determine for each of the seven networks in (a) and (b) the 
variance of the multiplier roundoff noise at the output. (By inspection 
you should be able to see that some of them lead to the same answer.) 
[ndicate which of the configurations leads to the lowest output noise. 
While fixed-point arithmetic does not introduce roundoff noise into 
additions, it has limited dynamic range, so the input must be scaled in 
such a way that no signal value in the filter will exceed the register length. 
From the convolution sum we can bound the output of a linear system 
in terms of the maximum input value and the sum of the absolute values of 
the impulse response as follows: 

0 

y(n) = &gt; x(n — khik) 
k——oo 

yl &lt; &gt; x(n — k)| [Ao] 

If x. is the maximum input value and y,, is the maximum output 
value, then 

Vmax = Xmax &gt; |A(k)| ) 

Furthermore, for any filter, we can always find an input that will result in 
an output that reaches this maximum value. In each of the configurations 
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determined in parts (a) and (b), the signal level reaches a maximum value at 
some point in the network, which is not necessarily the output. Using the 
above equations, determine in terms of x,,,, the maximum value that can 
exist anyplace in the network. Do this for each of the seven networks in 
parts (a) and (b).
Let us assume that the input is a white-noise sequence, uniformly distributed 
in amplitude between —Xmax and +xmax. For each of the filters in parts 
(a) and (b), we can choose a value for xmax on the basis of the answer 

obtained in part (d), so that the maximum signal level in the filter is unity.

(Since we are working with fixed-point fractions, this is effectively the 
largest value that can fit in a register.) We can then define a noise-to-signal 
ratio at the output of each filter configuration as the ratio of the variance 
of the output noise as determined in part (c) to the mean-square value of 
the output signal. Determine the noise-to-signal ratio for each of the seven 
configurations. Indicate which of the configurations leads to the lowest 
output noise-to-signal ratio. 

13. The system described by the difference equation 

y(n) — ay(n — 1) = x(n) — x(n —1) 

is an allpass system; i.e., the magnitude of its frequency response is constant, 
independent of frequency. We want to compare the effect of arithmetic roundoff 
for a fixed-point and a floating-point realization of the allpass system. Consider 
all fixed-point numbers as fractions, so that the fixed-point numbers are 
between +1, with a register length of b bits, excluding the sign. For the floating-

point case, let z represent the number of bits in the mantissa, excluding sign.

The input to the filter x(#) is considered to be a white random process, with 
a uniform amplitude distribution between +x, Assume that « is real and 
lL &lt;a&lt;l. 
(a) The maximum input signal level must be small enough so that there is no 

overflow in the fixed-point realization of the filter. Taking this into account, 
determine the output noise-to-signal ratio of the fixed-point realization in 
both the direct and canonic forms, i.e., the ratio of the variance of the 
output due to roundoff noise and the variance of the output due to x(n). 

{(b) Determine the output noise-to-signal ratio for the canonic form of the 
filter realized with floating-point arithmetic. 

(c) Assume that « is close to unity, so that « =1 — J, § £ 1. Express your 
results from parts (a) and (b) in terms of J, making reasonable approxima-
tions. 
The floating-point realization of a filter requires additional bits for the 
characteristic. Let B represent the number of bits used for the charac-

teristic in the floating-point word. If &amp; = B + ¢, for each of the two fixed-

point realizations (canonic and direct forms), determine B as a function of 
5 so that the noise-to-signal ratios for fixed point and floating point are 
equal.

14. Wehave discussed the noise performance of digital filters realized with fixed-

point and with floating-point arithmetic. In this problem an alternative, 
referred to as block-floating-point arithmetic, will be discussed (see [29]). To 
illustrate the procedure, consider a first-order filter, defined by the difference 
equation 

vin) = x(n) + avin — 1) 



         

           
             

 

 

              

           
               

     

        

       

           

        

              

     

 

 

          

     

    

               

        

       

               

 

    

 
   

          

           

          

    

          

           
              

 
  

  

               
           

                
      

         

        
            

         
              

      

 
 

  

 

  

           
      

     

                
         

        

                
  

     

 
             

            
           
     

474 Effects of Finite Register Length in Digital Signal Processing 

corresponding to the digital network shown in Fig. P9.14-1. If the multiplica-
tion and addition in the filter are implemented in fixed point, the full register 

ys —0

of y(n) 

Fig. P9.14-1 

length is not utilized on every iteration since the input must be scaled so that 
the largest output value is unity. Block floating point corresponds to multi-
plying x(n) and y(n — 1) by a gain A(n) to jointly normalize them and then 
dividing y(n) by this gain; i.e., 

y(n) = a [x(t An) + ay(n — Ain) 

A(n), of course, changes from iteration to iteration. 
Throughout this problem assume that x(n) is a white random process of 

zero mean and a uniform amplitude distribution between 4x. 
(a) Show that the network in Fig. P9.14-2 is equivalent to the network in Fig.

P9.14-1 if quantization effects are neglected. 

A(n) 1/A(n)
—s— -)
(n) y(n 

ed 

Fig. P9.14-2 

(b) The multiplication and addition are carried out with fixed-point arithmetic. 
The gain A(n) is chosen as 

An) = 2¢) (1) &gt;0 

so that it corresponds to a left shift of the registers. Since 4(n) is chosen to 
jointly normalize x(n) and y(n — 1), we have 

3 &lt; A(m) max {{x(n)],ly(n — DI} &lt;1 

where max {{x(n)|, |y(n — 1)|} = largest value of |x(n)| and |y(n — 1)| for 
each n. 

We must. therefore, require that 

4x 
-2% &lt;A — P9.14-1
max 1x00 pe =n= A?&lt; max tron pe =n ED 

Since multiplication of a register by a positive power of 2 introduces 
no roundoff noise, the noise sources introduced due to multiplier roundoff 
are shown in Fig. P9.14-3. 
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oe4(n) 

A(n) 1/A(n) ! 
&lt;(n) \ 

—Q 

w(n)=y(n) + f(n) 

a 1)O 
Ali) 

Fig. P9.14-3 

Assuming that e;(n) and ey(n) are uniformly distributed between 
+1 272, uncorrelated with each other and with x(n) [and consequently
A(n)], determine the variance of the output noisef(n) for the network above. 
Express your answer in terms of k% = E[(1/A(n))?]. Show that the output 
noise variance due to arithmetic roundoff for the network of Fig. P9.14-3 
is always greater than would be obtained if the first-order filter were 
implemented directly, as shown in Fig. P9.14-2. 

c) The network in Fig. P9.14-3 can be modified to an equivalent form, 
shown in Fig. P9.14-4. Let e,(n), e,(n), and e5(n) represent the noise intro-

Aln) 1/A(n)
&gt;—_ » —0 

&lt;i) y(n) 

o 

An) = 

An) /A(N—1) 

Fig. P9.14-4 

duced by rounding the multiplies by [1/4(n)], A(n), and a, respectively.
Again assume that e;(n), ey(n), and e3(r) are uniformly distributed between 
+4 - 27% and are independent of each other and of x(n) and y(n). Deter-

mine the variance of the total output noise due to these three noise sources. 
Express your answer in terms of £2 = E[(1/A(n))?]. 

‘d) Assume that « = 1 — J, 6 &lt;1 (high-gain case). For this value of «, the 
absolute value of the output [y(n — 1)| is assumed to be greater than the 
absolute value of the input |x(n)|. Considering this fact, show that an upper

bound upon the quantity k2 = E[(1/A(n))?]is k* &lt; 402, using Eq. (P9.14-1).

To determine the noise-to-signal ratio, we must require that the maximum 
value of x(n) be small enough to ensure that |y(n)| &lt;1. Let x(n) be a 
uniformly distributed white process, and « =1 — 4. § &lt;1. With these 
assumptions and the results of part (d), determine the noise-to-signal ratio 
for the network of Fig. P9.14-4. Compare this noise-to-signal ratio with the 
corresponding result for fixed-point arithmetic. 

I5. Consider the DFT 

N-1 

(ky = x(mWk*, 0&lt;k&lt;N-— 
n=0 



         

            

          

    

 

      

           

       

          

              

          
          

             

 
           

   

             

        

   
 
 

 

             
          

    
            

          
       

              

      
            

            

            

             

     
              

  

    

          

            
           

     

  

     
            

        

           

               
           

           
             

 
            

    

              
         

 

  
   

 
  

  

              
          

    
            

           
        

               
      

             
             

             
              

      
               

   
 

     

476 Effects of Finite Register Length in Digital Signal Processing 

where Wy = e¢~27/N)_ Suppose that the sequence values x(x) are N con-

secutive values of a stationary white-noise sequence with zero mean; i.e., 

E[x(mx(r)] = 036(n — 1) 

E[x(m)] =0 

(a) Determine the variance of |X(k)|2.

(b) Determine the cross correlation between values of the DFT; i.e., determine 
E[X(k)X*(r)] as a function of k and r. 

16. Consider direct computation of the DFT using fixed-point arithmetic with 
rounding.

Assume that the register length is b bits plus sign and that the roundoff noise 
introduced by multiplication is independent of that introduced by any other 
multiplication. Assuming that x(n) is real, determine the variance of the 
roundoff noise in both the real part and the imaginary part of each spectrum

point X(k).
17. In the Goertzel method of computation of the discrete Fourier transform, 

Xk) = yp (Plr=nN 

where y,(r) is the output of the network shown in Fig. P9.17. Consider the 
implementation of the Goertzel algorithm using fixed-point arithmetic with 

— 

wr) nl 
am \

\

2cos. N k) 
ark 

— arg 

Fig. P9.17 

rounding. Assume that the register length is b bits plus sign and that the 
roundoff noise introduced by a multiplication is independent of that intro-

duced by all other multiplications.
(a) Assuming that x(r) is real, draw a flow-graph representation of the finite-

precision computation of the real and imaginary parts of X(k). Assume 
that multiplication by +1 introduces no roundoff noise. 

(b) Compute the variance of the roundoff noise in both the real part and the 
imaginary part of each spectrum point X(k).

18. In Sec. 9.4.2 we showed that in a floating-point direct-form implementation of 
an FIR filter, the order in which the multiplications and additions are performed 
is a significant factor in determining the noise-to-signal ratio at the output. In 
this problem we shall consider an ordering of the additions that results in a 
significant reduction of the noise-to-signal ratio. 

Suppose that N = 2, where » is an integer. Then we can consider evaluating 
the convolution sum 

N—1 

ym) = h(k)x(n — k) 
p—-



 

           
            

 

 

 

 
 

 

 

 

  

    

 

                

          

          
           

        

            
 

       

      

               

  
   

     

            
              

       

 
    

              
           

            

          

  

            
             

 

     
    

  
  

 

  

      

     

   
 

   

     

  

                 
           

          
            

         
             

  

        
 

      
 

               
   

    

      

            
               

        

 
 

              
           

             
           

Problems 477 

by adding the indicated products together in pairs, then adding these sums 
together in pairs, etc. Such an implementation is depicted in Fig. P9.18 for 

—— 

x(n) I
h{(0) Yh (3) ny 

. (E n{6) Yh(7) 

- ~ A 
in)\ 2 

iy 

N rz 

+ ecli\ “+e 3) 14 e+(n] 

1 
™,

Nein) 14~ ~ .o(n) 

no19 Na 7(N)Ny 2 
. 

r 1+ No7(n) 

Swin) = y(n) + f(n) 

Fig. P9.18 

N = 2% = 8. In this flow graph, the time-varying gains 1 + &amp;,(n) represent the 
errors resulting from quantizing the multiplications A(k)x(n — k), and the 
time-varying gains 1 + n;;(n) represent the errors introduced by quantizing
the floating-point additions. The quantities ,(n) and 7;;(n) are assumed to be 
uniformly distributed white noise and independent of one another. 
(a) Generalize the notation of the above diagram for the general case of 

N =2v, 

(b) Express the output w(x) in the form 
N-1 

w(n) = &gt; A(n, kh(k)x(n — k)
k=0 

1.e., express A(n, k) in terms of the quantities 1 + &amp;,(n) and 1 + 7,;(n).

(c) Show that 
E[A(n,k) — 11 =0 

E[4%(n, K)] = (1 + 25)"+ 

(d) Obtain an expression for the variance of the output noise, of, assuming
that the input is a white signal with variance 2 and that 22% &lt; 1. 

(e) Show that the output noise-to-signal ratio is 

o} 12?
5 = 0 + 1)5-

(f) Compare the result of part (e) with the bound on ¢2/02 of Eq. (9.77).
19. In deriving formulas for the noise-to-signal ratio for fixed-point FFT com-

putations, we assumed that each output node was connected to (N — 1) 
butterfly computations, each of which contributed o¢% = 1-2-2 to the 



         

          
               

      

         

          

   

              

              

         
   

              

           

             

         
   

           

         

              

    
           

            
  

           
        

        

          

   

            
            

 

             

          
          

 

        

    

            

           

          
              

   
          

               

  
       

       

     

          

           
                

       
          

           
    

               
               

         
    

               
           

              
         

    

           
          

               
    

           
             

   

            
        
         

           
   
             

             
 

              
           

           
  

        
    

             
           
           

               
   

           
                

  
        

 

        
 

 
 

   

478 Effects of Finite Register Length in Digital Signal Processing 

output noise variance. However, when Wy = +1or +f, the multiplications 
can, in fact, be done without error. Thus the results derived in Sec. 9.5.2 can be 
modified so that they are less pessimistic. 
(a) For the decimation-in-time algorithm discussed in Sec. 9.5.2, determine 

for each stage the number of butterflies that involve multiplication by 
either +1 or +j. 
Use the result of part (a) to modify the estimate of the output noise variance, 
Eq. (9.87), for the case when all scaling is done at the input. Also, obtain 
a modified expression corresponding to Eq. (9.93) for the noise-to-signal
ratio at the output. 
Repeat parts (a) and (b) for the case when the output of each stage is 
attenuated by a factor of 4. That is, derive modified expressions corre-

sponding to Eq. (9.95) for the output noise variance and Eq. (9.96) for the 
output noise-to-signal ratio, assuming that multiplications by +1 and +;
do not introduce error. 

20. In deriving formulas for the noise-to-signal ratio for floating-point FFT com-

putations, we assumed that all butterfly computations introduced the same 
amount of noise. However, this is not the case. as can be seen by considering 
multiplications by +1 or +j.
(a) Draw complete flow graphs as in Fig. 9.22 of decimation-in-time floating

point butterflies for W} =1 and for W{ =j, showing all the noise 
sources that remain. 

Assuming that the input signal is white, compute the output noise variance 
for a butterfly involving W§ = +1 or +j.

For the decimation-in-time algorithm discussed in Sec. 9.5.3, determine 
for each stage the number of butterflies that involve multiplications by 
either +1 or +j.

Using the results of parts (b) and (c), determine the average noise variance 
for the butterflies involved in computing the (m + 1st array from the 
mth array.

Using the result of part (d), modify the argument of Sec 9.5.3 to obtain 
an expression corresponding to Eq. (9.99) for the average output noise 
variance. Use this result to show that the average output noise-to-signal 
ratio is 

E[|F(k)|%] _ 2 2 py — 3 + @v1]

Eon = 2% —: +G 

21. In Sec. 9.5.2 we considered a noise analysis of the decimation-in-time FFT 
algorithm of Fig. 6.10. Carry out a similar analysis for the decimation-in-

frequency algorithm of Fig. 6.18, obtaining equations for the output noise 
variance and noise-to-signal ratio for scaling at the input and for scaling of } at 
each stage of computation.

)2 Consider the computation of the DFT using quantized coefficients. Let Xi*)
be the desired DFT and X'(k) be the result using quantized values of Wf in a 
decimation-in-time FFT algorithm.
{a) Show that X'(k) can be expressed as 

N-—-1 

X'(k) = &gt; x(n)Qu = X(k) + Fir 
n-—0N 

Afiere 
Vv 

0,0 = [T (Wf + 8) 
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and 

TI7§=Wa
i=1 

(b) Assume that the coefficients WW}; are rounded to b bits, excluding sign, 
and that the real and imaginary parts ofthe coefficient errors are uncorrelated 
and uniformly distributed. Show that the variance of the quantities J; is 

(c) The error F(k) can be expressed as 
N— 

Fk) = X'(k) — X(k) = IIQICH — WEF 
n= 

Show that the factor (Q,;, — WF) can be expressed as 

v v 

Que — WE = 6; T[ W5’ + higher-order terms 
i=1 

(d) Neglecting the higher-order terms and assuming that the J; are mutually
uncorrelated, show that the variance of F(k) is 

g2¥ = (%)6 28Sn=0 x(n)? 
le) Use Parseval’s theorem to show that 

2 

rr (3) 2-21 N—-1 , 6 
—

N 2, | Xk)
k 



  

 

          

          

          

             

          

            

            

       
         

           

      

             

           

         

        

           

            

           

            

            

            

 

   

  

          
          

           
              

           
            

             
       

          
            

       
              

            

          
         
            

             
            

            
             

             

 

10 

Homomorphic Signal Processing 

10.0 Introduction 

In previous chapters we have been concerned with the mathematical repre-

sentation of discrete-time signals and systems. The focus has been pri-

marily on linear shift-invariant systems, and little attention has been given 
to applications. The purpose of this chapter is twofold. One is to present a 
class of nonlinear signal-processing techniques. The analysis of this class of 
techniques will rely on much of the material in the previous chapters. Further-

more, this class of techniques has found application in a number of fields, 
including image enhancement, speech analysis, and seismic exploration.
Consequently, the consideration of this class of techniques provides an 
opportunity to present a number of applications of some of the results 
that have been discussed throughout this book. 

The class of systems to be discussed is based on a generalization of the 
class of linear systems. We have seen that linear shift-invariant systems are 

important because they are relatively easy to analyze and characterize, 
leading to rather elegant and powerful mathematical representations, and 
because it is possible to design linear shift-invariant systems to perform a 
variety of useful signal processing functions. For example, if we are given a 
signal that is the sum of two component signals whose Fourier transforms 
occupy different frequency bands, then it is possible to separate the two com-

ponents with a linear filter. The fact that linear systems are relatively easy 
to analyze and are useful in separating signals combined by addition is a 

ARN 



   

          

           

         

       

          

            

          

         

          

          

           

             

           

          

 

  

            

             

  

        

  

             

           

            

           

         

   

      

      

           

            

               

       

    

           
            

          
        

           

             
           

          
           

           
            

              
            
           

  

   

             
              

   

         
 

    

              
            

             
            

          
    

        
 

        

            
             
                

        

10.1 Generalized Superposition 481 

direct consequence of the property of superposition, which defines the class 
of linear systems. This observation leads to the consideration of classes of 
nonlinear systems that obey a generalized principle of superposition. Such 
systems are represented by algebraically linear transformations between 
input and output vector spaces and have thus been called homomorphic 
systems.

In this chapter we give a brief introduction to the general theory of 
homomorphic systems and then proceed to detailed discussions of two classes 
of homomorphic systems that are especially suited to processing signals 
combined by multiplication and convolution, these being the two cases where 
the theory of homomorphic systems has been successfully applied. In these 
two examples we shall see that the generalized principle of superposition can 
be exploited in much the same way as it is in characterizing linear systems. 
In fact, we shall see that the problem of designing homomorphic systems 
for multiplication and convolution reduces to the problem of designing a 
linear system. 

{0.1 Generalized Superposition 

The principle of superposition as it is stated for linear systems requires that, 
if Tis the system transformation, then for any two inputs x,(r) and x(n) and 
any scalar c. 

Mx 1) + x.(n)] = Tx,(n)] + T[xs(n)] (10.1a) 
and 

[[cx,(n)] = ¢T[x,(n)] (10.1b) 

To generalize this principle, let us denote by [1 a rule for combining inputs 
with each other (e.g., addition, multiplication, convolution, etc.) and by : a 
rule for combining inputs with scalars. Similarly, O will denote a rule for 
combining system outputs and "L a rule for combining outputs with scalars. 
Then, with H denoting the system transformation, we generalize equations 
(10.1) by requiring that 

H(x,(n) O xy(n)] = H[x,(n)] O H[x,(n)] (10.22) 
21h 

Hc : x,(n)] = ¢ 1 H[x,(n)] (10.2b) 

Such systems are said to obey a generalized principle of superposition with 
an input operation [J and an output operation (OO. Such systems are depicted 
as in Fig. 10.1. Clearly, linear systems are a special case for which [J and O 
are addition and : and " are multiplication. 



   

 

         
       

         

            

            

           

        

         

             

          

        

           

 

      

      

           

          

        

         

            

            

      
             

           

           

           

             

 

 

     

   

    

         
        

          
             

             
            

         
          
              

           
         

            
  

       

       
  

            

           

         
          

             
             

      
              

            
            
            

              

 

 
 

  

       

192  Homomorphic Signal Processing 

A H[ — y(n) 

Fig. 10.1 Representation of a homomorphic system with input operation
J, output operation OO, and system transformation H[]. 

The theory of linear vector spaces provides the mathematical formalism 
for representing systems of this class. If we interpret the system inputs and 
outputs as vectors in vector spaces with the rules [J and O corresponding 
to vector addition and : and L corresponding to scalar multiplication, then 
the system transformation H is an algebraically linear transformation 
from the input vector space to the output vector space. 

If we wish to employ the theory of linear vector spaces in this manner, 
the input and output operations must satisfy the algebraic postulates of 
vector addition and scalar multiplication, respectively. This means, for 
example, that the operations [J and O must be both commutative and 
associative: i.e.. 

x(n) O x(n) = x5(n) O x1(n) 
(10.3)

y1(n) O yo(n) = y(n) O y1(n) 
4 R 

x1(n) O [Xa(n) 0 x3(m)] = [ra(n) O x2(m)] TU x(n) (10.4) 

y1(n) O [y2(n) O ys(m)] = [y1(n) O y2(n)] O ys(n) 

There are many such mathematical considerations involved in defining 
appropriate vector spaces and transformations [1,2]. We shall not proceed 
further with a discussion of the details of mathematical rigor but will simply 
describe the central result of applying the theory of vector spaces to systems 
that obey a generalized principle of superposition.

[t can be shown that if the system inputs constitute a vector space with 
0 and : corresponding to vector addition and scalar multiplication and the 
system outputs constitute a vector space with O and L corresponding to 
vector addition and scalar multiplication, then all systems of this class can 
be represented as a cascade of three systems, as shown in Fig. 10.2. This 

| a 

DH ) 
Dn

—1 

yin)an JinXen 

io 10.2 Canonic representation of homomorphic systems. 



   

            

         

       

   

       

           

              

             

          

           

      

   

    

         

       

   

       

               

           

           

             

            

           

           

         

    

           

  

    

    

              

            

           

             

    

            
          

        

    

        

            
               
             

           
            

       

    

     

          

        

    
        

                
            
           

              
            

            
            

          

     

            

   

     

     

               
             
            

              

10.1 Generalized Superposition 483 

cascade of Fig. 10.2 is referred to as the canonic representation of homo-

morphic systems. The first system, D, has the property that 

D[xy(n) O x2(n)] = Dlx1(n)] + Dg [xa(n)] 

= %1(n) + X5(n) 

D[c 1 x,(n)] = cD [x,(n)] = cxy(n) 

We observe that D obeys a generalized principle of superposition where the 
input operation is [1 and the output operation is +. The effect of the system 
Dis to transform the combination of the signals x, (rn) and x,(n) according to 
the rule [J into a conventional linear combination of corresponding signals 
D4[x,(n)] and D[x,(n)]. The system L is a conventional linear system, so 

L[#,(n) + %x(n)] = L[#1(n)] + L[*x(n)] 

= P1(n) + Jo(n) 

Lc%,(m)] = cL[Xy(n)] = cjy(n) 

Finally, the system DZ transforms from addition to O, so 

DB[$,(n) + $o(n)] = DT[H(n)] © DT [Po(n)] 

= y(n) O ya(n) 
DS [cpm] = cL DAF] = cL y(n) 

Since the system D is fixed by the operations [1 and :, it is characteristic of 
the class and is therefore called the characteristic system for the operation 
OJ. Similarly, D is the characteristic system for the operation O. Further-

more, it is clear that all homomorphic systems with the same input and output 
operations differ only in the linear part. This result is of fundamental im-

portance, because it implies that once the characteristic systems for the class 
have been determined, we are left with a linear filtering problem. For 
example, if we wish to recover x;(n) from the signal 

x(n) = x,(n) O Xo(n) 

we must choose the linear system so that its output y(n) is 

y(n) = x(n) 

Then with D~ = Dp, 

y(n) = DA[£(n)] = xi(n) 

That is, to perform perfect separation of x;(n) and x,(n), we must be able to 
perfectly separate X,(n) and X,(n) using a linear filter. How well we can 
approach this ideal situation depends on the operation [J and the properties 
of the signals x;(n) and x,(n). In the remainder of this chapter we shall 



   

            

           

          

            

            

  

   

           

             

             

          

         

            

         

            

             

         

         

             

          

        

         

           

            

     

            

        

 

     

           

                

   

          

            

             

         

            

           

    

            
            

          
             

             
   

    

           
              

              
           
          

             
         
             
              

          
          

              
           

         
          

            
             

 

    

             
         

  

      

            
                

    

           

             
              

          
             

            

484 Homomorphic Signal Processing 

restrict ourselves to classes of systems for which the input and output opera-

tions are identical, and in particular to the two classes of homomorphic 
systems defined by choosing as this operation either multiplication or con-

volution. In each case we shall consider representations of the system D~ and 
classes of signals for which processing of this type seems to offer advantages 
over other techniques. 

10.2 Multiplicative Homomorphic Systems 

There are many signal processing problems where the signal may be repre-

sented as a product of two or more component signals. In transmission of a 

signal over a fading channel, for example, we may model the effect of fading 
in terms of a slowly varying component multiplying the transmitted signal. 
As another example, an amplitude-modulated signal is represented by the 
product of a carrier signal and an envelope function, which we wish to 
separate at the receiver. Other examples include audio-dynamic range com-

pression and image processing, which we shall discuss in Sec. 10.3. In many 
problems of this type a linear system may be quite ineffectual in separating or 
independently modifying the component signals. In contrast, a system that 
obeys a generalized principle of superposition for multiplication may often 
be used with impressive results. In this section we discuss the basic theory of 
homomorphic systems for multiplication, and in the next section we discuss 
the applications of such systems to digital image processing. 

Consider the class of homomorphic systems that obeys a generalized 
principle of superposition in which the operation [J is multiplication and the 
operation : is exponentiation. That is, we are concerned with signals of the 
form 

x(n) = [x(m]*- [xo(m))’ (10.6) 

It is easily verified that these are appropriate choices for vector addition and 
scalar multiplication. The characteristic system for multiplication must have 
the property 

D.[[xy(m)]**[xo(m)]’] = aD-[x1(m)] + BD-[xy(n)] (10.7) 

A function that formally has this property is the logarithm function. For 
example, if x(n) = xy(n) - x,(n), where x;(n) &gt; 0 and x,(n) &gt; 0 for all 
values of n, then 

log [x1(n) * x5(n)] = log [x:(m)] + log [xx(m)] (10.8) 

However, the input x(n) may not always be positive; indeed, we may wish 
to consider signals that are complex. Such cases require the use of the complex 
logarithm function. Thus the formal representation of canonic systems with 
multiplication as the input and output operation is as shown in Fig. 10.3, 
where the sequences x(n), X(n), $(n), and y(n) are in general complex. 
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Complex Linear Complex
~~

x(n) log Si system fn) _.exponentia y(n) 

Fig. 10.3 Canonic representation for homomorphic systems with multi 
plication as the input and output operations. 

Let us consider the properties of the complex logarithm function. If we 
et x(n) = x(n)” denote a complex sequence, then the complex 
logarithm of x(n) is defined as 

log [x(n)] = log |x(n)| + j arg [x(n)] (10.9) 

The inverse of log [x(n)] is the complex exponential 

plogla(n)] _ eloglz()] . plarelz(n)] (10.10) 

Clearly, any integer multiple of 27 can be added to the imaginary part of the 
complex logarithm, i.e., to arg [x(n)], without changing the result of Eq. 
(10.10). Thus without further restrictions the complex logarithm is not a 
unique transformation. Since uniqueness is a basic requirement in the 
definition of a system, we must choose arg [x(n)] in such a way that this 

ambiguity is resolved. Furthermore, we have the additional requirement 
that log [x(n)] be defined in such a way that generalized superposition holds. 
.e., so that with x(n) = x(n) * x(n), then 

log [x(n)] = log [x,(n)  x3(n)] = log [x;(n)] + log [x,(n)] 

This implies that 

log |x(n)| = log |x,(n)| + log [x,(n)] (10.11) 
ANii 

arg [x(n)] = arg [x,(n)] + arg [x,(n)] (10.12) 

Thus the ambiguity in arg [x(r)] must be resolved in such a way that Eq. 
(10.12) holds. 

Although it is common to resolve the ambiguity in the complex logarithm 
by replacing arg [x(n)] by its principal value, i.e., its value modulo 27, this 
cannot be done here since Eq. (10.12) will then not generally hold. That is, it 
is not generally true that the principal value of the sum of two angles is equal 
to the sum of their respective principal values. To resolve the ambiguity and 
satisfy Eq. (10.12), it is necessary to define arg [x] so that it is a continuous 
function of x. This approach is rigorously justified through the theory of 
Riemann surfaces. We shall not develop the details of this definition of the 
complex logarithm in this section since in the applications that we shall discuss, 
the class of signals are nonnegative, in which case the ambiguity does not 
arise since arg [x(n)] can always be taken as zero. However, this will not be 



   

           

            

            

          

       

           

                

        

         

         

            

             

  
  

  

         
 

            

  

         

          

           

             

    

    

             

            

          

         

         

    

           
             

             
           

        
            

                 
        

          
 

          

             
              

 

  
 

 
 

 

 

 

   

         
  

             

   
          

           
            

              

     
     

              
            

           
         

          

486 Homomorphic Signal Processing 

the case in Sec. 10.4, where we consider homomorphic systems for convolu-

tion, and in that section the details of an unambiguous definition of the 
complex logarithm will be considered. Thus for the present let us assume that 
an unambiguous definition of the complex logarithm is available for the 
realization of the characteristic system for multiplicative homomorphic 
systems. Then a particular homomorphic system of this class differs from all 
others of this class only in the linear part. If the input is as given by Eq. 
(10.6), then the output ofthe complex log is 

x(n) = axX;(n) + pX.(n) = X,(n) + jX,(n) (10.13) 
vhere 

X,(n) = log [x,(n)] and Xy(n) = log [x,(n)] (10.14) 

The most general form for a linear system for processing complex inputs is 
shown in Fig. 10.4, where L,,, L,,;, L,,, and L, denote real linear systems. 

r 

Ler e@— yein)
4 A 

| 
L;, 

de 

y 

‘ 

§ — Ly —-—} {i 

Fig. 10.4 General representation of linear system with complex input
and cutbut. 

[f « and 8 are complex numbers, the real linear systems must satisfy 

L..=L; and L;,=—L, 
If « and B are real, there are no constraints. 

In applications of the theory of multiplicative systems, we must make 
appropriate choices for the linear system. Our choice, of course, depends on 
the nature of the input signal. Whether or not we can do useful processing 

of signals of the form 
x(m) = x,(n) * x(n) 

depends on the nature of X,(n) and £,(n), the components of the output of 
the characteristic system. For example, if we wish to. separate the two com-

ponents or perform independent processing of the two components, then their 
frequency spectra must not overlap significantly. This implies that homo-

morphic processing of signals combined by multiplication may be useful 



    

          

             

        
             

   

   

         
              

         

         

     

     

             

          

            

           

         

           
             

        

          

  

   

          

        

           

         

            

  

   

         

         

      

               

   

     

           
              
         

              
    

    

          
               

          
          
      

      

              
           
             

            
         

            
              

        

           
   

    

           
         

  

            
          

             
   

    

          
          

       

                
    

10.3 Homomorphic Image Processing 487 

whenever one component is rapidly varying and the other component is 
slowly varying. This is indeed the case in the areas of audio companding and 
image processing, where homomorphic processing has been applied with 
success [3], [4], [5], [6]. In the next section we shall consider the latter 
example in some detail. 

10.3 Homomorphic Image Processin&gt; 

One example of the successful application of homomorphic signal processing 
is in the area of image enhancement. This application is based on a model of 
images as the product of two basic components. Through homomorphic 
filtering these components can be modified separately to achieve simultaneous 
contrast enhancement and dynamic range compression. 

10.3.1 Model for Image Formation [6] 

[mages are formed by reflection of light. That is, an image is formed when 
light energy from an illumination source is reflected by physical objects. 
Thus image formation can be modeled as a multiplicative process in which a 

pattern of illumination is multiplied by a reflectance pattern to produce the 
brightness image. If the two-dimensional patterns of illumination and re-

flectance are represented by the functions f;(u, v) and f,(u, v), respectively,T 
where u and v are continuous spatial variables, then the image is expressed as 

fu, v) = fi(u, v) * f(u, v) (10.16) 

Since both the illumination component and the image correspond to patterns 
of light energy, 

0&lt;f(u,v) &lt;filu,v) &lt; co 

The reflectance component also is always positive and is further constrained 
by physical considerations to be less than unity; i.e., 

0&lt;f(u,v)&lt;l1 (10.18) 

In summary, images can be represented as a product of two components. 
Furthermore, the individual components are always positive. Thus it seems 
that the structure of images is ideally suited to processing with a homomorphic 
system for multiplication. 

10.3.2 Digital Image Processing 

Images are represented discretely by a two-dimensional sequence x(m, n) 
obtained by periodic sampling of a spatially limited image; i.e., 

x(m, n) = f(m Au, n Av) 

1 In Sec. 10.3 the subscripts r and / refer to reflectance and illumination respectively not 
real and imaginary parts. 



   

            

        

        

           

 
         

                

 

       

     

            

       

     

            

            

          

           

             

         

        

           

       

        

        

   

             

               

           

           

               

            

      

    

             
         

         

            
  

         
                 

      

        

      

            

        

      

             
             

           
            

              
          

 
         

            
        

         

        

    

              
                

            
            

               
             

       

488 Homomorphic Signal Processing 

where Au and Av are chosen so that significant aliasing does not occur. 
From our previous discussion, x(m, n) has the representation 

x(m, n) = x,(m, n) + x,(m, n) (10.19) 

where x;(m, n) and x,(m, n) are the sampled illumination and reflectance 
patterns, respectively. 

The discrete homomorphic image processor has the canonic form depicted
in Fig. 10.5. Since x(m, n) &gt; 0, there is no need to be concerned with the 

og| | exp! |SURRY Tr Sonn y(im,n) 

Fig. 10.5 Canonic form for homomorphic image processor. 

ambiguity of the complex logarithm. Thus 

X(m, n) = log [x(m, n)] = log [x,(m, n) - x,(m, n)] 

= log x,(m, n) + log x,(m, n) 

= Xm, n) + x,(m, n) 

Stockham [6] argues that the output of the characteristic system has a close 
correspondence to the kind of density pattern that results when an image is 
represented in a photographic transparency. Thus it is reasonable to call 
x(m, n) the intensity representation and %(m, n) the density representation of 
an image. Likewise, y(m, n) may be called the processed density and y(m, n) 
the processed intensity representations. Clearly, by the properties of linear 
systems, 

y(m, n) = p,(m, n) + p.(m, n) (10.21) 

where p,(m, n) and y,(m, n) are the processed illumination and reflectance 
densities, respectively. Therefore, the processed output intensity is 

y(m, n) = exp [y,(m, n) + y,(m, n)] 

= exp [P(m, n)] - exp [J,(m, n)] (10.22) 

= y,(m, n)y,.(m, n) 

Since y,(m, n) and $,(m, n) are both real (assuming that the impulse response 
of the linear system is real), y;(m, n), y,(m, n), and y(m, n) are all positive. 
Thus the physical constraint that intensities in a physical image must be 
strictly positive is satisfied. This behavior is guaranteed for all systems that 
have the form of Fig. 10.5. This is in contrast to the situation when the in-

tensity representation of an image is processed by a linear system, in which 
case positive outputs are not generally guaranteed. 



    

       

            

            

           
        

          

          

             

            

            

          

          

             

          

         

          

          

           

             

        

            

       

     

        

               

          

         

         

           

            

         

    

     

           

             

            

             

           

            

         

     

        
             

             
           
        

           
           

             
             

             

          
           

              
          

         
           
          
 

            
              

         
             

       
      

         
                

          
          

          
            

             
          

     

      

            

              
             

              
            

             
          

10.3 Homomorphic Image Processing 489 

Having demonstrated that multiplicative homomorphic systems are well 
matched to the structure of images, there remains the question of how one 
chooses the linear system in Fig. 10.5. This choice, of course, depends upon 
the properties of the density components £,(m, n) and X,(m, n). Fortunately,
the illumination and reflectance components have distinctly different charac-

teristics. Illumination generally does not vary rapidly across a scene, although 
shadows do, of course, correspond to abrupt variations in illumination. On 
the other hand, if there is significant detail in the scene, the reflectance com-

ponent will vary rapidly because of sharp edges and changes in texture and 
size. Thus it is reasonable to assume that the illumination is a low-frequency 

signal, whereas the reflectance is a high-frequency signal. Similarly, the illu-

mination density is slowly varying, whereas the reflectance density is rapidly 
varying. Plots of the Fourier transform of an image or the logarithm of an 
image are typically characterized by a low-frequency peak and a high-fre-

quency plateau, implicitly suggesting that the above assumptions are reason-

able, although it is clearly an oversimplification to associate the low-frequency 
peak entirely with illumination and the high frequencies entirely with reflect-
ance. 

Although illumination may vary slowly, it may also vary a great deal 
across a scene, thus causing a wide dynamic range in the image. This presents 
significant problems in transmitting images over a communication channel 
or storing them on a medium such as photographic film. Thus an important 

problem in image processing—dynamic range reduction—directs our atten-

tion to processing the illumination component. 
Another important problem in image processing is contrast enhancement, 

that is, processing the image so as to sharpen the edges of objects in the scene. 
Since these edges manifest themselves primarily as abrupt variations in re-

flectance components, we are then concerned with processing the reflectance 
component in order to alter the contrast of an image. 

[n order to see how to perform dynamic range reduction and contrast 
enhancement using the canonic system of Fig. 10.5, let us first assume that 
the linear system is an ideal frequency-independent gain y; i.e., 

ym, n) = yx(m. n) 

Chen the output image will be 

y(m, n) = [x(m, n)l’ = [x.(m, n)l’ ’ [x,(m, n)y’ (10.23) 

The dynamic range of the image can be reduced by reducing the variation of 
the illumination component. Clearly this implies a choice of y &lt; 1. To 
increase the contrast of the image, we must process the reflectance so that the 
ratio between two given intensities is increased, implying that y &gt; 1. 

The process of Eq. (10.23) corresponding to a simple gain for the linear 
system is available photographically; however, this choice for the linear 



   

              

             

          

             

            

             

 

 

        
          

      

          

         

          

 

      

        

            

          

          

              

            

               

           

       

    

           

          

    

               
              

           
             

             
              

 

 

  
  

         
           

      
 

           
          

           
  

       

         
             

           
           

               
             

                

            
        

     

           
           

490 Homomorphic Signal Processing 

system is often not a satisfactory solution since for y &lt; 1 contrast is reduced 
along with dynamic range, and for y &gt; 1 dynamic range is increased along 
with contrast. However, if we recall that illumination is a low-frequency 
signal and reflectance is a high-frequency signal, it is clear that a linear shift-

invariant filter that applies a different gain to the high and low frequencies 
would be a more effective choice. For example, in Fig. 10.6 is indicated a 

A 

y 

[llumination Reflectance 
components components 

Fig. 10.6 Cross section ofacircularlysymmetric frequency response to be 
used for the linear part of a homomorphic image processor to 
achieve simultaneous contrast enhancement and dynamic range

compression. 

radial cross section of a circularly symmetric frequency response. At least 
approximately such a system offers the possibility of simultaneous contrast 
enhancement and dynamic range reduction; i.e., y(m, n) is approximately of 
the form 

y(m, n) = [x,(m, n)]"[x,(m, n)]"” (10.24) 

Thus for simultaneous dynamic range reduction and contrast enhancement, 
y, is chosen less than unity and y, is chosen greater than unity. 

Two examples of images processed in this way for simultaneous dynamic 
range compression and contrast enhancement are indicated in Figs. 10.7 and 
10.8. The low-frequency gain of the filter, y,, was chosen to be 0.5, and the 
high-frequency gain, y,, was chosen to be 2. corresponding to a choice of 
y; = 0.5 and y, = 2 in Eq. (10.24). Figure 10.7 shows the original scenes 

and Fig. 10.8 shows the processed scenes. More examples of the enhancement 
referred to can be found in Ref. [3]. 

10.4 Homomorphic Systems for Convolution 

There are a multitude of signal processing problems where signals are com-

bined by convolution. In communicating or recording in a multipath or 



     

         

           

            

           

           

          

         

           

   

          

        

         

          

            

        

  

        

          

          

            

        

           

           

         

          

       

   

      

                 

            

          

              

            

             

    

      

          
            

             
            

            
           
          

            
    

           
         

          

           
             

         
 

   

         

           

           
             

         
            

            
          

           

        
    

        

                  
             

          
              

             
              

     

10.4 Homomorphic Systems for Convolution 491 

reverberant environment, the effect of the distortion introduced can be 
modeled in terms of noise convolved with the desired signal. In speech 
processing, it is often of interest to isolate the effects of vocal-tract impulse 
response and excitation which, atleast on a short-time basis, can be considered 
as having been convolved to form the speech waveform. Other examples are 
the separation of probability density functions that have been convolved by 
the addition of independent random processes or processing of seismic 
signals obtained when an explosion creates a pulse of seismic energy that 
propagates through the earth. 

A common approach to separating the components of such signals, i.e. 
to deconvolution, is linear inverse filtering. Unfortunately, since linear 
systems are not matched to the structure of convolutional combinations, 

inverse filtering requires detailed knowledge of one of the component signals. 
As an alternative, we are led to consider a class of homomorphic systems 

which obeys a generalized principle of superposition for convolution 
(4,7,8]. 

10.4.1 Canonic System 

Let us consider sequences combined by discrete convolution; i.e.. 

qn) = 3 x,(k)xa(n — k) = x(n) * xo(n) (10.25) 

It is easily shown that discrete convolution satisfies the algebraic postulates 
for vector addition and consequently is a permissible choice for a class of 

homomorphic systems. Scalar multiplication by an integer a corresponds 
to repeated convolution of x(rn) with itself a times, and scalar multiplication 
when a is not an integer is a generalization of this [1,8]. 

The canonic form for homomorphic filters under convolution is depicted 
in Fig. 10.9. The characteristic system, D, , has the property 

D ([xy(n) * xo(n)] = Dy[x:(n)] + Dy[xy(n)] 
(10.262)

= %i(n) + %y(n) 

D.lc : x,(n)] = cDy[x,(n)] = cx,(n) (10.26b) 

The system L is a linear system and D3 is the inverse of D,. Thus, if we can 
determine the system D,, we have a representation of all the systems that 
obey a generalized principle of superposition for convolution. For the re-

mainder of this section and in Secs. 10.5 and 10.6 we shall explore in con-

siderable detail the properties of the system D, and the properties of the 
signals x(n). In Sec. 10.7 we shall then utilize these properties in a number 
of applications of homomorphic deconvolution. 
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Js Ox
&lt;n) Un) hy n) y(n) 

Fig. 10.9 Canonic form for homomorphic filters with convolution as the 
input and output operations. 

10.4.2 Mathematical Representations of the Characteristic 
System D, 

The key to the mathematical representation of the characteristic system 
D, is based on the fact that the z-transform of Eq. (10.25) is 

X(z) = X1(2) * Xa(2) (10.27) 

That is, the z-transform operation 3[x(n)] can be viewed as a homomorphic 
transformation with convolution as the input operation and multiplication 
as the output operation, as depicted in Fig.10.10. Using the z-transformation, 

r —Transform 

«(n) = x4(n)*x5(n) 50] X (2)=X4(2) #X (2) 

Fig. 10.10 z-transform depicted as a homomorphic transformation from 
convolution to multiplication. 

convolutional combinations can be transformed into multiplicative com-

binations, which can then be processed by a multiplicative homomorphic 
system. Thus, if we represent signals by their z-transforms, the canonic 
system of Fig. 10.9 can be replaced by that shown in Fig. 10.11. Since the 

og | exp|
3)&lt;(2) WZ (2) Y(z) 

Fig. 10.11 System of Fig. 10.9 with the signals represented in terms of their 
z-transforms. 

function X(z) is normally complex, the complex logarithm must be employed 
here. 

When signals are represented as sequences rather than'by their z-trans-

forms, we can formally represent the characteristic system D, as in Fig. 
10.12, where 31 is the inverse z-transform. It is interesting to note that both 
2 and 3-1 are linear transformations in the conventional sense as well as being 

https://Fig.10.10
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Dy 

JE ogl 3-11
n) X(z) X(z) Am) 

Fig. 10.12 Representation of the characteristic system D, 

homomorphic transformations between convolutional and multiplicative 
vector spaces. 

There are a number of important assumptions implicit in the repre-

sentation of the €haracteristic system D, as in Fig. 10.12. First, the complex 
logarithm, log [X(2)], must be uniquely defined so that if 

X(z) = Xi(2)* Xy(2) 
then 

X(z) = log [X,(2) * Xu(2)] 

= log [X,(2)] + log [X,(2)] 

Second, X(z) must be a valid z-transform. Third, in order for £(n) to be 
uniquely defined, we must choose a region of convergence for X(z) = 
log [X(z)]. Let us consider the choice of region of convergence first. Assume 
that both x(n) and X(n) are real, stable sequences. This assumption, clearly 
very reasonable in a practical sense, is not really restrictive since only slight 
modifications are required to allow either x(n) or %(n) to be unstable. There-

fore, the regions of convergence of both X(z) and X(z) must include the unit 
circle. 

If X(z) = log [X(2)] is a z-transform, then it must have a Laurent series 

expansion, 

X(z) = log [X(2)] = &gt; x(n)z™" 

with a region of convergence that includes the unit circle. That is, X(z) must 
be analytic in a region that includes the unit circle. Let us express X(z) on 
the unit circle as 

Xe?) = Xp’) + jX,(e') 

Since £(n) is real, X;(e’”) must be an even function of w, and X;(e’®) must 
be an odd function of w. In addition, X(e’) must be a periodic function of 

w with period 27. The most important implication of the analyticity of 
X(z) on the unit circle is that X(e’*) must be a continuous function of . 
Since 

Vd
~ 

Y= log | X(e’®)| + j arg [X(e’®)] 



   

  

   

   

            

             

            

          

              

   

          

              

             

             

         

  

 

 

  
            

         

            

   

  

            

            

         

           

     

    

   
  

 

    

             
              

             
          

               
    

           
               

              
              

          

   

  
 

 

  
 

 

 

 
  

 

             
          

             
    

   

             
             
          

            
      

496 Homomorphic Signal Processing 

this implies that 
XY r(€’”) joy = log|X(e™®)]

11d 

Xe) = arg [X(e™)] 

must be continuous functions of w. Provided that X(z) does not have zeros 
on the unit circle, the continuity of Xz(e’) is guaranteed by the fact that 
X(e’) is analytic on the unit circle. However, the continuity of X;(e’) is 
dependent on the definition of the complex logarithm. Thus the require-

ment that X(z) be a valid z-transform and the removal of the ambiguity of the 
complex logarithm are interrelated. 

The problem of uniqueness and analyticity of the complex logarithm is 
illustrated by Fig. 10.13. In Fig. 10.13(a) we see a typical phase curve for the 
z-transform X(z) evaluated on the unit circle. If X(z) is the product of two 
z-transforms, then this curve can be thought of as the sum of the continuous 

phase curves of the component transforms. Figure 10.13(b) shows the 

arg Xe) ] 

TTT MO 
{4 

-41r 

(a) 

ARG X(e/“)] 
” 

Us 

r=. Pan 

(b) 

Fig. 10.13 (a) Typical phase curve for a z-transform evaluated on the unit 
circle (b) principal value of the phase curve in (a). 

principal value of the phase of X(z). Both curves are revresentations of the 
phase of X(z) since 

piarelX(2)] — pIARGX[(2)] 

However, it is easily seen that the principal-value curve could not in general 
correspond to the sum of principal values of the phases of the component 
transforms, and furthermore ARG [X(z)] is discontinuous and thus cannot 
satisfy the continuity requirement that results from the fact that X(z) must 
be analytic on the unit circle. 
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One approach to the problems presented by the complex logarithm is 
through the concept of the Riemann surface. Another approach to defining 
the complex logarithm is to assume that the continuous complex logarithm is 
obtained by integration of its derivative. If we assume a single-valued 
differentiable complex logarithm, then 

d 1 dX(z) dX(z
£ log [x()] = oO _ 470) 

(10.28)
dz X(z) dz dz 

[f we evaluate this logarithmic derivative on the unit circle, we obtain 

i X'(e’®) , } A 

X'(e®) = ——= = Xp Xe”
) X(e') r(€™) + jX;(e") 

where the prime denotes differentiation with respect to w. From this ex-

pression we obtain 

AR") _ Xp(@)XI(e") — Xe)Xn(e™) (2
dm X%(e’) + Xe?) 

Integrating Eq. (10.29) with respect to w, we can apply the condition 

arg [X(e)]pmo = 0 

to ensure that arg [X(e’”)] is an odd, continuous function of w. 

The complex logarithm has been carefully considered for two reasons. 
First, it is important to fully understand the complex logarithm so that the 
formal manipulations that we will make in the remainder of this section and 
in later sections can be done with confidence in their validity. Second, the 
problems of ambiguity in the definition of the complex logarithm manifest 
themselves as important computational problems. These computational 
problems will be considered in a later section on realization of homomorphic 
systems for convolution. 

The mathematical representation of Fig. 10.12 was obtained by recog-

nizing that the multiplicative theory of Sec. 10.2 could be applied to the z-

transforms of a convolution. Starting with this representation and the 
implicit assumption of analyticity of log [X(z)], we can derive two other 
representations of the system D, using the logarithmic derivative. 

Assuming that log [X(z)] is analytic, then 

X'(z) 
(10.30)X(@) =~ 

where ’ denotes differentiation with respect to z. It is easily shown that 

zX'(z) = Ss [—nX(n)]z™" = 2X2) (10.31)
f= X(2) 



   

 

     
  

            

    

      
  

         

    
 

   
     

   

         

     
 

 

    
 

           

        

    

      

     

    

     
 

           

         

            

  

    

       

            

  

  

    

  

    
   

             
     

   
   

          

   
  

         
   

          

  
  

      
  

            
         

     

       

      
 

     

     
  

            
          

             
   

     

        
             

   
   

498 Homomorphic Signal Processing 

50 that 

—nx(n) = 422" dz 
27j Jo X(2) 

where C denotes a closed contour in the region of convergence of X(z). 
Solving for %(n) we obtain 

#(n) = =. HX@ Zn 1 dz,
2@jn Yo X(z) 

The value of %(0) can be obtained by noting that 

HOY =e | Le) do 
2m Jn 

1 ("se i (7,
Lf Xp”) dw +L Xe?) dw 
27 —T 2m -T 

Since X;(¢’®) is an odd function of w, this becomes 

#0) = L | Xp(e®) do 
2m J—n 

1" »

L] log | X(e’?)| dw 
27 Jz 

Beginning with Eq. (10.31) we can also derive a difference equation that 
represents the system D,. Rearranging Eq. (10.31) we obtain 

zX'(z) = zX'(2) * X(2) 

[he inverse z-transform of this equation is 

nx(n) = &gt; kx(k)x(n — k) (10.34)
k=—o0 

Dividing by n we obtain 

x(n) = HECEC —k), n#0 (10.35)
k=—on \N 

Thus we have obtained an implicit relation between £(n) and x(n). Under 
certain conditions, this expression can be rearranged into a recursion 
formula that can be used in computation. Formulas of this type are discussed 
in Sec. 10.5. 

10.4.3 Inverse Characteristic System D.! 

The mathematical representation of the inverse characteristic system 
Dy" follows simply from the representation of D, and is depicted in Fig. 
10.14. By definition, 

DZD.[x(n)]] = x(n) 



     

      

             

             

         

   
 

      

   

        
             

   

         

             

              

             

             

            

            

            

             

         

         

             

        

           

   

    
 

            

         

         

  

      

  
   

  

       

              
              

          

    
  

       

    

        
              

    

          
              
              

              
              

            
             

             
             

          
          

             

         
            
    

  
  

             
         

          

    

10.4 Homomorphic Systems for Convolution 499 

SI exp| 3-10
Sp Y(z) i 

Y(z} y(n) 

Fig. 10.14 Representation of the system D_ 

Therefore, it must be true that both y(n) and y(n) are stable sequences, since 
both x(n) and £(n) are assumed to be stable. Thus the regions of convergence 
of Y(z) and Y(z) must include the unit circle. Therefore, 

y(n) = L$ Y(z)z"1dz 
2@j Yo 

where C’ is the unit circle and 

Y(2) = exp [¥(2)] 

Fortunately, the complex exponential function has no uniqueness problems,
and if Y(2) is analytic on the unit circle, then so is exp [Y(2)]. 

10.4.4 Linear System L 

Since we have given a mathematical representation of the characteristic 
system D, and its inverse, all that remains to be specified in the canonic 
system of Fig. 10.9 is the system L. In theory, any system that obeys super-

position for addition can be used in the canonic system of Fig. 10.9. However, 
in practice we have found that a particular class of linear systems is most 
useful. We recall that in the case of multiplicative systems, a linear time-

invariant system was the useful choice for the linear system. Also, we recall 
from Fig. 10.11 that if signals are represented by their z-transforms, then we 
can think of a linear system operating on the complex logarithm of the z-

transform. In other words, the class of convolutional homomorphic systems 
is analogous to the class of multiplicative homomorphic systems; however, 
the roles of the time domain and frequency domain are in a sense inter-

changed. Thus, although time-invariant linear systems can theoretically be 
used, it is of particular interest to consider the class of frequency-invariant 
linear systems for which 

Ye?) — L]
T

L()L(?) db
Var —_7 

For such a system, the output Fourier transform is obtained from the complex 
logarithm X(e’) = log [X(e’*)], by a periodic continuous-variable con-

volution. Alternatively, such a system has a time-domain representation as 

p(n) = I(x) (10.37) 



   

             

              

             

              

             

           

            

              

             

 

   

            

          

            

             

           

          

            

         

             

             

         

            

           

            

           

           

         

          

            

             

      

     

          

         

           

    

              
               
              

               
             

            
             

               
              

  

    

             

           
             

              
            
           

             
          

              
              

          
             
            

             
            

            
          

           
             

              
       

      

           
          
            

 

500 Homomorphic Signal Processing 

where I(n) is the inverse transform of L(e’”). Since x(n), X(n), y(n), and y(n) 
are all assumed to be real, stable sequences, it follows that /(n) must be real, 
and in general it must also be stable. This implies that L(z), the z-transform 
of I(n), has a region of convergence that includes the unit circle, and that the 
real and imaginary parts of L(e’) are even and odd functions of w, respec-

tively.
We may naturally inquire further into the question of why this particular 

class of linear systems is most useful. However, this question and the questions 
of design criteria for such systems can be answered only in the light of further 
discussion of the properties of %(n) or log [X(e’*)]. This is the subject of 
Sec. 10.5. 

10.4.5 Note on Terminology 

We conclude this section with a brief historical note that will aid in 

establishing some terminology for the remainder of the chapter. In 1963 
Bogert, Healy, and Tukey published a paper with a rather unusual title [9]. 
In this paper they observed that the logarithm of the power spectrum of a 
signal containing an echo had an additive periodic component due to the 
echo, and thus the Fourier transform of the log-power spectrum should 
exhibit a peak at the echo delay. This function they termed the cepstrum, 
paraphrasing the word spectrum because: “In general, we find ourselves 
operating on the frequency side in ways customary on the time side and vice 
versa” [9]. Bogert et al. went on to define a whole vocabulary to complement 
this new signal processing technique; however, only the term “‘cepstrum” 
has been widely used. Since the power spectrum is the Fourier transform of 
the autocovariance function and is always positive, we can think of the 

cepstrum as being the output of the characteristic system D, when the input 
is an autocorrelation. Since the power spectrum is always positive, only the 
real logarithm is required. In general, we must use the complex logarithm 
and complex Fourier transforms; so to emphasize the relationship while 
maintaining the distinction, we call the output of the characteristic system 
the complex cepstrum. We hasten to add that the complex cepstrum %(n) is, 
of course, real for real inputs x(n). We retain the term *“‘cepstrum” for use 
when only the real logarithm is used. 

{0.5 Properties of the Complex Cepstrum 

In order to see how we might employ convolutional homomorphic systems, 
we shall consider the properties of the complex cepstrum—or, equivalently, 
log [X(e’*)]—for a useful class of input signals, the class of exponential 
sequences. 



      

  

          

         

     

       
 

    

     
 

                

             

               

         

            

             

    

             

         

   

           
 

             

           

  

               

          

   

              

            

                

             

             

            

            

                

           

            

             

       

   

           
          
      

     
  

    
     

  

                 
              

                
          

             
             

     
              

 

           
 

    

          
  

              
            
   

                
           

     

              

             
                 
              

              
             

             
                 

            
             

              

10.5 Properties of the Complex Cepstrum 501 

10.5.1 Exponential Sequences 

The class of sequences that have rational z-transforms is fortunately both 
iseful and amenable to analysis. Therefore, consider input sequences x(n) 
whose z-transforms are of the form 

Az TT — az) TL (1 — bya) 
Ir=1 r=1 

f(z) =- ; ?, (10.38) 
ITa-— cz HTT (A — dy2)
=1 k=1 

where |a,|, [bl, [cx], and |d| are all less than unity, so that factors of the form 
(1 — az?) and (1 — ¢,z1)correspond to zeros and poles inside the unit 
circle, and the factors (1 — b,z) and (1 — dz) correspond to zeros and poles 
outside the unit circle. Such z-transforms are characteristic of sequences 

composed of a sum of exponential sequences. In the special case when there 
are no poles, i.e., the denominator of Eq. (10.38) is unity, Eq. (10.38) corre-

sponds to a finite-length sequence. 
If log [X(z)] is computed as assumed in Sec. 10.4, we can write formally 

that 

X(z) = log [A] + log [2] + dlog(l — az™ 
ke=1 

, », 2 (10.39) 

+2 log(1 — bz) —2log(1 — gz) —Dlog (1 — d,z)
rE k=1 

If we consider each term in Eq. (10.39) as a z-transform, then the properties 
of £(n) will depend upon the composite properties of the inverse transforms 
of each term. 

For real sequences, 4 is real and if 4 is positive, the first term log [4] 
simply contributes to £(0). Specifically (see Problem 11 of this chapter) 

£(0) = log |A| (10.40) 

[f A is negative, it is more difficult to determine the contribution to the com-

plex cepstrum due to the term log [4]. Similarly, the term z" corresponds 
only to a delay or advance of the sequence x(n). If r = 0, this term vanishes 
from Eq. (10.39). However, if r 7 0, there will be a nonzero contribution 
to the complex cepstrum. Although the cases of 4 negative and/or r # 0 
can be formally accommodated [8], doing so seems to offer no real advantage, 
because if two transforms of the form of Eq. (10.38) are multiplied together, 
we would not expect to be able to determine how much of either 4 or r was 

contributed by each component. This is analogous in linear filtering to the 
situation in which two signals, each with dc levels, have been added. Thus 
in practice this question is avoided by measuring the algebraic sign of A and 



   

                

     

   

 

   

             
 

 

       
 

            

                  

          

           

 

 

         

           

        

  
 

 
 

 
 
    

   

            

            

        

           

    

             

         

    

                 

    

    

  

    

  
  

  
        

  

             
                   

          
            

 
  

 

 
  

 

          

            
         

  
   

  
 

 
 

 
     

  

             
             

         

            

     

              
          

502 Homomorphic Signal Processing 

the value of r and then altering the input so that its z-transform is of the form 

ATT — az) TI — bio) 

2) = gt (10.41) 

TI(— ae)TI1—da) 

Likewise, Eq. (10.39) becomes 

X(z) = log |A] + log (1 — az) + Dlog (1 — b,2)
k=1 k=1 

2; i (10.42)
—Slog(1 — ez) — Slog (1 — dz) 

k=1 =1 

With the exception of the term log |A4[, which we have already considered, 
all the terms in Eq. (10.42) are of the form log (1 — az!) and log (1 — fz). 
Bearing in mind that these factors must represent z-transforms with con-

vergence regions that include the unit circle, we can make the power-series 

expansions 
, 2a" 

1
£2

3 t—azD)=—-&gt;=z"
n=1Nn 

|z|. {10.43) 

nd 

og (1 — fz) = -sE 2", zd &lt;I] (10.44) 

Using these expressions it is clear that for inputs with rational z-transforms 
as in Eq. (10.41), x(n) has the general form 

%(n)=log|A] (10.45a) 
mon ?; mn 

a c

SELES n&gt;0 (10.450)
k=1n  k=1R 

m
opm 

Dp 
od 

=&gt;+ _ &gt;t, n&lt; 0 (10.45¢)
Ir=1 N —1 N 

Note that for the special case of a finite-length sequence the second term 
would be missing in each of Eqs. (10.45b) and (10.45¢c). From Egs. (10.45) 
we observe the following properties of the complex cepstrum. 

P1. The complex cepstrum decays at least as fast as 1/n: Specifically 

ol &lt; CF1° —0 &lt;&lt;p&lt;&gt;O 

where C is a constant and « equals the maximum of [a;|, |b;], [cl, 
and |d,|. This property is also evident from Eq. (10.32). 



      

             

   

             

   

           

    

         

         

  

   
  

    

   

  

           

         

            

           

             

    

            

             

   

              

    

 

  

       

              
 

   

              
 

   

            
 

     

          
          

  

   
  
 

 
     

    

    

            
          

            
            

              

     

             
              

   
 

               

    

 

  
    

10.5 Properties of the Complex Cepstrum 503 

P2. If x(n) is minimum phase (no poles or zeros outside the unit circle), 
then 

t(n) =0, n&lt;o 

P3. If x(n) is maximum phase (no poles or zeros inside the unit circle), 
then 

x(n) =0, n&gt;0 

P4. If x(n) is of finite duration, %(n) will nevertheless have infinite 
duration. 

10.5.2 Minimum-Phase and Maximum-Phase Sequences 

Let us consider some important implications of properties P2-P4. First 
consider a minimum-phase sequence whose z-transform is of the form 

TIA — az 

(2) = [As —r 
TT — ez) 
k=1 

Clearly 
x(n) = 0, n- 0 (10.462) 

and from property P2, 

x(n) =0, n&lt; (10.46b) 

Thus, for minimum-phase inputs, the sequence %(n) is causal. In this case 
the mathematical representation of the system D, can be significantly 
simplified. We recall from Chapter 7 that the z-transform of a causal se-

quence is completely determined by the real part of its Fourier transform. 
Since both x(n) and %(n) are causal. we therefore should only have to compute 

Xo?) = log | X(e7®)] 

in order to obtain £(n). Recall that the inverse Fourier transform of Xp’) 
is equal to the even part of £(n), which we denote by c(n), so 

ir) (n) + 2(—n)
9 

Since £(n) = 0 for n &lt; 0 for a minimum-phase sequence, we can write 

s(n) = cn) - u.(n (10.47)
where 

(0, n&lt;O 
1 

m=, n=202. n&gt;0 



   

            

            

             

         

    

 
 

    

 

 

 

 

          

        

             

      
 

     

      

      

     

               

       

          

           

            

                 

            

     

          

           

 

  

    

             
             
              

          
     

  
    

       

        
   

  

           

         
              

      
  

 
      

       

       
     

                

        

           
            

             
                  

             
      

           
            

  
   

504 Homomorphic Signal Processing 

These operations are depicted in Fig. 10.15. The sequence ¢(n) is called the 
cepstrum of the input x(n) because of its close similarity to the original 
definition of Bogert, et al. Note that only in the case of minimum-phase (or 
maximum-phase) inputs can we obtain the complex cepstrum from the 
cepstrum as in Fig. 10.15. 

Fourier Inverse 
ransform og| | rourier 

x(n) X (e1¥) Xglel®) transform cn) x(n) 

Xp (01%) = log] X(e | 
2, n&gt;0 

Jn) = 1,n=0 
0, n&lt;0 

Fig. 10.15 Realization of the system D, for a minimum-phase input. 

An alternative representation is obtained by considering the difference 
equation in Eq. (10.35). If we apply the conditions of Eqs. (10.46) we obtain 

(n) = (5) 00xtn — Kk, n&gt;0
—0 \n 

(10.48) 
— #(n)x(0) +3 £) stn — 

Solving for x(n) yields the recursion formula 

oo nik x(n — k) "=O (10.49) 
fo 25) wo °° "7° | 

The value of £(0) can easily be shown to be (see Problem 9 of this chapter) 

%(0) = log [4] = log [x(0)] (10.50) 

Therefore, Eqs. (10.49) and (10.50) constitute a representation of the system 
D,. for minimum-phase systems. It also follows from Eq. (10.49) that the 
system D, is a causal system for minimum-phase inputs: i.e., the output for 
n &lt; ny is dependent only on the input for n &lt; n,, where n, is arbitrary (see 
Problem 15 at the end of this chapter). Similarly, Eqs. (10.48) and (10.50) 
tepresent the inverse characteristic system Dy. 

In the case of maximum-phase sequences we can parallel the previous 
discussion. A maximum-phase sequence has no poles or zeros inside the unit 

circle. Therefore, 
x(n) =%n)=0, n&gt;" 



      

              

   

 

 
 

           

         

     

      

  

     

   

 

          

     

        

        
              

             

    

     

     

    

                 

               

       

              

   

 

  
  
  

           

          

      
 

     
 

   

      
 

   

  

           
      

        
         

               
             
 

     

 

    

      

 
     

                 

                

10.5 Properties of the Complex Cepstrum 505 

It is likewise true that only log | X(e’”)| is required to compute (rn), since 

tn) = u_(n)- c(n) 

where 

2, n&lt;o0 
a_(n)=11, n=20 (10.52)

0, n&gt;0 

Thus Fig. 10.15 applies to maximum-phase sequences if u(r) is replaced by

u_(n).
If we apply Eq. (10.51) to Eq. (10.35), we obtain 

«(n) -3 ()sotn — k), n&lt;dy 
(10.53) 

= mx + 3 ()a0sn — 10 
k=n+1\1N 

Solving for %(n), 

2 (k x(n — k) p&lt;

omk=nt1\n(1) x(0)x(0)

£(n) (10.54)
log [x(0)], 0 

"J. 0 

These equations then serve as a representation of the characteristic system 
and its inverse for maximum-phase inputs. 

This discussion of minimum- and maximum-phase sequences has an 
interesting implication for finite-length sequences. Specifically, in spite of 
property P4, we can show that for an input sequence of length N, we need 
only N samples of £(n) to determine x(n). To see this, consider the z-trans-

form 

X(z) = Xpin(2) © Xinas(2) 

where 

Xnin(2) =AII (1 - az) 

Kaur?) = TT (1 — by?) 

Correspondingly, 
x(n) = Xmin(N) * Xmax() 

where xn,(7) = 0 outside the interval 0 &lt; n &lt; m; and xp,(1) = 0 outside 

the interval —m, &lt; n &lt; 0. Thus the sequence x(n) is nonzero in the interval 



   

           

 

     

 

  

     
 

              

               

         

       

             

           

          

              

               

              

       

    

        
 

             

           

   

            

           

      

  

           

  

               

          

        

    

            

  

     

     
 

  

     

  
               

                
         

 

        

              

            
           

               
                

               
        

    

        
  

              
            

    
             

            
       

   

            

   

                
           

       

506 Homomorphic Signal Processing 

—m, &lt;n &lt; m;. Using the previous recursion formulas we can write 

0 n 0 

Xmin(7) 

ind 

= 

| 
£0) 

£(n)x(0) +2(5)s0

0 

n=0 

matn kK n&gt;0 

7] 0 

(10.55 

Xmax(m) — 1 =0 (10.56) 

| +3(Bip —k)  n&lt;0 
Clearly we require m, + 1 values of £(n) to compute x;,(n) and m, values 
of x(n) to compute Xmax(n). Thus only m; + m, + 1 values of the infinite 
sequence £(n) are required to completely recover the finite-length sequence

x(n). 

10.5.3 Poles and Zeros on the Unit Circle 

We have thus far not allowed poles or zeros on the unit circle. From 

both the theoretical and computational point of view there are good reasons 
for this. Recall that in the mathematical representation of the characteristic 
system, we chose the contour of integration to be the unit circle. If X(z) has 
a pole or a zero on the unit circle, we cannot associate a region of convergence 

that includes the unit circle with log [X(z)]. It can be shown that a factor 
log (1 — ee?) has a Fourier series 

. . 0 elon . 

log (1 _ e’%e 7?) — &gt;— eg jon
n=1 RN 

that converges in some sense. However, the real part of the complex log is 
infinite and the imaginary part is discontinuous. We prefer to avoid this 
added difficulty if possible. 

Formally, this can be achieved by using a different contour C for the 
computation of £(n) from log [X(z)]. Equivalently, we can multiply the input 
sequence by an exponential sequence as in 

w(n) = a"x(n) 

where « is real and positive. The resulting sequence has a z-transform 

W(z) = X(¢'z) 

Thus the poles and zeros of X(z) are shifted radially by the factor «~1. It is 
important to note that if x(n) = x,(n) * x,(n), then 

W(z) = X(«2) = X(a2) + Xo(a722) 
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50 that 

w(n) = ax,(n) * a"x,(n) 

That is, exponential weighting of a convolution yields a convolution of 
sxponentially weighted sequences.

In addition to providing a means for moving singularities of log [X(z)] off 
the unit circle, exponential weighting is also a useful technique for converting 
a mixed-phase signal into either a minimum-phase or a maximum-phase 

signal. 

10.6 Computational Realizations of the Characteristic System D, 

[n Sec. 10.4 we gave several mathematical representations of the homo-

morphic transformation D,, which we have called the characteristic system 
for convolution, and whose purpose is to transform a convolutional com-

bination into an additive combination so that linear filtering can be applied. 

[mplicit in all these representations was the assumption of uniqueness and 
continuity of the complex logarithm, and in two of the representations the 
Fourier transform was a basic component of the representation. If these 
mathematical representations are to serve as the basis for computational 
realizations of the system D, , then we must deal with the problems of com-

puting the Fourier transform and the complex logarithm. 

10.6.1 Realization Using the Complex Logarithm 

The system D, is represented by the equations 
0 

X(@®) = 3 x(n)e ’*" (10.57a) 
n=—0co 

£(&amp;'°) = log [X(e'®)] (10.57b) 

2 1 T joy jon

x(n) =I~ [se )e’" dw (10.57c) 

Since digital computers perform finite computations, we are limited to finite-

length input sequences, and we can compute the Fourier transform at only 
a finite number of points. That is, instead of using the Fourier transform, 
we must use the discrete Fourier transform. Thus, instead of Eqs. (10.57), 
we have the computational realization 

X(k) = X(¢TR pv (n/NYen (10.58a) 

£(k) = log [X(e')|wmtzasme = log [X(K)] (10.58b) 

£p(1) — 15 (rei (10.58¢)
Nip 



   

            

           

     

            

            

             

          

              

           

         

           

           

           

        

   

          

          

          

    

   

  

         
 

               

              

            

              

               

              

            

            

           

            

            

          

           

           

           

           

    

             
            

       

             
             

              
           
               

            
          

           
            

            
         

    

           
           

           
     

 

    
 

   

          
  

                
               

             
               

                
               

             
            

            

             
             

           
            

            
            

            

508 Homomorphic Signal Processing 

By the sampling theorem for the z-transform that we derived in Chapter 3 
it is clear that %,(n) is related to the desired £(n) by 

£p(n) = S X(n + kN) (10.59) 

Since the complex cepstrum in general has infinite duration, X,(n) will be a 
time-aliased version of £(n); however, we noted in property P1 that in general 
%(n) decays faster than an exponential sequence, so that it is to be expected 
that the approximation would become increasingly better as N gets larger. 
Thus it may be necessary to append zeros to an input sequence so that the 
complex logarithm is sampled at a high-enough rate that severe time aliasing 
does not occur in the computation of the complex cepstrum. 

In writing Eqs. (10.58) and (10.59), we have assumed that X(k) repre-

sents a sampled version of the continuous complex logarithm. Thus we must 
consider means for computing samples of arg [X(e’?)] from the DFT, X(k). 
A simple algorithm is based on the computation of 

—a&lt; ARG [Xl &lt;= 

which is achieved using standard inverse tangent routines available on most 
computers. This sampled principal value of the phase is then “unwrapped” 
to obtain samples of the continuous phase curve. Consider a finite-length 
input whose Fourier transform is 

M 

X(e'®) = 3 x(n)e’" 
n=0 

ms m, (10.60) 

= aco TT (1 — ae) TT (1 — bye™) 
ke=1 k=1 

where |a,| and |b,| are less than unity and M = m, + m;. A continuous 
phase curve for a sequence of this form is shown in Fig. 10.16(a). The heavy 
dots indicate samples of X(e’®) at w = (2m/N)k as required for computation 
of %£,(n). (N is assumed to be even.) In Fig. 10.16(b) is shown the principal 
value and its samples as computed from the DFT of the input. It can be seen 
that in order to obtain the samples of the desired phase, we must add an 

appropriate integer multiple of 27 to the samples of the principal value. The 
appropriate multiple of 2x can be determined from ARG [X(k)] if the samples 
are close enough together so that the discontinuities can be detected. If 

arg [X(e/»)]is rapidly varying, we would expect £(n) to decay less rapidly than 
if it were slowly varying. Likewise, if arg [X(e’)] is rapidly varying, it 
requires finer sampling to ensure detection of the discontinuities of ARG 
[X(e’®)]. Thus the desire to minimize aliasing is consistent with the successful 
computation of samples of the continuous phase curve. The larger the value 
of N, the better the computational approximation. This is generally not a 
severe limitation because of the existence of FFT algorithms. In fact, the 
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arg!X(k)]

 — 

N/2 k 

0] 

ARG X(k)] 

\ C J N72 k 

COR (k) 

h 

N/2 k 

a 

-4 

Fig. 10.16 (a) Samples ofarg [X(e/®)]; (b) principal value of (a); (c) correction 
sequence for obtaining arg from ARG. 

disclosure of the Cooley-Tukey algorithm was instrumental in stimulating 
applications of homomorphic systems for convolution. 

A final comment about the computation of the continuous complex 
logarithm concerns the sign of 4 and the linear-phase component due to the 
factor =’, The sign of 4 can be easily determined since it is identical to 
the sign of X(k) at k = 0. The value of m, can be determined from the result 

of adding the correction to ARG [X(k)] since it is easily shown from Eq. (10.60)
that 

arg [X(e')] = —m,7 

This linear-phase component is subtracted from the phase, and the sign of 4 
is effectively made positive before computing the complex cepstrum. 

10.6.2 Realization Using the Logarithmic Derivative 

As an alternative to the actual computation of the complex logarithm, 
a mathematical representation based on the logarithmic derivative can be 



   

         

   

    

   

    

  

    
 

           

   

     
 

       
 

  

         

  

 

     

             

         

            

        

  

        

          

               

         

          

   

  

    
  

        

 
  

    

          

     

 

      

   

      

 

     
  

           
    

     
  

 

        
  

  
          

   

  

       

              
          

             
         

  

         

           
                
          
           

    
  

  
   

         

 
   

510 Homomorphic Signal Processing 

derived. In terms of the Fourier transform this representation is 

X(e’®) = S x(n)e~?on (10.61) 

0 

(7) = —j Y nx(me’o" (10.62) 

—1 T X'(e’®) .

tn)—==[XEonrm XE © 1 "F 0 (10.63) 

~ 1 5

£0) = — | log|X(e'®)|dew (10.64)
27 J—z 

For finite-length sequences and using the DFT instead of the Fourier trans-

form, these equations become 

N-1

X(k) a &gt; x(n)e?@r/N)kn — (eo)
n—=0 w=2rk/N 

N-1 

X'(k) —_ —j &gt; nx(n)e ?n/Nkn _ X'(e'®), (10.66)
n=9 lo=s2ate/N 

N-1 X'(k }

fan) = — —— &gt; XW) pammmen 4 fy oy 
jnN r=0 X(k) 

1 N-1 

£4p(0) = pS log | X(k)| (10.68) 

where the subscript d refers to the use of the logarithmic derivative and the 
subscript p anticipates the inherent periodicity of the DFT calculations. 
[n this case we avoid the problems of computing the complex logarithm, at 
the cost. however, of more severe aliasing since now 

. 1 3 

p(n) = -2 (n + kN)x(n + kN) (10.69) 

Thus, assuming that the sampled phase curve is accurately computed, we 
would expect that for a given value of N, X,(n) in Eq. (10.58¢c) would be a 
better approximation to £(n) than would £,,(n) in Eq. (10.67). 

For finite-length sequences with Fourier transform as in Eq. (10.60), it 
can be shown that 

_ 1 iw 

m= = | XC) 10
2mj —7 X(&amp;?) 

Approximating this expression using the inverse DFT, we obtain 

a X'(k)
nn iN 2 Xk) 



     

              

             

 

  

         

            

     

     

    

  

      
 

          

     

            

      

   

              

            

           

        

  

  
 

         

          

          

              

           

    

 

    

           

        

      

               
              

  

   

         
            

      
 

     

      
  

       
  

           

      
 

             
 

       
    

               
             
           
         

   
     

  
          

           
           

               
            

     

     

            
         

10.7 Applications of Homomorphic Deconvolution 511 

The quantity m,, will, in general, not be an integer; however, for large NV, we 
would expect m,, to approach m,, the number of zeros of X(z) outside the 
nnit circle. 

10.6.3 Minimum-Phase Realizations 

In the special case of minimum-phase inputs, the mathematical repre-

sentation is simplified as in Fig. 10.15. In this case the computational realiza-

tion is given by the equations 
N-1 

X(k) = &gt; x(n)e=IBr/N)kn (10.70a) 

Xr(k) = log | X(k)| (10.70b) 
1 N-1 }

p(n) ek &gt; X p(k)e’ 2 /N)kn (10.70c¢)
N r=o0 

[n this case it is the cepstrum that is aliased; i.e., 

cp(n) = &gt; c¢(n + kN) 
k=—on 

To compute the complex cepstrum from c,(r) in analogy with Fig. 10.15, we 
write 

Ren(n) = \2¢,(n), 1 &lt;n&lt;NJ2fat n=0, NJ2 
0. N/2 &lt;n &lt;N 

Clearly %,,(n) 7 %,(n) since it is the even part of x(n) that is aliased rather 
than X£(n) itself. Nevertheless, for large N, X,,(n) can be expected to differ 
only slightly from X(n). Similarly, if x(n) is maximum phase, an approxima-

tion to the complex cepstrum would be obtained from 

0, 1 &lt;n&lt;Nj2 
2.0(n) — cn), n=20, NJ2 

2¢,(n), N2&lt;n&lt;N-—1 
In the case of minimum-phase or maximum-phase sequences, we also 

have the recursion formulas of Eq. (10.49) through (10.56) as possible 
realizations of the characteristic system and its inverse. These equations can 
be quite useful when the input sequence is very short or when only a few 
samples of the complex cepstrum are desired. With these formulas, there is. 
of course, no aliasing error. 

10.7 Applications of Homomorphic Deconvolution 

The theoretical concepts discussed in Secs. 10.4-10.6 have been applied in a 
number of signal processing problems. These applications are conveniently 



   

          

          

     

    

            

            

     

           

                

            

            

            

           

            

           

           

        

           

           

            

          

          

        

    

            

            

            

         

    
 

 
 

     

    

           
           

      

     

             
            

      
            

                 
             

            

            
            

             
            

            
         

            
            
             

           
           

         
     

             

             
             

          

      
  

 

  
  

  

   
 

 

 
      

512 Homomorphic Signal Processing 

grouped into two classifications: (1) estimation of speech parameters, and (2) 
dereverberation, broadly defined as the deconvolution of two or more signals 
when one is an impulse train. 

10.7.1 Estimation of Speech Parameters 

Let us begin by considering a model of speech production. Then we shall 
show how the theoretical results of previous sections can be utilized in estima-

tion of the parameters of this model. 
Speech is produced by excitation of an acoustic tube, called the vocal 

tract, which is terminated on one end by the lips and on the other end by the 
glottis [10]. Insofar as it remains in a fixed configuration, the vocal tract 
can be modeled as a linear time-invariant system whose output is the con-

volution of the impulse response of the vocal tract with the excitation wave-

form. Speech is generated in three basic ways. Voiced sounds are produced 
by exciting the vocal tract with quasi-periodic pulses of air flow caused by 
vibration of the vocal cords. Fricative sounds are produced by forming a 
constriction in the tract and forcing air through the constriction so that 
turbulence is created, thereby producing a noise-like excitation. Plosive 
sounds are produced by completely closing off the vocal tract, building up 
pressure, and abruptly releasing it. All these sources act as a wide-band 
excitation to the vocal tract, which can be modeled as a slowly time-varying 

filter that imposes its frequency transmission properties upon the spectrum of 
the excitation. The vocal tract is characterized by its natural frequencies 
(called formants) which correspond to resonances in the sound-transmission 
characteristics of the vocal tract. 

If we assume that the excitation sources and the vocal tract shape are 

relatively independent, a reasonable model is as shown in Fig. 10.17. In this 
discrete-time model, samples of the speech wave are assumed to be the output 
of a time-varying digital filter that approximates the transmission properties 

| Pitch period Digital filter coefficients 
{vocal-tract parameters) 

impulse
train 

a(n)
generator DP 

Time-varying 
= s(n)

digital filter 
Speech
samples

Random Aen) 
Amplitude 

number 
generator 

lle 
Fig. 10.17 Model of speech production. 



     

             

            

             

            

             

         

          

    

     

            

  

      

            

            

  

              

          

        

            

   

     

   

      

              

           

       

         

              

            

    

       

            

              

  
  

      

             
             

              

             
              

          
           

 

    
    

 

             
   

       

            
             

   

               
           

         
             

    

     

    

   
 

               
            

        
          

               
             

     

        

             
               

   
   

10.7 Applications of Homomorphic Deconvolution 513 

of the vocal tract. Since the vocal tract changes shape rather slowly in con-

tinuous speech, it is reasonable to assume that this digital filter has fixed 
characteristics over a time interval on the order of 10 ms. Thus the digital 

filter may be characterized in each such time interval by an impulse response 
or a frequency response or a set of coefficients for an infinite duration impulse 

response filter. Specifically, for voiced sounds (except nasals), the transfer 
function of the digital filter consists of a vocal tract component 

A 

V(z) —- - al &lt;1 (10.71) 
[TA — cz — cz ™) 
r—1 

where the c¢,’s correspond to the natural freauencies of the vocal tract, and 
an additional component 

G(z) =BTi(1 — axz™Ti(1 — bz) (10.72) 

that accounts for the fact that the finite-duration glottal pulses are not im-

pulses. Thus in Fig. 10.17 the system function of the digital filter is 

H(z) = G(2)V(2) 

This filter is excited by a train of impulses p(n), in which the spacing between 
impulses corresponds to the fundamental (or pitch) period of the voice. 

For unvoiced speech the theory of acoustic-wave propagation indicates 
that the vocal-tract transmission has zeros as well as poles. In this instance 
a reasonable model is 

ATTA — az HA — az) 

H.() = —A=— — 

TT — ez H(A — cz™) 
Ir=1 

where |c,| &lt; 1. In this case the system is excited by a random-noise sequence, 
r(n). In both voiced and unvoiced cases, an amplitude control regulates the 
intensity of the input to the digital filter. 

Homomorphic deconvolution can be applied to the estimation of the 
parameters of the speech model if we assume that the model is valid over a 
short time interval [11]. Thus a short segment of voiced speech can be 
thought of as a convolution 

s(n) = p(n) * g(n) = v(n), 0&lt;n&lt;L-—] 

In order to minimize the effect of ‘‘discontinuities™ at the beginning and end 
of the interval, a data window w(n) multiplies s(n) so that the input to the 
homomorphic system is 

x(n) = s(nw(n) 



   

               

      

    

           

             

          

    

 

     

             

  

  
  

 

      

  
  

   

           

   

   

     

           

            

               

            

              

       

           

 

              

    

                

        
 

     

            
              

           

 

     
  

 

      

              
   

   
  

  

       

     

    

            
   

 

      

            
             
              

             
               

        
            

  

               

514 Homomorphic Signal Processing 

[f w(n) varies slowly with respect to the term g(r) * v(n), then we can write 

c(n) =~ p(n) * [g(n) * v(n)] (10.74a) 
whero 

pwn) = w(n) - p(n) (10.74b) 

Let us examine the contributions to the complex cepstrum of each component 
in Eq. (10.74a). It is reasonable to assume that over the short time interval 

of the window, p(n) is a train of equally spaced impulses 

M-1 

p(n) =2 d(n — kn) 
50 that 

M-1 

pun) = 2 w(kng)d(n — kno 

where we have assumed that M impulses are spanned by the window. If we 
define a sequence 

w(kny) k=0,1,.... M—1 
vy (k) = 

0 otherwise 

then the Fourier transform of p(n) is 

P.(¢') _ M-1
2 w(kng)e @kmo (10.75) 

— Ww, ( e!on0) 

Thus P,(e’®) and also P,(e’) are periodic with period 27/n,. The complex 
cepstrum ofp(n) is 

5m — wm |

pun) = (2) n=_0, tng +2n,,.. 

Thus the periodicity of the complex logarithm manifests itself in the complex 
cepstrum in terms of impulses spaced at intervals of n, samples. If the 
sequence w,(n) is minimum phase, then p(n) will be zero for n &lt; 0. Other-

wise, p(n) will have impulses spaced at intervals of n, samples for both 
positive and negative n. In any case the contribution of p(n) to x(n) is to 
be found in the region |n| &gt; n,. 

The complex cepstrum of v(r) can be obtained from the complex logarithm 
of V{(2): 

7(z) = log [4] — 2 {log [1 — cz“) + log [1 — c¥z7'}} (10.76) 



     

       

 
 

  

     

 
 

   
 

             

         

         

    

          

  

  
 

          

             

           

             

            

            

          

            

          

       

           

            

            

                

    

            

         

              

              

                   

                

    

      

        

  

 
   

 

   
      

 
  

 

  
  

 

   

              
          

          

      

           

  
   

  

          
              

            
              

 
             

           
             
           

        
            

             
             

                 
     

            
          

              
               

                    
                 
     

10.7 Applications of Homomorphic Deconvolution 515 

From this expression it is easily seen that 

0 0 

1) 
log [4] n—=20 

(10.77) 

Ser + n&gt;0 
or if ¢, = |c;| 7 

D n 
Cr

B(n) = lal”£2cos¢n 
=1 pn 

. 

n. \V (10.78) 

The glottal pulse, g(n), is of finite duration and is generally assumed to be 
nonminimum phase. Therefore, g(n) can be represented as the convolution 
of a minimum-phase sequence with a maximum-phase sequence as in 

g(n) = Zmin(1) * Emax(1) (10.79) 

The contribution to the complex cepstrum X(n) due to g(n) is 

. Zmin(n) 0&lt;n

3(n) = i (10.80)
Smax(n) n&lt;O0 

where, from our previous discussion, we expect that the primary contri-

bution of g(r) to X(n) would be in the region around n = 0. 

[n general, the components of the complex cepstrum, #(n) and g(r), decay 
rather rapidly, so that for reasonably large values of n,, vocal tract and glottal 
pulse contributions do not overlap p,(n).t In other words, in the complex loga-

rithm the vocal tract and glottal components are slowly varying and the pitch 
components are rapidly varying. This is illustrated by Fig. 10.18. Figure 
10.18(a) shows a segment of speech weighted by a Hamming window, and Fig. 
10.18(b) shows the complexlogarithm of the discrete Fourier transform of Fig. 
10.18(a).1 Note the rapidly varying—almost periodic—component due to 
p,(n), and the slowly varying components due to »(n) and g(n). These 
properties are manifest in the complex cepstrum of Fig. 10.18(c) in the form 
of impulses at multiples of approximately 8 ms (the period of the input 
speech) due to p(n) and in the samples in the region |nT| &lt; 5 ms, which we 
attribute to #(n) and g(n). 

If we wish to separate the components of the speech waveform, the pre-

vious discussion suggests that we should lowpass-filter the complex logarithm 
to obtain v(n) * g(n) and highpass filter to obtainp(n). An example is shown 
in Fig. 10.19. In Fig. 10.19(a) is shown a segment of a vowel sound. After 

{ For speech sampled at 10 kHz, a typical range for the pitch period is 40 &lt; n, &lt; 150. 
I In all the figures in this section, the samples of all sequences are connected by straight 

lines for ease in plotting. 
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Fig. 10.18(a) Segment of speech weighted by a Hamming window; (b)
complex logarithm of the transform of (a); (c) complex cepstrum
of (a). 
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Complex cepstrum 

{c) 

4 

9 

™ 

) q 

COTY,|Y. 

7) A 

O08 

2 

6 

Time (ms) 

Fig. 10.18(c) 

weighting by a Hamming window, the complex cepstrum appears as in Fig. 
10.19¢(b). When the complex cepstrum is multiplied by a sequence 

0 In| &lt;40 
I(n) = 

1 |n| &gt; 4C 

and the result is processed by the inverse characteristic system Dy', the 
resulting output is as shown in Fig. 10.19(c).{ On the other hand, to recover 
the pulse v(n) * g(n), we multiply the complex cepstrum by 

1 |n| &lt; 40 
[(n) = 

0 ln] &gt; 40 

* The sampling rate is 10 kHz so that 40 samples corresponds to 4 ms. 
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(a) | 

JM, 

ht 

brn 

Ap
(d) 

(e) 
J. 

0 
- Time (ms) 

Fig. 10.19 (a) Portion ofavowel;(b) complex cepstrum of (a); (c) recovered 
train of weighted pitch pulses; (d) recovered vocal-tract impulse
response; (e) resynthesized speech, using impulse-response func-
tion of (d) and pitch as measured from (b). 

In this case the output of D3! is shown in Fig. 10.19(d). Figure 10.19(e) shows 
the result of convolving the waveform of Fig. 10.19(d) with an impulse train 
of equal amplitude unit samples occurring at the locations of the peak in 
Fig. 10.19(c). 

The previous discussion has shown that homomorphic deconvolution 
can be successfully applied in separating the components of a speech wave-

form. However, in many applications of speech analysis we are only con-

cerned with estimating the parameters of the speech involved rather than 
recovering the actual component waveforms. For example. it may be suffi-

cient to decide whether a particular speech segment is voiced or unvoiced 
and if voiced. estimate the pitch period or spectral envelope 

log |V(e’)G(e’®)] 

and, if unvoiced, estimate the spectrum 

og | H (e7®)] 



     

            

             

    

            

          

           

             

          

          

            

             

            

          

             

           

             

           

            

       

              

          

           

          

 
           

          

           

          

            

            

          

            

             

          

           

           

            

 

 

             

            

      

             
              

 

     

             
          

            
             

           
           

             
              

             
           

              
            

              
            
             

        
               

           
            
           

 
            

           
            

           
             

            
           

             
              

           
            

            
             

  

  

              
             

10.7 Applications of Homomorphic Deconvolution 519 

in such cases we can use the cepstrum rather than the complex cepstrum. 
Recall that the cepstrum is the inverse Fourier transform of log | X(e’#)|, and 
therefore 

c(n) = 3[x(n) + H(—n)] 

Thus we would expect the low-time portion of c¢(n) to correspond to the 
slowly varying components in log |X(e’®)| that are determined by vocal-

tract configuration, and in the case of voiced speech, the even component 
ofp(n) should contain impulses at the same places as p(n). This is depicted 
in Fig. 10.20. Figure 10.20(a) shows the computations involved in estimating 
the speech parameters. Figure 10.20(b) shows a typical result for voiced 
speech. The windowed speech signal is labeled 4, log |X(k)| is labeled C, 
and the cepstrum c(n) is labeled D. The peak in the cepstrum at about 
8 ms indicates the pitch period for this segment of speech. The spectrum 
envelope, obtained by multiplying c(n) by a “cepstrum window” which only 
passes the low-time part (|r| &lt;&lt; 40) and then computing the DFT, is labeled 
E and is superimposed on log |X(k)|. The situation for unvoiced speech, 
shown in Fig. 10.20(c), is much the same, with the exception that the random 
nature of the excitation component of the input speech segment causes a 
rapidly varying random component in log | X(k)|. Thus in the cepstrum the 
low-time components correspond to the vocal-tract transfer function; 
however, since the rapid variations in log | X(k)| are not periodic, there is no 
strong peak as for the voiced speech segment. Therefore, the cepstrum 
serves as an excellent method for determining whether a speech segment is 
voiced or unvoiced and for estimating the fundamental period of voiced 

speech [12].
The methods depicted in Fig. 10.20 have been used in speech analysis 

and synthesis systems. In one approach, an impulse response sequence is 
computed directly from the low-time part of the cepstrum [13]. Pitch period 
and a voiced/unvoiced decision is also estimated from the cepstrum. Speech 
is synthesized from this information by realizing the system of Fig. 10.17 in 
the form of an explicit convolution of the impulse response with an appro-

priate excitation sequence. In another approach, the poles and zeros of 
Eqs. (10.71) and (10.73) are estimated from the cepstrum [14]. In this case, 
speech is synthesized by realizing the linear system of Fig. 10.17 as a cascade 
of time-varying second-order digital resonators. In both cases, it is implicitly 
assumed that the combined vocal tract and glottal pulse response is minimum 
phase. The fact that this only preserves the short-time magnitude spectrum is 
not a significant limitation since the ear is known to be relatively insensitive 
to phase. 

10.7.2 Dereverberation 

[n the previous section we saw that voiced speech can be represented on a 
short-time basis as the convolution of a pulse with a periodic impulse train. 
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10.7 Applications of Homomorphic Deconvolution 521 

The physical world is replete with signals that can be represented by very 
similar models. For example, in many areas of physical measurement and 
communication, signals are transmitted or recorded in what may broadly 
be termed a reverberant environment. 

In such cases a signal can be represented as the sum of a number of over-

lapping delayed replicas, or echoes, of some basic waveform. Examples 
include audio recording, conference telephony, radar and sonar detection, 
seismic measurements, and electrophysiology. In cases where the reverbera-

tion is viewed as distortion, we may wish to recover the basic waveform. In 
other cases, the pattern of echoes may be desired as a characterization of a 

physical structure or process. In the remainder of this section we shall discuss 
some examples of applications of homomorphic deconvolution to signals 
of the above nature. 

Let us begin by considering a sequence that is a sum of delayed and scaled 
replicas of a sequence s(n); i.e., 

M 

x(n) = s(n) + ws(n — n, 
= 

where 0 &lt; n; &lt; ny ~~... &lt; ny. Such a signal can be represented as the 

convolution 
x(n) = s(n) * p(n) (10.822) 

where 
M 

p(n) = d(n) +2 o%0(n — my) (10.82b) 

As a simple example to illustrate the use of a homomorphic system for this 
class of signals, consider the case of a single echo, i.e., 

p(n) = 6(n) + a;6(n — ny) (10.83) 

The Fourier transform of x(n) is 

X(e’®) = S(e™)(1 + a e0™) (10.84) 

Therefore, the contribution to the complex logarithm due to the impulse 
train is 

B(e'®) = log (1 + aye) (10.85) 

In this simple case, P(e’) is periodic with period 2m/n,, and we would there-

fore expect p(n) to be nonzero only at integer multiples of n;. If |a,| &lt; 1, it 
is easily shown that 

00 k 

p(n) = 3(=F? = o(n — kn,) (10.86) 

Thus if S(e’) is slowly varying relative to the variations of P(e’), it is 
reasonable to separate these two components with a linear frequency-invariant 



   

            

          

   

       

  

    

               

               

            

             

           

            

                 

                

      

    

           

              

            

             

          

         

          

            

            

        

           

           

          

          

               

            

              

          
            

            

    

            
           

    
 

         

 
  

     
 

                
                

             
             
           

             
                  

                 

       

 

      

            
               

             
              

           
          

           
             
             

         
           
            

           
           

                
             

               
         

             
             

522 Homomorphic Signal Processing 

filter. For example, we could usea filter that passes only the long-time com-

ponents of the complex cepstrum if we wish to recover p(n). 
In the general case, 

M 

n(n) = é(n) + 2, a4d(n — ny) (10.87) 

ind 
. M . 

P(e’) =1 + Daye Om (10.88)
To=—1 

If the echoes are equally spaced, i.e., n, = kn,, then we saw in Sec. 10.7.1 
that the complex cepstrum will have the same form as in the case of a single 
echo. However, in general, we cannot expect the echoes to be equally spaced. 
In general, the complex cepstrum ofp(n) will consist of impulses at times that 
are complicated functions of the original delays, the low-time region ofp(n). 
However, in the special case when p(n) is minimum phase, we know that 
p(n) = 0 for n &lt; 0. Furthermore, it can be shown [8] that p(n) = 0 for 

n &lt; n,, where n, is the shortest delay, and for n &gt; n, the complex cepstrum 

will consist of impulses occurring at times 

M 

n, = 2 Im, 1=0,1,2,. (10.89) 

with amplitudes that decrease with increasing n. In view of our discussion 
in Sec. 10.5.3, it is clear that a nonminimum phase impulse train can be made 
minimum phase by exponential weighting. That is, if # is small enough we 
can ensure that the sequence f"p(rn) is minimum phase. In many cases it is 
advantageous to use exponential weighting since it produces a degree of 
separation between the complex cepstrum components due to S"s(n) and 
Brp(n).

With these facts concerning the complex cepstrum of an impulse train 
in mind, let us consider some examples of the use of homomorphic filtering 
to separate the components of a convolution of the form of Eq. (10.82). 

Echoes in Speech Signals. In many communication channels, speech 
signals may be distorted by echoes or reverberation. Because of the con-

tinuing nature of speech signals, the waveform must be processed in pieces 
of manageable size, with the resulting output segments fitted back together 
to form the composite output sequence. Figure 10.18(c) shows the complex 
cepstrum of a segment of a speech waveform. If s(n) in Eq. (10.82) is a speech 
signal, the complex cepstrum of a segment of x(n) will contain impulses due 
to p(n) if the window duration is greater than ny, the longest delay. If the 
shortest delay, n,, is greater than the longestpitch period (approximately
15 ms), the contribution due to p(n) will not significantly overlap the complex 
cepstrum of the speech signal. An example is shown in Fig. 10.21(a). In 



     

 

             
         

             

  
       

             

             

             

            

 

 

  

 

     

  

 

  

           
           

       
           

    

 

      

 

  

 

              
          

             
   

       

              

             
             
             

 
 

 

    

    

 
  

  

 

           
            

       
           

     

10.7 Applications of Homomorphic Deconvolution 523 

1 

Pana.~~ 

50 50 ms 

D2(n) 

Fig. 10.21 (a) Complex cepstrum of a segment of a speech signal with a 
50-ms echo; (b) filter characteristic used for removing the echo. 

this case, speech sampled at 10 kHz was delayed and added to itself, pro-

ducing a signal 
x(n) = s(n) + as(n — ny) (10.90) 

In order to recover s(n) from x(n), we must remove the contributions to the 

complex cepstrum due to the echo. This can be done using a frequency in-

variant filter of the form shown in Fig. 10.21(b). The success of this pro-

cessing is shown in Fig. 10.22, where Fig. 10.22(a) shows s(n), Fig. 10.22(b) 

la) 
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Fig. 10.22 Example of homomorphic echo removal: (a) 410 ms of speech
sampled at 10 kHz with the four traces from top to bottom 
representing contiguous segments of 102.5 ms; (b) speech
sample of (a) with a 50-ms echo; (c) speech sample of (b)
orocessed to remove the echo. 



   

             

             

           

            

  

          

            

         

            

    

      

          

            

         

           

           

         

           

            

            

          

          

          

         

             

            

        

      

    

         

            

           

         

            

           

    

              
             

            
             

   

           
             

          
             

      

       

           
             

          
            

            
          

            
             

             
           

          
           

          
              

            
         

       

     

          
             
           

          
             

            

524 Homomorphic Signal Processing 

shows x(n), and Fig. 10.22(c) shows the output of the system D3! for the 
“comb” filter of Fig. 10.21(b). In this case the speech was processed in seg-

ments 2048 samples in length, and the resulting outputs were combined to 
form the total outputs. The details of the process of combination are described 
in Ref. [8]. 

Seismic Signals. Equation (10.82) serves also as a useful modelfor seismic 
signals. In this case an explosion creates a pulse of seismic energy that 
propagates through the earth, being reflected at the boundaries between 
various layers of the earth’s crust. Figure 10.23 shows a model for seismic 

x(n} = s(n) x p(n)stn) n(n) 

Fig. 10.23 Simple model for seismic waveforms. 

waveforms. p(n) is an impulse train that contains information about the 
structure of the earth’s crust; the seismic wavelet s(n) depends on the nature 
of the excitation disturbance and the dispersion encountered in propagation. 

Since, in general, the seismic wavelets overlap in time and disguise the 
structure of p(n), it is necessary to separate the two components. Ulrych 
[15] has shown that homomorphic deconvolution can be successfully applied 
to this problem. Figure 10.24 shows a synthetic example. The signals p(n), 
s(n), and x(n) are shown in Fig. 10.24(a), (b), and (c), respectively. The 
complex cepstrum £(n) is shown in Fig. 10.24(d); Fig. 10.24(e) and (f) show 
the result of using frequency-invariant filters that retain the high-time and 
low-time parts of £(n), respectively. Comparison of Fig. 10.24(a) and (e)

with Fig. 10.24(c) and (f) indicate considerable success in this example. 
Figure 10.25(a) shows an actual seismic waveform. The complex cepstrum 
is shown in Fig. 10.25(b), and the result of low-time filtering is shown in 
Fig. 10.25(c). This estimate of the seismic wavelet could be useful in esti-

mating attenuation and dispersion properties of the transmission path. 
Exponential weighting was used in both examples. 

10.7.3 Restoration of Acoustic Recordings 

A well-known technique for reducing noise involves averaging over a 
large number of signals wherein the desired waveform is the same but the 
noise is different. This technique has been applied in estimating the dis-

tortion in recordings made by acoustic methods (specifically recordings of 
Enrico Caruso) [16]. A simplified model for such recordings is shown in Fig. 
10.26, where s(n) represents the singer’s voice and a(n) represents the impulse 
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Fig. 10.24 Synthetic example of homomorphic deconvolution of seismic 
signals: (a) theoretical impulse response of crust near Leduc, 
Alberta (after O. Jensen); (b) assumed seismic wavelet;
(c) synthetic seismogram; (d) complex cepstrum of the trace of 
(c) exponentially weighted with a = 0.985; (e) highpass output;

{f) lowpass output. (After Ulrych [15].) 

response of the recording system, including the recording horn and me-

chanical apparatus for cutting the recording. Besides the surface scratch, the 
most notable distortion is due to the resonances of the recording horn. 

In order to estimate the impulse response h(n) so that its effect may be 
compensated by inverse filtering, the waveform was segmented into sections, 

X,(n) = x(n + m), 0&lt;n&lt;N-—-1 

Although it is clearly an approximation, it is assumed that 

x. (n) ~~ s,(n) x h(n) 
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Fig. 10.25 Example of homomorphic deconvolution of an actual teleseismic 
event: (a) teleseismic event recorded in 1968 at Leduc, Alberta, 
and originating in Venezuela; (b) complex cepstrumof (a) after 
axponential weighting witha = 0.985, (c) estimate of the seismic 
~vavelet obtained by the low-time filtering (b). (After Ulrych [15].) 

hin) 

s(n) x(n) = s(n)%h(n) 

Fig. 10.26 Simplified model for acoustical recording distorted by the 
impulse response of the recording system. 
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so that 

X(€°) ~ S,(e*)H(e’)
and 

log |X,u(e’)| ~ log |S,(e’”)] + log [H(e™)] 

Averaging over M sections results in 

1 M1 . 1 M—-1 . } 

= 3 log |X,(e’)| = — 2X log|S,(e’)| + log |H(e’®)]
M m=0 M m=o 

he term 
1 M-1 . . 

= 2 log|S,(e'”)| ~ log [S(e™)|
M m=o 

is an estimate of the long-time log-power spectrum of speech or singing, and 
a good approximation to it can be estimated from modern recordings where 
distortion is minimized. An estimate H,(e’*) of the frequency response of the 
horn is then obtained from 

1 M1 — 

log |H(e’*)] = Il 2. log [X,,(e'*)| — log |S(e’)
m=0 

An inverse filter for compensating the effect of 4(n) is obtained from 

(1 ’ lo] &lt; ow, 

HT) = lo”
0. ow, &lt;|lo| &lt;= 

where the frequency response drops linearly between w, and w,. A zero-

phase impulse response is obtained by inverse Fourier transformation of 
Eq. (10.91), and the resulting hk, (n) is convolved with x(n) by a fast con-

volution algorithm [15].
In spite of the great number of approximations involved, the above 

technique has produced a striking improvement in the subjective quality 
of the recordings of Caruso. Similar improvements might be expected in 
processing speech or music recorded in a reverberant environment. as, for 
2xampole. in conference telephony. 

Summa ~p 

[n this chapter we have discussed a class of nonlinear signal processing 
techniques and their application in a number of fields, including image 
enhancement, speech analysis, and seismic exploration. The presentation of 
this class of techniques provided an opportunity to present a number of 
applications of results which have been discussed throughout this book 

We first considered the general class of homomorphic systems and then 
focused on the two subclasses for which a variety of applications have been 



   

          

            

           

         

            

          

            

          

         

           

         

           

        
 

         
     

            

           

   
          

           
  

           
         

  
             

         

          
        

   

         

         
          

 

              

      

         

            

           

   
           

           

            

   

          

           

    

           
             

            
          

             

           
             

          
          

            
          

 

            
        
  

          
      

             
            

    
          

           
   

           
          
   

              
          

          
         

    
          

         
           

  
               

      
          
             

           
    

           
            

             
    

          
            

528 Homomorphic Signal Processing 

found. The first was the class of multiplicative homomorphic systems. A 
number of the details specific to this class were presented, followed by the 
details of the application to image processing. We then considered the class 
of homomorphic systems for convolution. A number of important theoretical 
considerations for this class of systems were based on the fact that the 

characteristic system for this class required the interpretation of the complex 
logarithm. Thus we considered in detail the properties of the output of the 
characteristic system, i.e., the complex cepstrum, and a number of computa-

tional realizations of the characteristic system. The application of these 
ideas to speech processing, removal of echoes in speech signals, analysis of 
seismic signals, and restoration of acoustic recordings was discussed briefly 
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PROBLEMS 

1. Each of the following system transformations is homomorphic, with the input

operation indicated. Determine the output operation. 

System Transformation T[x(n)] Input Operation 
y(n) = Tlx(n)] = 2x(n) Addition 

y(n) = Tx(n)] = 2x(n) Multiplication 
[oo] 

X2)=Tlx(m] = &gt; x(mz™"
N=—00 

© 

X22) = T[x(n)] = &gt; x(n)z—™ 

= 
X(z) = Tlx(n)] = &gt; x(n)z™"

N=—o00 

y(n) = Tlx(m)] = x*(n) 

ym = Tx(m] = |x(n)] 

y(n) = e%(n) 

y(n) = eo 

Two homomorphic systems, H, and H,, are cascaded. H; is homomorphic,

with multiplication as the input operation and convolution as the output

operation. H, is homomorphic, with convolution as the input operation and 
addition as the output operation. Show that the overall system is homo-

morphic, with multiplication as the input operation and addition as the output

operation.
3 Consider the class of homomorphic systems with multiplication as the input

and output operations. Show that if the input x(n) is unity for all n, then the 
output y(n) is unity for all n. 

4. Determine which of the following systems cannot be homomorphic, with multi-

plication as the input and output operations:
(@) y(n) = 3x(n). 
(b) y(n) = x*(n). 
©) ym = [1/x(M]x(n) — x(n — 1] 

(@) y(n) = [x(n 
(e) y(n) = x(n)[x(n — 1). 

S. Consider the class of homomorphic systems with convolution as the input 
and output operations. Show that if the input x(n) = d(n), then the output 
y(n) = o(n). 

6. %(n) is the complex cepstrum of x(n). The first column lists properties to be 
considered for x(n). The second column lists properties to be considered for 



   

          

             
         

      

       

      

   
 

    

    

             
            

              

     

 
 

       

        

         

          

              

      

         

           

        
   

          
              

            

          

     

           
     

 

    
  

      

      
 

                

      

              

      
 

    

           
              
          

       

        

       

   
 

    

    

             
             

               

      
 

  

        

 
         

          
           

               
       

          
           

        
    

          
               

             
          

      
            

     
  

     
   

      

     
  

                 
       

               

      
  

i130 Homomorphic Signal Processing 

x(n). For each property in the first column determine the corresponding 
property in the second column. In all cases assume that x(n) is real. Any 
property in the second column can only be used once. 

(1) X(n) real (@) x(n) = —x(—n) 

@) xm) = —%(—n) (b) x(n) = x(—n) 

(3) Xn) =0,n &lt;0 (c) x(n) real 

(d) x(n) =0,n &lt;0
«© 

(e) &gt; x2(n) =1 

03 xml = 1N27 

7. x,(n) and x,(n) denote two sequences and £,(n) and %,(n) their complex cepstra
If x;(n) * x,(n) = 6(n), determine the relationship between x,(n) and £,(n). 

8. The complex cepstrum x(n) of a sequence x(n) has been defined such that if 

2ejw — +0 &amp; —jon

2 Ene 
=n 

. +0 

X(ei?) = 3 x(n)e—ion — |X (e7®)| ei0(®) 

hen 
X(e®) = log X(e’®) = log |X(e?®)| + jO(w) 

where 6(w) is a continuous, odd, periodic function of w. 
A minimum-phase sequence is defined as one whose complex cepstrum is 

zero for n &lt; 0, and a maximum-phase sequence is defined as one whose complex 
cepstrum is zero for n &gt; 0. 

Consider two sequences x;(n) and x,(n) with transforms X;(e’?) and 
X,(e’®), respectively. x(n) is a minimum-phase sequence and x,(n) is a maxi-

mum-phase sequence. If |X;(e’®)| = |X,(e’®)|, determine the relationship
between x;(n) and x,(n). 
Let x(n) denote a minimum-phase sequence and X(n) its complex cepstrum.
Use the initial value theorem (Problem 16 of Chapter 2) to show that £(0) = 
log [x(0)]. Would the same result hold if x(n) were not minimum phase? 
Let x(n) denote a maximum-phase sequence and x(n) its complex cepstrum.

Show that £(0) = log [x(0)]. 
11. Consider a sequence x(n) with complex cepstrum X(n) and with z-transform 

X(2) expressed in the form 
m; my 

ATTA —az HA — b2) 
orn k=1 k—1 

44 z) = 5; —_— og ——— 

11 (1 — cz11(1 — dz)
nl 1 

where |ayl, |byl, |ckl, and |d;| are all less than unity and A is a real, positive 
number. Show that £(0) = log A4. 

12. Let £(n) be the complex cepstrum of x(n). Define a sequence e(n) to be 

e(n) = x(n|N), n=KN,K=0, +1, +2,... 
0. elsewhere 
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Show that the complex cepstrum of e(n), called é(n), is given by 

3(n)-~ [ie n=KN,K=0, +1, +2,...0, elsewhere 

13. Equation (10.49) represents a recursive relation between x(n) and x(n) when 
x(n) is minimum phase. Use Eq. (10.49) to generate recursively the complex 
cepstrum of the sequence x(n) = a™u(n).

14. Equation (10.54) represents a recursive relation between x(n) and x(n) when 
x(n) is maximum phase. Use Eq. (10.54) to generate recursively the complex 
cepstrum of the sequence x(n) given by 

x0) =1 
x(—1) = —a 

x(n) = 0. n+#+0, —1 

5. Equation (10.49) represents a recursive relationship between a sequence x(n)

and its complex cepstrum £(n). Show from Eq. (10.49) that the characteristic 
system D,, is a causal system for minimum-phase inputs, i.e., that for minimum-
phase inputs, £(n) for n &lt; ny is dependent only on x(n) for n &lt; ny, where n, 
is arbitrary. 
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Power Spectrum Estimation 

11.0 Introduction 

One of the important areas of application for digital signal processing tech-

niques such as fast Fourier transform algorithms is the estimation of the 
autocovariance and the power spectrum of a random sequence. The need for 
power spectrum estimation arises in a variety of contexts, including the 
measurement of noise spectra for the design of optimal linear filters, the de-

tection of narrow-band signals in wide-band noise, and the estimation of 
parameters of a linear system by using a noise excitation. 

The formal mathematical basis for power spectrum estimation techniques 
can be found in the more general topic of estimation theory. In practical 
spectrum estimation, however, it is generally true that optimum estimation 
techniques, such as maximumlikelihood estimation, require more information 
about the signal than is usually available. For this reason power spectrum 
estimation as it is currently practiced has a very strong empirical basis, and 
there are generally tradeoffs involved between different techniques in such 
a way that there is usually not general agreement on the best method. 

The purpose of this chapter is to provide a brief and elementary intro-

duction to power spectrum estimation. The primary intention is to provide 
some feeling for the style in which spectrum estimation is carried out and the 
role that can be played by some of the digital signal processing techniques 
that we have discussed previously. It is a large step from the elementary 
introduction that follows to a deep understanding of the myriad of tradeoffs. 

£32 



      

          

         

          

           

          

            

             

            

         

          

           

           

           

          

     

     

             

        

             

           

           

              

           

             

            

           

               

         

          

     

      

  

        
    

         

 

      

       

           
 

          
           
            

           
             

              
             
          
           

            
            

            
           

      

      

              
        

             
            

            
               

           
              

             
            

                
          

          
      

         

   

              

          

 

      

11.1 Basic Principles of Estimation Theory 533 

alternatives, and techniques that are involved in the practice of spectrum 
2stimation. 

The basic references on spectrum estimation include the books by 
Bartlett [1], Blackman and Tukey [2], Grenander and Rosenblatt [3], and 
Hannan [4]. More recent books include works by Jenkins and Watts [5] 
and Koopmanns [6]. The discussion that follows borrows heavily from these 
zarlier works. We begin with a brief introduction to some of the concepts 
of the general theory of estimation as it applies to estimating averages of a 
random process. Then we consider the application of these basic ideas to the 
problem of estimation of the autocorrelation sequence or the autocovariance 
sequence of a stationary random process. Next, attention is directed toward 
the estimation of the power spectrum, with major emphasis being on some 
of the difficulties that are often encountered in the application of standard 
techniques. Finally, we discuss the application of some of the digital signal 
processing techniques that we have discussed in earlier chapters to estimation 
of correlation sequences and power spectra. 

{1.1 Basic Principles of Estimation Theory 

(n Chapter 8 we reviewed the concept of a random process and we discussed 
characterizations of random processes by averages. In empirically charac-

lerizing a signal in terms of a random process model, it is often neces-

sary to estimate averages of the random process model from a single 
sample sequence of the random process, i.e., a sequence x(n) which is 
assumed to be a realization of a random process defined by the set of random 

variables {x,}. Furthermore, in order to make the computation of the esti-

mates possible, we must base our estimate on a finite segment of the sample 

sequence x(n). The fact that we might be able to compute estimates of 
the various desired averages of the random variables {x,} from a finite 
segment, x(n) for 0 &lt;n &lt; N — 1, of a single sample sequence x(n) is 
plausible when we consider ergodic processes, i.e., random processes for 
which probability averages are equal to time averages. For example, con-

sider a random process for which 

m, = E[x,] ~ Xp (x) dx. I (11.1) 

Furthermore, suppose that 

m, = (x,) = lim ———L_ 23 x, (11.2)) N-w2N + 1 n=—n 

and for each sample sequence generated by the random process, 

1 ¥ 
(11.3)= (x(m) = lim —==— 3x(n) 



   

      

  

     

            

           

          

            

           

             

           

             

          

             

            

           

           

      

            

            

              

            

          

       

     

             

       

   

            

            

              

               

         

    

           

              

            

             

            

    

       

   
   

             
            

          
             

            

              
            

              
           
              

            
            

            
       

             

             
               

             
           

        

      

              

        

     

             
             

               

                
          

     

            
               

             
              

             

534 Power Spectrum Estimation 

[hen it is plausible that the quantity 

. 1 N-1 
m, — — XN 2 (n) 

might be a sufficiently accurate estimate of my, if N were “large enough.” 
The branch of statistical theory that pertains to such situations is called 
estimation theory. We shall begin our consideration of the empirical deter-

mination of averages of a random process model with a brief discussion of 
the fundamentals of estimation theory. In a more general context than we 

are considering here, there can be a large number of questions to be answered 
about a random sequence. For example, if the random sequence has been 
generated by exciting a discrete linear system with white noise, it may be of 
interest to estimate the parameters of the linear system. Another possible 
purpose of analysis may be to simply decide whether the process is white or 
not white. To characterize the process we may wish to estimate such param-

eters as the mean, the variance, the autocovariance sequence, or the power 
density spectrum. It is the estimation of these parameters that we will 
concentrate on entirely in the next sections. 

Let us consider a stationary random process {x,}, —o0 &lt;n &lt;&lt; oo. Its 

mean value, m,, is defined by Eq. (11.1). The time-average mean of the 
random process, {x,}, —o0 &lt;n &lt; oo, is defined in Eq. (11.2). Let us also 
assume that the time average of each sample sequence, Eq. (11.3), is equal 
to m,. The variance of the random process is defined as 

02= E[(x, _ my)? = (x, _ my)" 

I'he autocovariance sequence is defined as 

Ver) = E[(X, — m)(Xpsm — mB] = (x, — m)(Xpim — m%)) (11.5) 

and the power density spectrum is defined as 

Poo) = 2 Veuom)e (11.6) 

The estimation of a parameter of the random process is based upon a 
finite segment of a single sample sequence; i.e., we have N values x(n), 
0 &lt;n &lt; N — 1, from which to estimate some parameter which initially we 

will denote “a.” The estimate &amp; of the parameter « is thus a function of the 
random variables x,,, 0 &lt;n &lt; N — 1; i.e. 

8 = Fxg, X43, ...,%Xn_1] 

and therefore &amp; is also a random variable. The probability density function 
of &amp; will be denoted p,(&amp;). The functional form and the shape of p,(&amp;) will 
depend upon the choice of the estimator F[ ] and the probability densities 
of the random variables x,, as indicated in Fig. 11.1. It is reasonable to 

characterize an estimator as being “good” if there is a high probability that 



      

 
 

       

               

           

         

         

            

            

      

              

             

      

           

               

                 

             

 

           

          

           

           

              

       

  
  

  
 

 

 
 

        

                

            
         

          
             

             

 
 

  

       

              
              

       

            

                
                  

              
  

           
           

            

            
               

11.1 Basic Principles of Estimation Theory 535 

oa (Q) 
Estimator ¢ 

Y Estimator 
t 

T 

A 
0 

Fig. 11.1 Probability density functions of two estimators 

the estimate will be close to «. On this basis it appears that estimator 2 in 

Fig. 11.1 is superior to estimator 1 because the probability density of 
estimator 2 is more concentrated aboutthe true value «. 

One way to characterize the concentration of the probability density 
function of an estimator is in terms of a confidence interval. For example, 

for the probability density function sketched in Fig. 11.2, the area under the 

Da 1)
a 

Fr (3 

Fig. 11.2, Confidence limits for an estimator. 

probability density function fora — A, &lt; &amp; &lt; « + A, represents the proba-

bility that the estimate will lie between those two limits. Thus, if we denote 
that area by (1 — f) then 

Probability [—A, &lt; (&amp; — a) &lt; A] = (1 — p). 

Thus, for example, if for a particular estimator we found that for A; = A, = 
0.1 the area (1 — fp) was equal to 0.95, then in that case we might say that 

with 959% confidence the estimate would be within plus or minus 0.1 of the 
true value. 

Generally speaking, it is plausible that for a good estimator the proba-

bility density function p4(&amp;) should be narrow and concentrated around the 
true value, and we might compare different estimators on that basis. In 

keeping with this notion two properties of estimators that are commonly used 
as a basis for comparison are the bias and variance. The bias of an estimator 



   

              

 

      

              

             

            

             

     

        

          

             

           

            

            

         

 

           

             

         

            

         

    
  

           

                

            

           

             

           

            

             

           

      

 

       

              

        

             
          

             

    

               
  

        

               

              
             

             

      

         

           
              

            
             

            
          
  

            

              

          
             

          

    
   

           
                

             
            

              
            
             

             
            

       

  

        
 

               

         
            

           
              

536 Power Spectrum Estimation 

is defined as the true value of the parameter minus the expected value of the 
estimate, i.e., 

bias = « — E[&amp;] A B (11.7) 

An unbiased estimator is one for which the bias is 0. This then means thatthe 

expected value of the estimate is the true value so that if the probability 
density p,(&amp;) is symmetrical, then its center would be at the true value 
x. The variance of the estimator in effect measures the width of the proba-

bility density and is defined by 

var [&amp;] = E[(&amp; — E[&amp;])?] = 0% (11.8) 

A small variance suggests that the probability density ps(&amp;) is concentrated 
around its mean value, which, if the estimator is also unbiased, will be the 
true value of the parameter. In many cases a comparison between two 
estimators will be complicated by the fact that the one with the smaller 
bias has a larger variance, or vice versa. Consequently, it is sometimes con-

venient to consider the mean-square error associated with an estimator 
defined as 

mean square error = E[(&amp; — «)*] = 0? + B® (11.9) 

An estimator is said to be consistent if as the number of observations becomes 

larger. the bias and the variance both tend to zero. 
As an illustration of the above ideas let us consider a random process 

for which the amplitude probability density function is Gaussian; i.e., 

Pp, (x) =_1 oom)"20 
* J27 0, 

Also, we shall assume that the random variables {x,} aie statistically inde-

pendent, so that, in particular, xg, Xy, . . . , Xy_; are real and statistically inde-

pendent. A class of estimators that is often used are the maximum likelihood 
estimates. A maximum likelihood estimate is based on a consideration of the 

joint probability of having observed N values as a function of the parameter to 
be estimated. The maximum likelihood estimate is that value of the parameter 
for which the probability of having gotten the observed values is a maximum. 
It is well known [7] that for the problem under consideration here, the maxi-

mum likelihood estimate of the mean value m, of the Gaussian random 

process is the sample mean defined as 

1 N-1 

sample mean = Hi, = 5 &gt; x, (11.10)
1=0 

This is then one choice for the estimator of the parameter m,. Since 7, is a 

weighted sum of independent Gaussian random variables, the probability 
density ps(11,) is also Gaussian.[7] Since pg, (#,) is also Gaussian, it is 
therefore completely characterized by the bias of the estimator and the 
variance of the estimator. The expected value of #1, is equal to the expected 



      

             

        

  
     

  

      
  

  

   

             

           

             

     

              

   

   
    

            

            

           

            

          

   

     

            
                

              

             

 

        

     

            
    

  

  

       

              
         

   
     

   

     
  

 

   
    

 

              

            
              

      
               

    

  
      

            
             

            

             
           

   

      

             
                 

               
              

  
 

        
 

      
            

    
   
   
 

 

11.1 Basic Principles of Estimation Theory 537 

value of x, and, consequently, the bias is equal to zero. To obtain the 
variance of the sample mean we need to compute 

2 1 N—-1N-1 
E[m,] = — E[x;x;Ne 2 i 

1 [N-2 N-1N-1 

=| 2 EX] +2 2 Elx]- Ex]
N*}i=o i=0 j=0

iti 

Loprooy ooo N—1 
© Elx7] + mi 

Thus 

var [1h,] = E[#2] — {EVRY = ~ (EIx2] — md) = + oF (11.11) 

Equation (11.11) tells us, then, that as the number of observations increases, 
the variance of the sample mean decreases, and since the bias is zero, the 
sample mean is a consistent estimator. 

if the mean value is known but the variance is to be estimated, then the 
maximum likelihood estimator is 

22 1 —m )?
Op = nN (x; x (11.12) 

[t is straightforward to verify that this estimator for the variance is con-

sistent. However, it requires that the parameter m, be known. If both the 
mean and the variance are to be estimated, then the maximum likelihood 

estimate of the mean is, as before, the sample mean, and the maximum 
likelihood estimate for the variance is the sample variance defined as 

2 1 Nt 2 

Op ==pr) (x — Hy) (11.13) 

where 1, is the sample mean. Equation (11.13) differs from Eq. (11.12) in 
that in the first case the true value of the mean is used, whereas in the second 

case the estimate of the mean is used. To determine the bias of the sample 
variance as given by Eq. (11.13), we can first compute the expected value of 
62. Thus 

N-1 

E[6%] = ~ S (E[x}] + Et] — 2E[xh,])
1=0 

N= 5 1 N—-1N-1 2 N—1N-1 
= 2 E[x] + TE &gt; 2 Elxx;] — 2 D&gt; 2 E[xx;]
Ni=o N%=o0 j=0 N%=o j—o

v1 vo (11.14) 
— E[x3] —Hrdm; 

N—1 

N 



   

            

           

           

          

            

  

  

  

  

    

      

    

   

  

     

   

             

 

           

           

              

          

           

            

          

          

          

          

            

          

           

            

           

           

          

           

    

             
            

            
           

             
   

 
 

 
 

 
 

 

   

     

       

     

    
   

  

      

   

              
  

            
            

               
           

           
             

          
           

           
           

            

          
            

             
            

            
           

            

538 Power Spectrum Estimation 

Consequently, the mean value of the sample variance is not equal to the 
variance, and thus the sample variance is biased. However, as N becomes 
very large, the mean of the sample variance approaches the variance. Hence 
this estimate is asymptotically unbiased. To determine the variance of the 
sample variance let us first, for convenience, assume that the process is zero 
mean. so that 

2 iN , 
J @x &gt; 1 

Ni=o 
_ 

1 N N 

E[v?] = No 2 Elxix;] 

— = [NE[x4] + N(N — D{E[xZ]}?] 

*[E[xa] + (N — D{E[x]}] 

We easily see that 
E[v] = E[x?] 

50 Hat 

sar [62] = E[v*] — (E[v])® 

(11.15)
(Ex) — (ELD 

Thus from Eqs. (11.14) and (11.15) we note that the sample variance is a 
consistent estimate. 

The previous discussion is intended to illustrate the style of analysis that 
is employed in describing the properties of estimators. The objective of this 
analysis is to give some idea of the accuracy of the estimate and how the 
accuracy depends upon the number of samples employed in the estimate. 

To compute confidence limits for estimators we need to know the proba-

bility distribution of the random variables x,. When we do not know these 

probability distributions, as is typically the case in signal processing applica-

tions, a Gaussian probability law is often justifiably assumed. From this 
assumed probability distribution of the random variables x,, it is often 
possible to derive approximate confidence limits on estimates of the mean, 
variance, and so on. Many times, however, we may be satisfied with ex-

pressions for the bias and variance of estimators. Even approximate ex-

pressions which display the dependence of the bias and variance upon the 
length of the sample sequence are useful in guiding application of the digital 
signal processing techniques that we have discussed in earlier chapters to the 
problem of estimating averages of random signals. In the next sections we 
shall therefore be concerned with obtaining expressions for the bias and 
variance of various estimators of the autocovariance and power spectrum of a 



     

          

       

    

           

          

            

         

       

    

   

           

        

          

    

    

          

           

             

              

           

           

      

  

      
   

              

       

         

              

           

           

              

             

          

      

           
        

     

            
           

            
          

    

     

   

            
         

           

     

      

           

           
              

              
            

            
       

  
     

    

               
        

          
               

            
           

               
              

           

11.2 Estimates of the Autocovariance 539 

stationary random signal. We shall use these expressions to obtain insight 
into the problems encountered in computing such estimates. 

{1.2 Estimates of the Autocovariance 

The concepts introduced in the previous section can be applied in studying 
estimators for the autocovariance sequence of a random process. Again we 
assume a stationary random process {x,}, —o0 &lt;n &lt;&lt; oc, and for con-

venience we shall assume that the mean is zero: i.c., 

m, = E[x,] = 0, for all n 

Then the autocovariance sequence is 

Yam) = E[X,Xm] 

which is also equal to the autocorrelation sequence, ¢,,(m). Thus we shall 
henceforth refer to estimates of the autocorrelation sequence, recognizing 
that the autocorrelation and autocovariance are identical for a zero mean 

process. We assume further that 

Vea(m) = (x(m)x*(n + m)) (11.16) 

for all sample sequences x(n). We can express Eq. (11.16) as 

where g,,(n) = x(n)x*(n + m). Consequently, the estimation of the auto-

covariance of a zero mean process can be thought of as estimating the mean 

of g,,(n). Given N consecutive values of the sequence x(n), we have (N — m) 
consecutive samples of g,(n) from which to estimate the mean of g,(n). 
Applying the definition of the sample mean from the previous section, we 
obtain the estimate of the autocorrelation sequence, 

, 1 N~|m|—1

Cogm) =—"—"— 3  x(n)x*(n + m) (11.17)
N — Im| n=0 

where |m| &lt; N. If the sequence g,,(n) is Gaussian, then Eq. (11.17) is the 
maximum likelihood estimate of the autocorrelation sequence. Generally, 
the formal procedure of determining the maximum likelihood estimate leads 
to a set of equations that cannot be solved even if the probability law of 
g..(n) is known. However, even though Eq. (11.17) may not be formally 
optimum, it provides a plausible choice for an estimator of the autocorrela-

tion sequence. It is easy to see that c;,(m) is an unbiased estimate of ¢,,(m) 
since E[x(n)x*(n + m)] = ¢,,(m). The variance of c,(m) can be found as 
was done in Sec. 11.1; however, the mathematical manipulations are tedious 



   

          

       

           
   

            

              
 

    

      

       

 

      

            

           

    

  

  

             

    

         

           

 

   

            

             

 

           

            

          

             

                

            

    

           
        

           
    

             
               

  

     
 

       
        

  

        

             
            

     

   

   

              

     

          
            

  

  
 

 

             
              
  

           

             
           

              
                 

             

540 Power Spectrum Estimation 

and will be omitted here. An approximate expression for the variance 
as given by Jenkins and Watts [5] is 

vat [eam] 2 —D—— $1820) + fouls + mbar — m)] (11.18)
[N — Im|] r=—00 

This expression holds for N¥ much larger than m; however, in general the 
variance of c,,(m) is proportional to 1/N as in Eq. (11.18). Since the bias is 
zero and 

lim {var [c,,(m)]} — 0 
N—oo 

c.e(m) is a consistent estimate of ¢,,(m). 
An alternative estimator for the autocorrelation sequence is 

1 N=Iml-1 

Cr) = N 2 x(m)x(n + m) (11.19) 

This estimate differs from the estimate c,,(m) of Eq. (11.17) only in the 
multiplying factor in front of the summation. In fact, comparing Eqs. (11.17) 
and (11.19) we see that 

N |m| ’ 
(11.20)Cpe) =~~ Cem) 

Since the expected value of cz,(m) is ¢,,(m). the expected value of c,,(m) is 

Efeaa(m)] = T—" 4.(m) (11.21) 

Consequently, ¢,,(m) is a biased estimate of the autocorrelation sequence, 
although it is asymptotically unbiased. In particular, the bias of the estimate 
Cpe(m) 1S 

hias = ¢()=NJ 
(11.22) 

From Eq. (11.20) it follows that the variance of c,(m) is equal to 
[(N — |m]|)/N]? times the variance of ¢,,(m), so that for N large compared 
with m. 

dar eg(m)] =~ 3 [$(0) + bualr + mduslr —m)] (11.23) 

As the value of m approaches N, the variance of the estimate cz,(m) 
becomes exceptionally large. This results from the fact that the estimate 
c..(m) is based on computing the sample mean of the sequence g,(n). If m 
is on the order of N, then there are only a few points available to use in 

computing the sample mean of g,,(n). For this reason, as m approaches the 



          

          

            

             
            

           

              

              

 

           

              

                

              

             

          

              

           

            

          

        

            

          

         

           

         

         

           

          

            

          

           

           

            

    

         

           

            

          

          

           

 

           

           
             

              
            

            
               
               

  

            
               

                
               

              
          

               
            

             

           
         

            
           

 

          

           
          

          
            

           
             

           

            
            

             
     

          
            

             
           

           
            

  

11.3 The Periodogram as an Estimate of the Power Spectrum 541 

record length, the variance of the estimate c,,(m) becomes very large. 
Consequently, we do not obtain a useful estimate. On the other hand, the 

variance of the biased estimator c,,(m) does not become as large for mfx the 
order of the record length. However, as m approaches NN, the bras ap-

proaches ¢,,(m). That is, the mean value of the estimate approaches O. 
Since the bias is as large as the function that we are estimating, this again 
could not be considered to be a reasonable estimate when m is on the order 

of N. 

The above conclusions were based upon a consideration of the bias and 
the variance as the value of the lag m increases with the record length fixed. 
From another point of view, the value of the lag m can be fixed and the be-

havior of the bias and the variance can be considered as the record length &amp; 
increases. With m fixed we see from Eq. (11.18) that the variance of the 
unbiased estimate c;,(m) decreases with increasing N. For the biased esti-

mate, we see from Eqs. (11.22) and (11.23) that both the bias and the variance 
decrease with increasing N. Jenkins and Watts [5] conjecture that, in many 
cases, the mean-square error for the biased estimator is less than for the 

unbiased estimator. This conjecture, if valid, provides a rationale for using 
the biased estimator c,,(m). Both estimators, however, are asymptotically 
unbiased, so we can generally expect to improve the estimate of the auto-

correlation sequence by basing the estimate on an increased number of 
samples. 

{1.3 The Periodogram as an Estimate of the Power Spectrum 

[n the previous section we considered two plausible estimators of the auto-

covariance sequence. We saw that these estimators provide a consistent 
asymptotically unbiased estimate of the autocovariance. It is tempting to 
conclude that the Fourier transform of such an estimate of the autocovariance 

sequence would provide a good estimate of the power density spectrum. 
Unfortunately, this is not the case. Specifically, we will show that the Fourier 
transforms of the consistent estimates of the covariance are not consistent 

estimates of the power spectrum since the variance does not approach zero 
as the record length, NV, increases. We will see, however, that smoothing 
the Fourier transform of the estimate of the covariance does produce a good 
estimate of the power spectrum. 

In general, exact expressions for the variance of spectrum estimates 
become very unwieldy. In order to obtain results that provide insight into 
spectrum analysis, it is useful to direct the derivation of such results toward 
approximate expressions which can be easily interpreted. Thus many of the 
expressions that will be developed in the following discussion are only 
approximate. In all cases, however, the basis for the approximation will be 
pointed out. 



   

    

            

        

 

     

            

 

    

          

   

        

             

           

      

         

       

      

             

            

         

         

    

     

    

  
 

    

     

             
         

  

     
 

             
 

  

     
 

           

     

         
              

            

 

     
 

          

        
 

      

              

             
          

          

 

      
 

      

 

   
 

  
 

 

542 Power Spectrum Estimation 

11.3.1 Definition of the Periodogram 

As an estimate of the power density spectrum let us consider the Fourier 
cransform of the biased autocorrelation estimate c,,(m). That is, 

N-1 } 

[ (ew) = &gt; Cun(m)e 7" (11.24)
m=—(N-1) 

Since the Fourier transform of the real finite-length sequence x(n), 0 &lt;n &lt; 
N—1.1s8 

oo N—-1 

X(e’®) — &gt; x(n)e en 
n=~0 

it can be shown that (see Problem 1 of this chapter). 

[y() = = Xe)? (11.25) 

The spectrum estimate Iy(w) is often called the periodogram. 
As before, it is of interest to determine the bias and variance of the 

periodogram as an estimate of the power spectrum. The expected value of 

N-1 

Elv(w)] = &gt; E[c,(m)]e7" (11.26) 
m=—(N-—1) 

Since we have shown that for a zero mean process 

Elec, (m)] = Nm $m). [ml &lt; N 
LT,
Ne| 

a N — |m| é (m)e 7“ 
(11.27) 

Thus because of the finite limits of summation and the factor (N — |m|)/N, 

E[Iy(w)] is not equal to the Fourier transform of ¢,,(m), and therefore the 
periodogram is a biased estimate of the power spectrum, P,,(w). 

Alternatively, consider the Fourier transform of the estimate c,,(m); i.e., 

N—-1 

Pu@) = 3 clu(m)e en (11.28) 
m=—(N—1) 

[he expected value of Py(w) is 

N—1 

Pu = 3 Ele(men
m=—(N—1) 

N—1 (11.29) 
2 Pe(mdeOm

re (ATT) 



          

             

          

          

          

   

 
   

 

             

  

      
 

            

           

     
 

       

 

        

    
  

          

    

            

                

         

       

 

    

   

  
 

           

              
           
           

           
    

  
     

  

              
   

        

             
            

   
 

 

    

 

         

 

     
   

          

 

     

            
                 

          
        

 

     

    

  
  

11.3 The Periodogram as an Estimate of the Power Spectrum 543 

Again, because of the finite limits of summation, this is a biased estimate of 
P,.(w), even though c,,(m) is an unbiased estimate of ¢,, (1m). 

We can interpret Eqs. (11.27) and (11.29) as Fourier transforms of 
windowed autocorrelation sequences. In the case of Eq. (11.27) the window 
is the triangular window 

(N=Iml &lt;n 
wp(m) = N ’ (11.30) 

0. otherwise 

[n Chapter 5 we called this the Bartlett window. For Eq. (11.29) the window 
is rectangular; i.e., 

0(1) = I [m| &lt; N (11.31)
0, otherwise 

Using the concepts introduced in Chapter 5 we can see that Eqs. (11.27) 
and (11.29) can be interpreted in the frequency domain as the convolutions 

El(@)]= 2| Pos@W(e) df
TTJ—z 

tid 

SIPy@)] = 5I Po(6)Wa(e) 67 (11.33) 

where 

jo 1 /sin [oNzy (11.34)Vale) = N sin [w/2] 

i?= 

voy _ Sin [0Q2N —1)/2] 
(11.35)EC sin [w/2] 

are the Fourier transforms of the Bartlett and rectangular windows. respec-

tively. 

11.3.2 Variance of the Periodogram 

To obtain an expression for the variance of the periodogram, it is con-

venient to first assume that the sequence x(n), 0 &lt;n &lt; N — 1, is a sample 

of a real, white, zero-mean process with Gaussian probability density 
functions. The periodogram Iy(w) can be expressed as 

1 ; 

[v(w) = N | X(e™)I® 

1 N—1N-1 . . 

==&gt; &gt; x(Dx(m)e’*me=7
N, m=0 



   

             

 

       
   

              

            

           

            

          

  

 

 

 

    

 

           

              

            

           

        

       

             

    
        

    

           

          

      

    

              
 

  

    
    

 

               
             

            
             

           

   

  

  

 

 
  

     

  

           
               

             
            

         

       
           

            
      

            
           

       

 

544 Power Spectrum Estimation 

To evaluate the covariance of Iy(w) at two frequencies w, and w, we first 
consider 

{ N=1N-1N-1N-1 

E[Ip(w)p(wy)] = ISS SS Ex(k)x(Dx(m)x(n)]eltert-itemal 
k=0 1=0 m=0 n=0 

(11.36) 

T'o obtain a useful result, we must simplify Eq. (11.36). In general, it is not 
possible to obtain a very simple result even when x(n) is white, because 
E[x(n)x(n + m)] = 020(m) does not guarantee a simple expression for 
E[x(k)x(l)x(m)x(n)] for all combinations of k, /, m, and n. However, in the 
case of a white Gaussian process, it can be shown [7] that 

E[x(k)x(Dx(m)x(n)] = E[x(k)x(D)]E[x(m)x(n)] 

+ E[x(k)x(m)]E[x(Dx(n)] 

F E[x(k)x(n)]E[x(Dx(m)] 

Therefore, 

k=landm=n 
ork=mandl =n 

E[x(k)x(Dx(m)x(n)] = ork —mnandl—m (13D 

0. otherwise 

For other than Gaussian joint density functions, the result will not neces-

sarily be so simple. However, our objective is to give a result that will lend 
insight into the problems of spectrum estimation rather than to give a general 
formula with wide validity which would be difficult to interpret. Thus, if 
we substitute Eq. (11.37) into Eq. (11.36), we obtain 

ot , N-1N-1 mm) nts) N—-1N-1 Byrn |

ELp(w) p(wy)] iN? (v 2 2¢ m—n)(w;+w, + 2 2¢ 1-9, 

sin [(0; + wy)N/2] |
EIp(w) p(wy)] = =f gt ri tety (11.38) 

Es sin [(w, — @;)N/2] J) 

(If the signal is non-Gaussian, Eq. (11.38) contains additional terms which are 
proportional to 1/N [4, 8].) The covariance of the periodogram is 

cov [Iy(wy), In(w)] = Elly(w)Iy(09)] — Elly(@)]E[Iy(we)] 

(11.39) 



          

            

         

 
    

           

            

      

 

          
  

           

          

             

              

      

    

     
         

               

          

        

             

            

             

         

            

           

           

              

   

           

            

         

             

         

            

          

           

           

             

  

  
     

            
             

       

 

          
   

            
           

              
               

       

   

           

 
                

           
         

             
             

              
          

             
           

           
               

    

            
             

          
              
          

             
           

            

11.3 The Periodogram as an Estimate of the Power Spectrum 545 

Since E[Iy(w))] = E[Iy(wy)] = oz, from Eqs. (11.38) and (11.39) we obtain 

~OV

(ay), In(w,)] = aN sin [(0; + 0,)/2] 4 

(solsmanny 410 
N sin [(w, — w,)/2] 

From Eq. (11.40) we can draw a number of interesting conclusions about 
the periodogram. The variance of the estimate of the spectrum at a particular 
Tequency w = w; = w, is 

1 2 

var [In(@)] = cov [Ix(), In(@)] = 1 + (52) (11.41)
N sin w 

Clearly, the variance of Iy(w) does not approach zero as N approaches 
infinity. Thus the periodogram is not a consistent estimate. In fact, 
var [Iy(w)] is of the order of o7 no matter how N is chosen. 

We also see from Eq. (11.40) that for frequencies w; = 27k/N and w, = 

27l|N, where k and [ are integers, 

1 2 1 — 2 

cov yn), Ino] =off(SEY(LET
N sin [7(k + 1)/N] N sin [#(k — I)/N] 

(11.42) 
which is equal to zero for k 5 I. Thus values of the periodogram spaced in 
frequency by integer multiples of 27/N are uncorrelated. As N increases, 
these uncorrelated frequency samples with zero covariance come closer 
together. It is reasonable to expect that a good estimate of the power spec-

trum should approach a constant as N increases since we have assumed that 

the signal was white. A consequence of the fact that the variance of the 
periodogram approaches a non-zero constant and that the spacing between 
spectral samples with zero covariance decreases as N increases is that as the 
record length becomes longer, the rapidity of the fluctuations in the periodo-

gram increases. This behavior is illustrated in Fig. 11.3, where the periodo-

gram is plotted for record lengths of N = 14. 51, 135, and 452 samples. 

11.3.3 General Variance Expressions 

All the previous discussion was for the case of estimating the spectrum 
of white noise. If we consider data that are nonwhite but Gaussian, the 

analysis is considerably more difficult. In evaluating the covariance between 
spectrum samples in this more general case, it is useful to take a heuristic 
approach and develop an approximate expression. The approach that we 
shall take is heuristic; a more rigorous derivation is given by Jenkins and 
Watts [5]. With the application of some approximations to their result, 
the approximate results derived here can be obtained. The basis for the 
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Fig. 11.3 Periodograms for record lengths N = (a) 14, (b) 51, (c) 135, and 
(d) 452, showing increasing fluctuations with increasing N. 
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11.3 The Periodogram as an Estimate of the Power Spectrum 547 

heuristic approach is that a nonwhite (or colored) random sequence can be 
generated by processing white noise with a linear system. The power density 
spectrum of the output noise is the product of the power density spectrum 
of the input and the magnitude squared of the frequency response of the 
system. Now let us consider a sample of nonwhite noise. The sample length 
is denoted as N. It is, of course, not exactly true that a segment of nonwhite 
noise can be obtained by filtering a segment of white noise with the linear 
system because of the transient effects at the beginning and the end of the 
segment. However, if the record length is long compared with the duration 
of the filter impulse response, it seems at least plausible that a sample of 
nonwhite noise can be approximated in this way. Now let us consider a 
nonwhite Gaussian process with a power density spectrum P,,(w). Let 
x(n) denote an N-point sample of the nonwhite noise and let wy(n) denote 
an N-point sample of white noise with unit variance. Then our approxima-

tion is that x(n) is the result of processing wy(r) with a linear system for 
which the squared magnitude of the frequency response is PP, (w). With 
Iy(w) denoting the periodogram of the colored noise and /y(w) denoting the 
periodogram of the white noise. it follows that 

[y() = - |X pe)? 

1 joy |2 

Iv(w) = N [Wn(e’™®)] 
and since 

| X n(e’)|? ~~ P,(w) |Wy(e’®))? 
t follows that 

Consequently, using Eq. 11.40 the covariance of the periodogram at different 
frequencies can be expressed approximately as 

sin [(w; + wy) N/2]\?

cov [Iy(wy,) Iy(ws)] 22 Pow)P lw) (FoBE)
N sin [(w; + @,)/2] 

y (Sli J in43
N sin [(w; — ,)/2] 

If Eq. (11.43) is evaluated at frequency samples equally spaced by 2#/N, we 
see again that the covariance between frequency samples is zero. Further-

more. the variance of the periodogram is 

var [Iy(w)] = PL)1+ (S20) (11.44) 

0 that as NV increases, the variance becomes proportional to the square of 
he spectrum. Thus, in general, the periodogram is not a consistent estimate 



   

            

            

         

       

   

            

            

            

          

             

           

   

           

          

           

               

           

        

    

           

               

           

 

  
    

       

 
     

 

       

      

              

             

          

    

             
             

          
        

    

             
             

             
           

              
            

    

            
           

            
                

            

        

 
     

         

               
           

  

        

        

 
    

 

  

        

      

               
              

           

548 Power Spectrum Estimation 

and it can be expected to fluctuate rather wildly about the true spectrum 
value. Although the results that we have derived in this section were based 
on the assumption of Gaussian probability densities, the qualitative results 
hold for a rather broad range of distributions. 

11.4 Smoothed Spectrum Estimators 

Since the periodogram is not a consistent estimate of the spectrum, and since 
its behavior with increasing N is highly undesirable, it is necessary to study 
modifications that give better results. In this section we will show how the 
periodogram can be used to obtain a consistent spectrum estimate. Our 
continued interest in the periodogram is due to the ease with which it can 
be computed by use of FFT methods, as will be evident later. 

11.4.1 Bartlett’s Procedure—Averaging Periodograms 

A standard approach to reducing the variance of estimates is to average 
over a number of independent estimates. The application of this approach 
to spectrum estimation is often attributed to Bartlett. In this approach a 
data sequence x(n), 0 &lt;n &lt; N — 1, is divided into K segments of M 
samples each so that N = KM; i.e., we form the segments 

x(n) = x(n + iM —M), O&lt;n&lt;M-—1, 1&lt;i&lt;K 

(11.45) 
and compute the K periodograms 

[9(w) — 1 |Sxeon 2 212 , 1&lt;i&lt;KkK (11.46) 

if ¢,,(m) is small for m &gt; M, then it is reasonable to assume that periodo-

grams I(w) are independent of one another. The spectrum estimate is 
defined as 

1 Ss Iw) (11.47)B pe(®) = KZ M 

Fhe expected value of this spectrum estimate is 

13 pw
E(B (w)] 1= % 2. E[I34(w)]

i=1 

= E[I(w)] 

From Eqs. (11.32) and (11.34) we note that 

; 1 [7 sin [(w — 0)M/[2]\2

E[B,(w)] = E[I%(w)] = — P,.(0 [eumgd do (11.48[Busw)] = Ello) = 3|Pul®\ 20 (11.48) 
That is, the expected value of the Bartlett estimate is the convolution of the 
true spectrum P,.(w) with the Fourier transform of the triangular window 



    

         

             

         

             

       

    

   

     

             

            

          

           

                

           

 

   
  

               

              

            

            

          

         

            

              

           

            

             

           

           

           

 

            

           

         

          

           

   

   

      
 

     

          
              

          
              

        

     

   
      

             
             

           

            
                 

            

  

  
   

                

               
             
             

           
          

             
               

           
             

              
            

            
            

  

             
            

          
          

            
    

   

      
  

11.4 Smoothed Spectrum Estimators 549 

function corresponding to an M-sample periodogram where M = N/K. 
Thus the Bartlett estimate is also a biased estimator. If we assume that the 

K periodograms averaged in Eq. (11.47) are statistically independent, then 
B,.(w) is the sample mean of a set of K independent observations of the 
periodogram I,,(w). Therefore, from Eqs. (11.11) and (11.44), 

rat [B,u()] = var [()] 

1, sin [oM]\? (11.49)

Loft + (Se)K M sin [ow] 

From Eq. (11.49) it is clear that the variance of B,,(w) is inversely propor-

tional to the number of periodograms averaged, and as K gets large, the 
variance approaches zero, so the Bartlett estimate is a consistent estimate. 

A comparison of Eq. (11.48) for E[B,,(w)] with Eq. (11.32) for E[Iy(w)] 
shows that in both cases the expected value of the estimate is in the form of a 
convolution of the true spectrum with a “spectrum window” of the form 

1 "\2 

Wg(e’®) gad 1 (ed)
N'\ sin [w] 

where N' = N for the periodogram and N' = M = N/K for the Bartlett 

estimate. The bias of B,,(w) is greater than the bias of Iy(w), owing to the 
increased width of the main lobe of the spectrum window. The bias can 
therefore be interpreted in terms of the effect on spectrum resolution. For a 
fixed record length, as the number of periodograms increases, the variance 
decreases but M decreases, and therefore the spectrum resolution decreases. 
Thus there is a tradeoff between bias or spectrum resolution and the variance 
of the estimate in the Bartlett procedure. The actual choice of M and Nin a 

given measurement of the spectrum will generally be guided by prior knowl-

edge of the signal under consideration. For example, if we know that the 
spectrum has a very narrow peak, and if it is important to resolve that 
peak, we must choose M large enough to maintain the desired frequency 
resolution. From the expression for the variance we can determine the record 
length N = KM for an acceptable variance of the spectrum estimate. 

11.4.2 Windowing 

We have seen that the variance of the Bartlett spectrum estimate is reduced 
at the expense of increased bias and decreased spectrum resolution. In the 
Bartlett procedure the spectrum resolution was decreased by using shorter 
record lengths. Another approach is to smooth the periodogram by con-

volution with an appropriate spectrum window [2]. That is, if S,,(w) denotes 
the smoothed periodogram, then 

1 ’ ilw—0)y +

Saw) = L In(0YW(e ) af SO) 
IT Jr 



   

           

            

         

    
 

          

               

            

           

            

          

            

         

    

             

          

          

      

          

     

   

   
 

          

           

          

    
 

      

              

     

      
 

    

            
             

          

     
  

           

 

 

                
             

           
             
           

             
          

     

              
           

           
       

           

     
 

    

   
  

           
            

           
 

    
 

  

     

               
      

     
  

550 Power Spectrum Estimation 

where W(e’?) is the spectrum window. Since the periodogram is the Fourier 
transform of ¢,,(m), then S,,(w) is the Fourier transform of the product of 
¢,,(m) and the inverse Fourier transform of W(e’®), Thus if 

w(m) = 1] W(e’®)e’™ dw 
27 —T 

is a finite-duration window sequence of length 2M — 1, then 

M-1 

m=—(M—1) 

The window w(m) should be an even sequence so that S,,(w) will be a real and 
an even function when the data sequence x(n) is real. Furthermore, we recall 
that the power spectrum is a nonnegative function of frequency, and there-

fore it is reasonable to require that S,,(w) be nonnegative as well. Note 
that both the periodogram and the Bartlett estimate are nonnegative functions 
of frequency. From Eq. (11.50), however, it is clear that a sufficient, although 
certainly not necessary, condition for S,,(w) to be nonnegative is 

W(e®) &gt; 0, —r &lt;&lt; 

This is true of the Bartlett or triangular window but not true, for example, 
of the Hamming or Hanning windows. Thus these latter window sequences, 
although they provide better frequency resolution and lower side lobes, may 
yield negative estimates of the power spectrum. 

The expected value of Eq. (11.51) is easily seen to be 

EIS.) =5 | E[Ly(0)]W(e™) df 
TJ—n 

Since from Eq. (11.32) 

E01 = =[Powe)as 
TT J—7 

we see that E[S,,(w)] is the frequency-domain convolution of Wx(e'®) and 
W(ei®) with P,,(w). Thus, E[S,,(w)] is the Fourier transform of ¢,,(m) times 
the product of the triangular window wg(m) and w(m); that is. 

M-1 

E[Si(@0)] = 3 éu(mwe(mw(im)e®™ (11.53)
m—=—_( M—1)

bia ere 

wal) = 1 — 2, Im] &lt; 

If M is small compared to N, then W(e’*) will be wide compared to Wg(e’®) 
and thus Eq. (11.52) is approximately 

E[S, .(0w)] ~ Lf P_(O)W(e’=) df 
ar J—17 



    

             

         

      

             

          

          

         

    

         
  

        
 

      

   

  

       
         

     

   
    

   
    

            

              

        

  

        
 

           

          

          
 

     

     

      

     

     

              
          

       
             

           
           

          

     

      
   

       
  

      
    

   

      
          

      

        
 

        

             
               

         

   

        
  

            
           

     
  

      

          
      

11.4 Smoothed Spectrum Estimators 551 

From either Eq. (11.52) or (11.54) we see that an increase in the spectrum 
window width causes additional smoothing of the spectrum and reduces 
the frequency resolution of the spectrum estimate. 

To study the effect of the window on the variance of the spectrum esti-

mate, the covariance of the smoothed periodogram estimate can be computed 
as before. The covariance between two frequencies w, and w, is 

cov [See(1)s Sa(®2)] = E[(Sy0(04) — ELS (01)]) (Seu(®s) E[S,(w2)])] 

From Egs. (11.50) and (11.52), 

Spo(®) — E[Sg(w)] = - I(In(8) — E[INO)DW(e'“®) db 
so that ’ 

cov [Sx(wy), S(w2)] o&gt; Lf | Weer MWe’0)
re J—rd—r 

x cov [I(0), In($)] dO dp (11.55)

However, from Eq. (11.43), 

cov [In(0). In(4)] 

or p[ (En0E ONY (sin(0 — HNL}
= TE N\Nsin [(0 + ¢)/2) \Nsin [(6 — ¢)/2] 

If we assume that the terms 

(sn [6 + HIN21Y
N sin [(6 + ¢)/2] 

ANG 

2" [(6 — HN/2]V
N sin [(0 — ¢)/2)/ 

are narrow compared with variations of P,,(0) and W(e’®) and that they are 
highly concentrated about 6 = —¢ and 0 = ¢, respectively (i.e., N is large), 
then first approximating the integration on 6 we obtain? 

cov [See(01)s Sea(s)] 

&gt; —— | PLAAW( W(t) + W(r)] dp (11.56)
TT0T —_— 

[f we further assume that the spectrum window is sufficiently narrow that 
the term W(e “rt W(e’'**=#) is negligible, then Eq. (11.56) becomes 

COV [Spu(wy), Sen(wy)] == =| PE (HW(eer)(ei ea?) dé (11.57)
m —7 

* We use the fact that 

1 [7 (sin [0N/2] 2 1

27 | (3 sin va) dh = 
(See Problem 3 of this chapter.) 



   

              

         

       

           

       

   

             

              

          

   

         

     

   

   
  

         

          

         

          

             

             

             

          

         

             

  

 

              

             

       

       
  

    

               
          

        
 

            
        

  
             

               
           

    

        

      

 

   
   

          

           

          
           

              
              
              

           
          
             

   

  

               
              

       

        
   

552 Power Spectrum Estimation 

From Eq. (11.57) it is clear that as the width of the spectrum window W(e’®) 
increases so that there is greater overlap between W(e’“r™%") and 
W(e’“®*)), the covariance between estimates at different frequencies 
increases. 

To obtain the variance of the spectrum estimate S,,(w), we evaluate Eq. 
(11.57) for o = w, = w,, obtaining 

ar (Sule[Tween as 
Now let us assume that W(e’®) is narrow with respect to variations ofP,,(w); 

.e., that we have been able to choose the length of the window w(m) great 
enough to maintain adequate spectrum resolution. Then Eq. (11.58) can be 
still further approximated by 

ar [Sy(w)] = = P}(ow) - |wie dé (11.592) 

From Parseval’s theorem we note that 

1 T } M-1

L[" wetag= "3 wim
2 J—7 me(M—1) 

if wim) = w(—m). Therefore, we obtain the convenient expression 

ar (Suu) = (1Fr:5 2 2 .59b)&gt; (m) | Pauw) (11.59b 

Equations (11.54) and (11.59) are approximate expressions for the mean 
and variance of the spectrum estimate S,,(w). These expressions are valid 
under the assumptions that the length (2M — 1) of the window w(m) that 
is applied to the estimate c,,(m) is such that W(e’®) is narrow with respect 
to variations of the spectrum P,,(w) while at the same time W(e’?) is wide 
compared to (sin [wN/2]/sin [w/2])2. These expressions can be compared to 
the corresponding expressions for the periodogram to see the improvement 
due to the window. We see from Eq. (11.27) that the periodogram is asymp-

totically unbiased; i.e.. 

N= oo 

From Eq. (11.54) we see that as the record length N becomes large, we can 
also make the window width large so that W(e’®) will be narrow with respect 
to variations in P,(w), therefore implying that 

lim E[S,()] = Pw) &gt; | W(e™) deo 
VI—oo 2a —T 



    

          

 
 

       

            

   

 

 

  
             

        

      
   

            

             

              

         

      

          

           

             

             

           

        

            

  
 
  

      

     

              

 

       

   
   

   

     

           

  
 

      

            

 
  

     

   
              

         

     
    

             
              

               
          

       

           
            

              
              

            
         

          

 
   
    

       

     

               
  

   

 
    

    

   

11.4 Smoothed Spectrum Estimators 553 

Thus for the smoothed spectrum estimate to be asymptotically unbiased we 

require that 
tr (7

#0) = -— [wee) do = | 

The variance of the periodogram is seen from Eq. (11.44) to be approxi-

mately 
(2P2(0), @©=0 

var (Iy(w)] =~ [2P2(m), w= 

(P2 (w), otherwise 
Therefore, for 0 &lt;&lt; w &lt; = the variance of the smoothed periodogram S,,(w) 
differs from the variance of Iy(w) by the factor 

LNT my = |"Wie? do (11.60)
N m="CGt-1) 27N Jn 

Clearly, one objective should be to choose M and the window shape so 
that the variance of S,,(w) is smaller than the variance of Iy(w). That is, 
the factor of Eq. (11.60) should be less than unity. In Problem 4 of this 
chapter. this factor is computed for various commonly used windows. 

11.4.3 The Welch Method—Averaging of Modified Periodograms 

Welch [9] has introduced a modification of the Bartlett procedure that 
is particularly well suited to direct computation of a power spectrum estimate 
using the FFT. The data record is again sectioned into K = N/M segments 
of M samples each as defined in Eq. (11.45). In this case, however, the 
window w(n) is applied directly to the data segments before computation of 
the periodogram. Thus we define the K modified periodograms 

Ji) — A = — 
M = 2 xD(n)w(n)e on " i=1,2.2.....K (11.61) 

where 
1 M-1 2 

U=— w (11.62)M 2 (n) 

and the spectrum estimate is defined as 

LS 19(w) (11.63)Be(a) = =3 

[t can be shown (see Problem 5 of this chapter) that the expected value of 
By.(w) is 

EIB (@)] = +|P(O)W(=) df (11.64) 

where 
; 1 | M—1 2 

A/ (7?) — —— —jon (11.65))= 1g 1.2, ne 



   

             

            

 

     

            

            

         

          

           

          

          

           

            

             

    

        

           

        

           

           

          

 

     

 

       

           

      

       

         

    

   

    

            
            

  

     

             
             

          
           

            
           
           
            

             
              
     

         

            
         

            
           

           
  

 

      
 

  

       
 

            
       

        

          
 

    

  

554 Power Spectrum Estimation 

The normalizing factor U is required for the estimate Bj,(w) to be asymp-

totically unbiased. Welch [9] shows that if the segments of x(n) are non-

overlapping, then 

jar [BE(w)] ~ = P?() 

as we have already seen for the Bartlett procedure. Welch [9] also considers 
the case where the segments x(¥(n) overlap each other, so that the modified 
periodograms are not independent. Thus by windowing the data segments 
before computing the periodogram, we achieve the variance reduction of the 
original Bartlett procedure and at the same time achieve smoothing of the 
spectrum with the concomitant reduction of resolution. In this case the 
spectrum window is proportional to the squared magnitude of the Fourier 
transform of the window rather than simply the Fourier transform itself. This 
means that no matter what data window is used, the spectrum window will 
always be nonnegative and we can see that the spectrum estimate Bj, (w) will 
always be nonnegative as well. 

11.5 Estimates of the Cross Covariance and Cross Spectrum 

The methods of the previous sections apply with slight modifications to the 
estimation of the cross-covariance and cross-spectrum of two different 
random signals. For example assume that x(n) and y(n) refer to zero-mean 
random signals so that y,,(m) = ¢,,(m). Then corresponding to the auto-

covariance estimate c,,(m) of Eq. (11.19) we have the cross-covariance (or 
cross-correlation) estimate 

N—m—1 

Cop) = &gt; x(ny(n +m), 0&lt;m&lt;N (11.66a)
n=0 

1 N—m—1 
(11.66b)Cp(—mM) = = &gt; x(n + m)y(n), 0&lt;m&lt;N

n=0 

Note that when y(n) = x(n), Eq. (11.66) reduces to Eq. (11.19). 
The expected value of Eq. (11.66) is 

Eleam] = (1 = 2) ulm), 0 &lt;m N 

where ¢,,(m) is the true cross-correlation sequence. Similarly, from Eq. 
(11.66Db). 

Elea(—m)] = (1 =)gual) 

—(1 =)a=) 0&lt;m&lt;N 



        

     

       

            

          

     

          

      

   

               

          

              

  
    

  

           

             

              

            

           

   

   

            

      

           

           

          

            

          

        

     

       

           

           

           

         

      

       

             
           

      
           

       
 

   
 

                
          

               

  
    

   

            
              

               
             

            
    

 

   
 

             
 

   

            
            

           
             

          
         

      

        

            
           

            

11.6 Application of the FFT in Spectrum Estimation 555 

Combining the above equations we obtain 

Elc,,(m)] = (1 - wl) $m), —N&lt;m&lt;N (11.67) 

The estimate c,,(m) is seen to be an asymptotically unbiased estimate of the 
cross-covariance ¢,,(m). As in the estimate c,(m), the variance of the 
estimate is inversely proportional to N. 

To estimate the cross-power spectrum we can take the Fourier transform 
of ¢,,(m) and obtain the spectrum estimate 

N-1 

Co@) = 2 cgm)e”
m=—(N—1) 

If x(n) = y(n), it is clear from Eq. (11.24) that Eq. (11.68) reduces to the 
periodogram. Note that in general c,,(m) has no special symmetry prop-

erties. so that C,, (w) is generally a complex function. It is easily shown that 

N—-1 [m| LL.
E[Co(@)]= 2 [(1—"")ds (mem (11.69)

meme N—1) N 

Although C,,(w) is seen from Eq. (11.69) to be an asymptotically unbiased 
estimate of the cross power spectrum, just as in the case of the periodogram, 
the variance of C,,(w) does not go to zero as N increases. Thus windowing or 
averaging of estimates based on short segments of the records must be used 
to reduce the variance and smooth the estimate. For example, we consider 
the smoothed spectrum estimate 

M—1 

Sel) = 2 cy(m)w(m)e
m=—(M-—1) 

Under assumptions similar to those employed in Sec. 11.4, it can be shown 
that 

E[S,,(»)] = -| P,(0O)W(e'“®) do (11.71) 

Similarly, it can be shown that var [S,,(w)] decreases with increasing record 
length and it also decreases with decreasing window width. Thus the tradeoff 
between spectrum resolution and variance reduction is much the same as 
ve have already discussed for the power spectrum of a single random signal. 

We shall not go into further detail regarding cross-covariance and cross-

power-spectrum estimates. Several chapters are devoted to such estimates 
and their applications in reference [5]. 

11.6 Application of the FFT in Spectrum Estimation 

The FFT provides an efficient means of computing estimates of the power 
spectrum at equally spaced frequencies w;, = (2=/M)k. Also, by using tech-

niques developed in Chapter 3 for computing convolutions, we can use the 



   

           

    

       

           

          

   

  

        

      
  

        

  

        

         

           

             

            

           

    
             

           

            

             

         

          

           

            

            

    

          

 

       

              

           

                   

              

    

            
     

        

            
           

    

  
       

 

  
   

         

   
 

       
 

         
            

              
             

            
    
              

            
             

              
          

           
            
             

             

     

           

  
        

               
            

                   

               

556 Power Spectrum Estimation 

FFT to compute covariance estimates. We shall examine the details of such 
computational procedures in this section. 

11.6.1 Implementation of the Bartlett or Welch Methods 

Suppose that we wish to compute a spectrum estimate at equally spaced 
frequencies by averaging periodograms as discussed in Sec. 11.4.3. That is, 
we wish to compute 

2m 1&amp; (27

A“AM =K 2,14(37M\ Mm k), k=0,1,...,M— 
vhere 

19(3 3 _ 1SOs0m :
M MU n=0 

fori=1,2,...,Kand k=0,1,..., M — 1. This can be accomplished 

as follows: Compute 
M-1 

Xk) = &gt; xD(nYw(n)e 7 3/Mkn k=0,1,..., M—1 
mn=0 

for each section using an appropriate FFT algorithm.} Next compute

|X$2(k)|? for each section. These results are then added together and when 
all KX of the estimates have been accumulated, we can divide the result by 
the quantity KMU. For real data x(n), we can compute two transforms at 
once using symmetry properties as developed in Problem 10 of Chapter 6, 
thereby significantly reducing the computation.

This is a very simple procedure, resulting in a direct estimate of the power 
spectrum which will always be nonnegative and which we can interpret as 
in Secs. 11.4.1 and 11.4.3. If, however, we wish to estimate the correlation 
function as well as the power spectrum, it is preferable to first compute the 
correlation estimate c,,(m) and then compute the power spectrum estimate, 
since the rather simple expedient of computing the inverse DFT of 
B:,((2m[ M)k) produces something that can at best be termed a time-aliased 
estimate of the covariance sequence. (See Problem 6 of this chapter.) Thus we 
shall next consider how the FFT can be used to compute covariance estimates. 

11.6.2 Computation of Correlation Estimates 

The FFT can be used to efficiently compute the autocorrelation estimate 

1 N—{m|-1 
Con) = ~ 

n=0 
x(n)x(n +m), O0&lt;m&lt;M-—1 (11.72)&gt; 

where M &lt; N. [If the sample mean is first subtracted from x(n), c,,(m) is 
an estimate of the autocovariance.] Recalling that c,,(—m) = c,,(m), it is 

Note that w(n) = 1 for 0 &lt;n &lt; M — 1 corresponds to the Bartlett method of Sec. 

11.4.1, whereas any other choice of w(n) corresponds to the Welch method of Sec. 11.4.3 



        

             

           

             

            
           

           

            

              

             

             

 

         
            
        

      

         

                

               

                

             

            

    

       

         

              
            

              
             

           
            
             

               

 
              

              

 
 

 

 

  

 

          
            
         

       
          

                 
                

                 

              

 

             
     

 

        

11.6 Application of the FFT in Spectrum Estimation 557 

clear that Eq. (11.72) need only be evaluated for positive values of m. The 
key to understanding how fast Fourier transforms can be used to compute 
c,.(m) is to observe that c,,(m) is a discrete convolution of x(n) with x(—n). 
Suppose that we compute X(k), the DFT of x(n), and multiply by X*(k). 
The inverse DFT of X(k)X*(k) = |X(k)|? corresponds to the circular con-

volution of x(n) with x(—n), i.e., a circular correlation. By augmenting the 
sequence x(n) with (L — N) zero samples and computing an L-point DFT, 
we can force the values of the circular correlation to be correct in the interval 

0&lt;m&lt;M-—1. 
To see how to choose L, consider Fig. 11.4. Figure 11.4(a) shows the two 

sequences x(n) and x(n + m) for a particular positive value of m. Figure 

n+m)l 
(A 

r 
-

JN! 

x((n+m), R,(n) 

bh. 

Fig. 11.4 Computation of the autocovariance estimate: (a) x(n) and 
x(n + m) for a sequence of length N; (b) the periodic sequences
x(n) and x(n 4+ m) involved in circular correlation. 

11.4(b) shows the sequences x(n) and x((n+m));thatareinvolved 
in the circular correlation corresponding to [X(k)|2. Clearly, the circular 
correlation will be equal to Nc, (m) for 0 &lt;m &lt;M — 1 if x((n + m));, 
does not wrap around and overlap x(n) for 0 &lt;m &lt; M — 1. From Fig. 
[1.4(b) we see that this will be the case for L &gt; N + M — 1. 

Thus we can compute c,(m) for 0 &lt;m &lt;M — 1 by the following 

process: 

I. Form an L-point sequence by augmenting x(n) with (M — 1) zeros 
2. Compute the L-point DFT 

IL-1 

X(k) = &gt; x(n)e GrLikn k=0.1..... 1, — 
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558 Power Spectrum Estimation 

Compute the L-point inverse DFT 

) — 1 Ey 2 _i2x/N)km 

(mm) = I &gt;| Xk) e m=20,1,...,L—1 
n=0 

Can) = (0m), m=01..., M—1 

If M is small, it may be most efficient to simply evaluate Eq. (11.72). 
directly. This computation is proportional to N - M. In contrast, the above 
procedure requires an amount of computation proportional to 

LlogL=(N+M)log (N + M) 

so that for sufficiently large values of M the above procedure is more efficient. 
The precise breakeven value of M is of course dependent upon the particular 
implementation of the DFT calculations; however, it is reasonable to expect 
that this value would be much less than 100 [10]. 

We have seen that in order to reauce the variance of the estimate c,,(m), 
we must make N large. In such cases it may be inconvenient or impossible to 

efficiently compute the L-point DFT’s required above. However, since M is 
usually much less than N, we can section the input in a manner similar to the 
procedures that were discussed in Sec. 3.9 for convolution. 

To see how this can be done, let us write Eq. (11.72) as 

1 M—1 2M-1 

Cpe) = 5 | 2 x(n)x(n + m) + 2x(n)x(n + m) 
KM-1 y 

+... 4 &gt; x(n)x(n + m)|
ne(Ko)M 

where N = KM. In writing Eq. 11.72 in this form, we utilize the fact that 
with x(n) considered to be zero outside the interval 0 &lt;n &lt; N — 1 the 

upper limit in Eq. 11.72 can be replaced by N — 1. By appropriate substi-

tutions we can write 

1 K M-1 

Con) = Na 2.x(n + (i — DM)x(n + (i — DM + m) 

if we define 

M-1 

v(m) = 2x(n + (i — DM)x(n + (i — 1)M + m) (11.73) 

“} 

1 K 
(11.74)Cral(111) =pr) v(m), 0O0&lt;m&lt;M-—1 



        

           

   
   

 

   

     

                  

              

 

 

   

 

 

          
       

    

    

   

      

  

         

            

   
   

 

  

    

 

      

                   

               

  

 

    

 
 

 

  
 

 
 

 
  

           
        

     

 

    
 

 

    

       

 

     

11.6 Application of the FFT in Spectrum Estimation 559 

To evaluate Eq. (11.73) it is convenient to define the L-point sequences 

xn+ (—1DM), 0&lt;n&lt;M-—-1 (11.753)
xin) =1, M&lt;n&lt;L-—1 

iLd 

yin)=x(n+(i—HM),O0&lt;n&lt;L-—1 (11.75b) 

Then the circular correlation 

M-1 

v(m) = 2, x,(My(n + m)) 

is equal to v(m) for 0 &lt;m &lt; M — 1if L &gt; 2M — 1. Typical sequences are 

depicted in Fig. 11.5. If X;(k) and Y,(k) are the L-point DFT’s of x(n) and 

; nn) 

B» 

» .a - ~T ; 

® o 
29 

‘ n 

| = A 
| 

\ 
1J 

“seed 
ivl L 

Fig. 11.5 The two L-point sequences required to compute the contribution 
of the ith segment to the autocovariance estimate. 

y(n), then ifL&gt;2M — 1. 

IL-1 

0m) == 3 V(kWE® 0&lt;m&lt;M—:
k=0 

where 

Vik) = X(k)Yk) (11.76) 

[f instead of Eq. (11.74) we compute 

K 

Viky=Y Vik), k=0.1,....L—1 (1 T7) 



   

                
 

            

    

           

            

          

         

   

           

    

     

             

       

              

       

             

            

    

    

     

        

           

        

          

           

     

  

     

        

    

 

             
  

             
     

           
             

           

          

  

    

            
     

      

              
        

               

        
             

             
     

     

      

         

            
         
           

            
      

   

    

         

560 Power Spectrum Estimation 

hen 

1 r= (27 m _ . 8Cor) = L v(m) = = 3 Vk)!®/Dm 0 &lt;m&lt;M—1 (11.78)
N Lix=o 

Thus we can compute M values of c,,(m) by computing 2K L-point DFTs 
and one L-point inverse DFT. 

Note that the above procedure applies equally well to computing the cross-

correlation estimatec,, (mm). Suppose that we have records of length N of two 
sequences x(n) and y(n). Then we would simply define, as before, 

x(n + (i — DM), 0&lt;n&lt;M-—-1x(n) = Ix M&lt;n&lt;L—1 (11.79a) 

and Now 

ym) =ymn+@G—10DM), 0&lt;n&lt;L-—1 (11.79b) 

fori=1,2,..., Kinstead of Eq. (11.75). Then if we use Eqs. (11.76) and 
(11.77) as before we obtain 

CaM) = © om) O&lt;m&lt;M-—1 (11.80) 

For m &lt;0, c,,(m) is computed in the same manner by interchanging the x 
and y sequences since c,,(m) = c,, (—m). 

Rader [10] has shown that for the particular choice of L = 2M and for 

computing autocorrelation estimates, a significant reduction in computation 
is possible. Figure 11.6 shows two sets of sequences x(n), y;(n) and x,,(n), 
yera(n) for L = 2M as required for an autocorrelation computation. It is 
clear from the figure that 

yi(n) = x;(n) + Xan — 

From Eq. (11.81) it follows that 

Yik) = X,(k) + (—1)FX,;,(k), k=0,1,...,2M — 1 (11.82) 

Therefore, Y,(k) can be computed using Eq. (11.82) rather than using a 
separate FFT computation. Furthermore, two transforms, e.g., X;(k) and 
X;11(k), can be computed with one FFT computation using the techniques 
developed in Problem 10 in Chapter 6. Thus the procedure for computing 
c...(m) can be summarized as follows: 

Form the sequence 

nm) = [5 O&lt;n&lt;M-—-1! 0, M&lt;n&lt;2M—1 

and compute the 2M-point transform X,(k). Define 4,(k) = 0. 
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xi(n) 

p4 

» 
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FF _ 1 __1 1Ja 

|

N—1 SM-

Fig. 11.6 Illustrationof the fact that the first half of x;,(n) is identical to 
the last half of y,(n) when L = 2M. 

’ 
La Fori=1.2....,K, form 

. (nm) =[Xn + iM), O&lt;n&lt;M-—1
“+10, M&lt;n&lt;2M—1 

and compute the 2M-point transform X;,(k). [Define X.(k) = 0.] 
Thenfor0 &lt;k &lt;2M —1landi=1,2,...,K, compute 

Aik) = A, (Kk) + X,([XFk) + (=FXk) 
Finally, define V(k) = Ax(k) and let v(m) be the 2M-point inverse 
DFT of V(k). Then 

1 
Colm) = Z v(m), 0&lt;m&lt;M 



   

              

          

       

          

          

 

    

            

       

             

          
            

    

             

          

           

         

  

           

           

 

   

         

           

        

     

    

               
           

        

           
           
 

 
    

      

 

             

        

              

          
             

     

             
          

           
          

   
            
            

   

     

          

            
         

      

562 Power Spectrum Estimation 

Thus, for the particular case of L = 2M and for the computation of c,,(m’ 
only, we must compute K transforms X;(k), and one inverse transform. 

11.6.3 Computation of Smoothed Spectrum Estimates from c,,(m) 

Once c,,(m) has been computed using the previous technique, we can 
compute samples of the smoothed spectrum estimate .S,,(w) by forming the 
sequence 

O&lt;m&lt;M-—1 
s..(m) = 0, M&lt;m&lt;L-—-M 

'Cpe(L — mW(L — m), L—-M4+1&lt;m&lt;L-—1 

(11.83) 

where w(m) is an appropriate data window. Then the DFT of s,,(m) is 

Sex(k) = Sea(@0)|o=(2aiTrks k =0, 1, coo, L—1 

Note that although L can be chosen as large as is convenient and practical, 

thereby giving values of S,,(w) at closely spaced frequencies, the frequency
resolution is still determined by the shape and length of the window w(m). 

11.7 Example of Spectrum Estimation 

In Chapter 9 we assumed that the error introduced by quantization is a white-

noise process. Furthermore, we assumed the quantization noise to be un-

correlated with the original signal. We can test these assumptions by esti-

mating covariance sequences and power spectra using the methods described 
in this chapter. 

As an example consider the experiment depicted in Fig. 11.7. A lowpass 
filtered speech signal x,(¢) was sampled at a 10-KHz rate, producing the 

* Quantizer + 

QI 1] QLx(n)l © e(n)
hoes 

Fig, 11.7 Experiment to determine the properties of quantization noise. 

sequence of samples x(n). (We shall assume that the resulting samples have 
infinite precision.) The amplitude range of the samples was 

'6 000 &lt; x(n) &lt; 16.000 
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Fig. 11.8 Speech waveform (a) and the corresponding quantization error 
(b) for eight-bit quantization [magnified 66 times with respect to 
{a)]. Each line corresponds to 100 consecutive samples connected 
by straight lines for convenience in plotting. 

These samples were first quantized with an eight-bit linear quantizer and the 
resulting error sequence 

e(n) = O[x(n)] — x(n) 

was computed. Figure 11.8(a) shows 400 consecutive samples of the speech 
signal and Fig. 11.8(b) shows the corresponding error sequence. (The 
samples are connected with straight lines for convenience in plotting.) 
Visual inspection and comparison of these two plots tends to strengthen 
our belief in the previously stated assumptions, although scrutiny might 
suggest some degree of correlation. 

Figure 11.9 shows an estimate of the normalized autocovariance and power 
spectrum of the error sequence for a record length of N = 2000 samples. 

BAR 



 

 

 

 
   

 
 

 

 

  

 

 

        
        

       

          
    

  
 

  

 
   

 

 

  

 

     
  

 

  

  

 

 

 

 

 
 
 

 

  
 

  

  

 
 
  

  
 

 

 
 

 

        
        

        
          

     

 

01 a) 

0087
~ 

0.04 L 

E 
3 0 gl 512 

—- 004+ 

—- OOK 

30 b) 

10 

3 fii ail ph J 1 
ay 118 0 

‘A Clbag,
10 | 

a 9d 

~ 

1
~ 

5B 

NG 

E 
&lt; 04

8 
N92 

D — mM 
50 

DN 2 

8 re 

10 
0 
s ~~ 

3 C 2 a 

% 

Sa 

Sew 
[]

nN 

20 

Fig. 11.9 (a) Normalized autocovariance estimate for eight-bit quantization
noise; record length, 2000. (b) Power spectrum estimate using
Bartlett window M = 512. (c¢) Normalized autocovariance 
estimate, 0 &lt;&lt; m &lt; 50. (d) Power spectrum estimate using
Bartlett window M = 50, 
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11.7 Example of Spectrum Estimation 565 

The mean and variance of e(n) were estimated as discussed in Sec. 11.1. 
These estimates were #1, = —1 and 62 = 1300. Then 72, was subtracted 

from e(n) and the covariance estimate calculated for M = 512 using the 
method of Sec. 11.6.2. Finally, the resulting covariance estimate was divided 
by &amp;%, the estimate of the variance of e(n). The resulting normalized co-

variance estimate, denoted p,(m), is shown in Figs. 11.9(a) and 11.9(c). 
Note that the autocovariance is 1.0 at m = 0 and much smaller elsewhere. 

Indeed, —0.0548 &lt; p,,(m) &lt; 0.0579 for 1 &lt;m &lt; 512. This seems to support 
our assumption that the error sequence is uncorrelated from sample to 

sample.
The power spectrum was estimated by windowing the normalized auto-

covariance with a Bartlett window (M = 512) as discussed in Sec. 11.6.3. 

The result, shown in Fig. 11.9(b) plotted in dB, shows rather erratic fluctua-

tions about 0 dB (the value of the normalized power spectrum of white 
noise). A smoother estimate is shown in Fig. 11.9(d). In this case a Bartlett 
window with M = 50 was used. The resulting smoothing, corresponding to 
a loss of resolution, is very evident in comparing Fig. 11.9(b) with Fig. 11.9(d). 
We see from Fig. 11.9(d) that the spectrum estimate is between —1.097 dB 
and +1.631 dB for all frequencies. Thus we are again encouraged to believe 
that the white-noise model is appropriate for this case of quantization. 

Although we have computed quantitative estimates of the autocovariance 
and the power spectrum, our interpretation of these measurements has been 
only qualitative. The question that arises is: How small would the auto-

covariance be if e(n) were really a white noise process? In order to give 
quantitative answers to such questions we can compute confidence intervals 
for our estimates and apply statistical decision theory, something we are not 
prepared to do in this introductory summary of power spectrum estimation. 
(See Jenkins and Watts [5] for some tests for white noise.) In many cases, 
however, this additional statistical treatment is not necessary. We are 
often comfortable and content with the observation that the normal-

ized auto covariance for 1 &lt;m &lt; 512 is much less than the value at 
m = 0. 

One of the most important insights of this chapter is that the estimate 
of the autocovariance and power spectrum of a stationary random process 
should improve if the record length is increased. This is illustrated by Fig. 
11.10 which corresponds to Fig. 11.9 except that N is increased to 14,000 
samples. Recall from Eq. (11.23) that the variance of the autocovariance 
estimate is proportional to 1/N. Thus, increasing N from 2000 to 14,000 
should bring about a sevenfold reduction in the variance of the estimate. 

A comparison of Figs.11.9(a) and 11.10(a) seems to verify this result| For 
N = 2000, the estimate falls between the limits —0.0548 and 0.0579, while 

for N = 14,000 the limits are —0.0254 and +0.0239. Intuitively, this is con-

sistent with the seven-fold variance reduction that we expected. We note from 
Eq. (11.58) that a similar reduction in variance of the spectrum estimate is 
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Fig. 11.10 (a) Normalized autocovariance estimate for eight-bit quantiza-
tion noise; record length, 14,000. (b) Power spectrum estimate 
asing Bartlett window M = 512. (c) Normalized autocovariance 
estimate 0 &lt; m &lt; 50. (d) Power spectrum estimate using
Bartlett window M = 50. 
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11.7 Example of Spectrum Estimation 567 

also expected. This is again evident in comparing Figs. 11.9(b) and (d) to 
Figs.11.10(b) and (d), respectively.

To test our second assumption about the quantization process, we com-

puted the normalized cross-covariance between x(n) and e(n). In this case 
the means 771, = 1 and 7, = —1 were subtracted before computing the cross-

covariance estimates discussed in Secs. 11.5 and 11.6.2. The result was 
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Fig. 11.11 Normalized cross-covariance estimate for eight-bit quantization;

record length, 14,000: (a) p,,(m) for0&lt; m &lt; 511; (b) p,.(m) = 
pey(—m) for 0 &lt; m &lt; 511, 

divided by 6, 6,, producing a normalized cross-covariance estimate that 
would be 1.0 for perfect correlation and 0 if x(n) and e(n) are uncorrelated. 
The normalized estimates p,(m) and p,,(m) = p,,(—m) are shown in Fig, 
I1.11(a) and (b), respectively, for record lengths of N = 14,000. We note 
that the value of the normalized cross-covariance sequence is between —0.0279 
and +0.0222 for —511 &lt;m &lt; 511. When we recall that the normalized 



   

           

          

   
           

             

            

         
         

      

  

    

    

       
          

          

            

            

     

         

           

            

            

       

          

              

               

          

        

        

            

           

        

        

    

           
           

    
            

              
             

         
          

      

   

    

       

       
           

           
             

             
      

          
            

             
             

        
           

               

                
           

         

         
             

           
         

         

568 Power Spectrum Estimation 

cross-covariance is equal to unity for perfect correlation, we are again en-

couraged to accept the assumption that the quantization noise is uncorrelated 
with the quantizer input. 

In Chapter 9 we argued that the white-noise model was reasonable as 
long as the quantization step size was small. When the number of bits is 
small, this condition does not hold. To see the effect upon the quantization 
noise spectrum, the previous experiment was repeated using only eight
quantization levels, or three-bits. Figure 11.12 shows the quantization error 

| = n 4: FA 0 F MALT INGE 00 

Ol =A"AEAAREA 200 

201AAAS Pos ENE “DAZ300 

301 AxAL AA — ~~ AGENAAG INADA400 

Fig. 11.12 Quantization error waveform for three-bit quantization.
[Same scale as original signal, which is shown in Fig. 11.8(2).] 

for three-bit quantization of the speech waveform segment shown in Fig. 
11.8(a). Note that portions of the error waveform tend to look very much 
like the original speech waveform. We would expect this to be reflected in 
the estimate of the power spectrum. 

Figure 11.13 shows the autocovariance and power spectrum estimates of 
the error sequence for three-bit quantization for a record length of 14,000 
samples. In this case the autocovariance shown in Fig. 11.1(a) and (c) is 
much less like the ideal autocovariance for white noise. Table 11.1 gives the 

first 10 values of p,,(m) for this case. 
Figure 11.13(b) and (d) shows the power spectrum estimates for Bartlett 

windows with M = 512 and M = 50, respectively. In this case, the spectrum 

is clearly not flat. (In fact, it tends to have the general shape of the speech 
spectrum.) Thus the white-noise model for quantization noise can only be 
viewed as a rather crude approximation in this case. 

Figure 11.14 shows the normalized cross-covariance between the signal 
x(n) and the three-bit quantization noise e(n). In this case the correlation is 
somewhat greater; however, we might still be willing to accept the assump-

tion that the signal and quantization error are uncorrelated. 
This example illustrates how covariance and power spectrum estimates 
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Fig. 11.13 (a) Normalized autocovariance estimate for three-bit quantiza-
tion; record length, 14,000. (b) Power spectrum estimate using
Bartlett window m = 511. (c) Normalized autocovariance 
estimate 0 &lt;m &lt; 50. (d) Power spectrum estimate using
Bartlett window m = 50. 
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570 Power Spectrum Estimation 

Table 11.1 

nm Pax(m) 
1.0 
0.192 
0.084 
0.055 
0.040 
0.056 
0.050 
0.045 
0.037 
0.038 

are often used to bolster our confidence in theoretical models. Specifically 
we have demonstrated the validity of some of our basic assumptions in Chapter 
9, and we have given an indication of how these assumptions break down 
for very crude quantization. This is only a rather simple, but useful, example 
of how the techniques of this chapter are often applied in practice. 
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Fig. 11.14 Normalized cross-covariance estimate for three-bit quanti-

zation (a) p,,(m) for 0 &lt; m &lt; 511; (b) p,.(m) = pg(—m) for 
0 &lt;m &lt; 511. 



 

          

           

          

         

           

          

           

          

           

           

         
             

    

         
        

            

             

    

           
 

         

   

            

           
      

              

          

         

         
   

          
       

     

              

              

             

 

        
 

            

   

   

  

 
           

            
           

          
            

          
            
           

            
 

 

            
          

             
     

           
         

             
             

     
            

  
          

    
             

            
       

               
           

         
         
    

           
        

      

 

               
               

              
 

 
        

  

             
    

    

Problems 571 

Summary 
In this chapter we have discussed techniques for estimating averages of 

discrete time random processes. Our intent has been to make plausible some 
results from statistical estimation theory and to illustrate the implications of 
these results. We have been particularly concerned with approximate results 
for the mean and variance of estimates of the autocovariance and power 
spectrum of a stationary random sequence. A primary concern was pro-

cedures for computing these estimates and the implications of the FFT for 
efficient computation. A final section illustrates the application of some of 
the techniques described in the chapter to a study of quantization noise 
properties. 
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PROBLEMS 

I. Let X(e’®) be the Fourier transform of a real finite-length sequence x(n) that is 
zero outside the interval 0 &lt;n &lt; N — 1. The periodogram Iy(w) is defined 
in Eq. (11.24) as the Fourier transform of the 2N — 1 point autocorrelation 
estimate 

1 N—|m|-1

Car(m) == 3 x(m)x(n + m) ml &lt;N —1
N n=0 

Show that the periodogram is related to the Fourier transform of the finite 
length sequence as follows: 

In(@) = = |X(eio)2 



   

        

   

            

      

       

         

     
    

        

    

  

        

              

             

        

               

              

             

     

         

               

          

     

           

    

 

     

 

 

           

                    

   

    

         

 

    
 

             

     

        
          

      
     

         

     

   

         
               

              
         

            

              
              

      
          

                
           
      

            
 

 
     

  
 

     

  

  

           

 

                     

    

572 Power Spectrum Estimation 

2. The smoothed spectrum estimate .S,;(w) is defined as 

M-1 

Sza(®) = &gt; Cax(m)w(m)e—70m 
m=—{(M-1) 

where w(m) is a window sequence of length 2M — 1. Show that 

E[Sye(0)] = -| E[IN(0)1W (e*(@=0)) do 

where W(e’?) is the Fourier transform of w(n). 
3. In deriving Eq. (11.56) we used the fact that 

1 [7 (sin [6N/2] 16 1 
27 )_.\N sin [0/2] ~N 

(a) First find the Fourier transform of the sequence 

(rn) = — 0&lt;n&lt;N — 

= 0 otherwise. 

(b) Use Parseval’s theorem to prove the desired result. 
4. In Sec. 11.4.2 we studied the method of windowing as it applies to smoothing 

spectrum estimates. It was shown that the ratio of the variance of a smoothed 
spectrum estimate to the variance of the periodogram is 

var [Se(w)] 1 MT 1 [ 7R = varHot)[In(@)]—Nxw2(m)= 7N , W2(e ) dw. 

whereNisthe record length and 2M — 1 is the total window length. Thus, by 
adjusting the shape and length of the window, the variance of S;,(w) can be 
reduced over that of the periodogram. 

Another measure of the amount of smoothing (reduction in resolution) 
caused by windowing is the width of the main lobe. In this case we define this 
bandwidth as the symmetric interval between the first negative and positive 
frequencies at which W(e’®) = 0. 

In this problem we shall study these properties for the following three 
windows: 

Rectangular 
vem) =1 ml &lt;M — 

—=0 otherwise 
Bartlett 

wpm) =1 — |m|[M  |m|&lt;M — 

) otherwise 

Raised Cosine 

wer(m) = oa + Bcos (mm|/(M — 1)) ml &lt;M —1 

otherwise. 

(If « = 8 = 0.5 this is the Hanning window and if « = 0.54 and 8 = 0.46 this 

is the Hamming window.) 



 

            

           

              

     

 

 

     

  

              

        

         

  

      

 

   

     

 

        

  

      

            

 

    

             

    

 

    

            

  

  

      

  

            
           

               
      

 
         

  
  

      

               
 

         

          

   
     

 
  

    
      

 

  

        
 

   
        

             

  
 

  

              
     

  

   
 

             
   

  
  

       

 

Problems 573 

(a) Find the Fourier transform of each of the above windows; i.e., compute

Wg(e'®), Wg(e?), and Wy(e’@). Sketch each of these functions of w. 
(b) For each of these windows, show that the entries in the following table are 

correct. (Assume that M &gt; 1.) 

Approximate Approximate
Window Name Width of Main Lobe Variance Ratio (R) 

Rectangular 2M 2M|N
Bartlett 4a]M 2M|(3N)
Raised Cosine InIM IM(o2 + B2[2)/N 

5. In the Welch method, a record of length N is sectioned into K finite-length 
sequences. 

x(n) = x(n + iM — M) o&lt;n&lt;M-—1, 1&lt;i&lt;Kk, 

and these sections are windowed before computing the modified periodograms 

| 1M Coe 
J(w) = MO | Pi 1&lt;i&lt;Kk. 

~vhere 
| M1 

U m= w2(n).M 2, 
Che spectrum estimate is defined as 

1 £ 

Show that 

E[BY,(w)] = = | P,.(0) W (ei (6) Je 
Niare 

| M1 Bt 
W(e'®) —_ 20 | 2," w n)e—ion | 

Hint: Make use of the fact that if x(n) has zero mean, then 

ne) = 
1 

||
[7

Patron do. 

6. Let x(n) be a real stationary random signal. The Bartlett spectrum estimate as 
defined by Eq. (11.47) is 

1 XK 

Bo(w) = 2 DIf(0).
2—1 

Let us consider the inverse Fourier transform of B,,(w) which we denote b,(m). 
(a) Show that 

E[b,.(m)] = ¢pn(m)wg(m)
x71 Ero 

wpm) = 1 — |\m|/M |m|l&lt;M — 

otherwise 



   

            

      

 

      

    
               

          

    

             
       

  

       

    
                

           

574 Power Spectrum Estimation 

(b) Now suppose that we compute B,,(2wk/M) using the FFT method of Sec. 
11.6.1. Then let b,,,(m) be defined as 

1 M-1 

buan(m) = M 4 B,,(27k|M)e? 2akm/ M: 

Obtain an expression for E[b,,,(m)].
(c) How are the results of (a) and (b) modified for the Welch method? That is, 

repeat (a) and (b) beginning with B¥,(w) as in Eq. (11.63). 
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Index 

A 

Acoustic recordings, restoration of, 524-27 
Aliasing, 28, 97, 199-200, 203 
Alternation theorem, 263 
Analog-digital filter transformations. 

‘97-226 
bilinear transformation, 206-11 
Butterworth filters, 211-18 
Chebyshev filters, 218-23 
elliptic filters, 223-26 
impulse invariance, 198-203 
numerical solution of differential 

equation, 203-6 
Analog signals, 7 

quantization in sampling, 413-18 
sampling of, 26-30 

Analog systems, 7, 197-98 
Analytic signals, 358-61 
Autocorrelation sequence, 377, 384-86, 

387, 388-89, 391-93 
Autocovariance sequence, 377, 384-85. 

388-89, 539-41 
Averages, ensemble, 386-87 

definitions, 382-87 
time. 386-87 

B 

Band-pass signals, 363-65 
Bartlett’s procedure, 548-49, 556 
Bernoulli process, 378-79 
Bilinear transformation: 

analog to digital mapping filter, 206-11 
Butterworth filter, 217-18 
Chebyshev filter, 222-23 
elliptic filter, 224-26 

Binary numbers, 406-7 
Bit-reversed order, 297-99, 300, 316-19 
Block-diagram representation of digital

networks, 137-42 
Block floating point, 455-56 
Butterfly computation, 296-97, 300-301, 

305-6, 448-55, 457-58 
Butterworth filters, 211-18 

bilinear transformation, 217-18 
impulse invariant design, 214-16 

Canonic form networks, 151 

R77 



 

     

      

     

     

     

       

      

   

     

      

       

    

     

     
      

      

  

  
  

   

   

      

     

      

    
     

      

     

      

 
   

        

      

   

        

     

        

   
      

    

     

       

      

     

    

    

   

   

     

       

   
     

      

  

      
       

      
      

      
        
       

    
      

       
        

     
      

      
       

       
   

   
   
    

    
      
      
       

    
     

       
      

       
    

         
      
    

         
     
         

    
       

     
      
        
       

      
     

     
    
    

      
        

    
      

       

578 Index 

Canonic representation of homomorphic 
systems, 483, 491-94 

Cascade form networks; 
FIR systems, 157, 173 
IIR systems, 152-53, 168-69 

Cauchy integral theorem, 52, 65 
Cauchy principal values, 344 
Causal sequence: 

defined, 16 
Hilbert transform and, 338-45 

Causal system, 15, 16 
Cepstrum, complex, 500-507 

exponential sequences, 501-3 
minimum-phase and maximum-phase 

sequences, 503-6 
poles and zeroes on unit circle, 506-7 

Characteristic system, 483 
Chebyshev filters, 218-23 

bilinear transformation, 222-23 
impulse invariant design, 221-22 

Chirp z-transform algorithm, 321-26 
Circular convolution, 105-9, 119-20 
Complex convolution theorem, 63-66 
Complex logarithm, 494-98, 507-9 

Complex sequences:
conjugation of, 61 
Hilbert transform and, 338, 358-65 

design of, 361-63 
-epresentation of bandpass signals,

363-65 
Computer-aided design:

of FIR filters, 250-68 
equiripple approximation, 255-68 
frequency sampling, 251-55 

of IIR filters, 230-37 
least-squares inverse design, 236-37 
minimization of mean-square error, 

232-33 
minimization of a p-error criterion, 

233-35 
Conjugate antisymmetric sequence, 24-26 
Conjugate Poisson kernel, 343 
Conjugate symmetric sequence, 24-26 
Constant-coefficient difference equations, 

linear, 16-18 
Continuous-time signals: 

defined, 6 
sampling of. 26-30 

Continuous-time systems, 7 
Convergence, region of, 47-52, 58-59 
Convolution; 

circular, 105-9, 119-20 
homomorphic systems for, 490-500 

Convolution (Cont.)

linear, 105, 110-15, 119-20 
periodic, 65, 93-95 
of sequences: 

complex, 63-66 
z-transforms of, 61-63 

sum, 12-15, 32-34 
Correlation sequences: 

computation of estimates, 556-62 
properties of, 388-89 

Coupled-form networks, 170, 185 
Covariance sequences: 

estimates of, 554-55 
properties of, 388-89 

Cross spectrum, estimates of, 554-55 

)) 

Decimation-in-frequency FFT algorithms,

287, 302-7 
alternative forms, 307 

in in-placecomputation,305-7 -
Decimation-in-time FFT algorithms,

286-87, 290-92 
alternative forms, 299-302 

~.n-place computation, 294-99

Deconvolution:Tomomorphic—STI=27"
dereverberation, 519-24 
estimation of speech parameters, 512-19 
restoration of acoustic recordings,

524-27 
Density representation of images, 488

 Dereverberation, 519-24 
DFT (see Discrete Fourier transform) 
Difference equations, linear 

constant-coefficient, 16-18 

Differential equation, numerical solution 
of, 203-6 

Digital filters, 38, 136-37 
basic network structures: 

FIR filters, 155-65 
IIR filters, 148-55 

design techniques, 195-283 
analog-digital transformation. 

197-230 
Butterworth filters, 211-18 
Chebyshev filters, 218-23 
computer-aided, 230-37, 250-68 
elliptic filters, 223-26 
FIR filters, 237-69 



 

  

  
   

 

   

 

   

   

  

  

    

   

  

   

  
 

   
  

   

   

   

  

   

 

 

  

     

     

 

    

   

 

  

  

   

  

    

   

  
  

    

 

  

    

 

   

    

  

   

   

   

    

  

  
  

   

 

 

 

   

  

   
     

  
  

   

  

  

  

   

  

   

    

   

    

  
   

  

  

 

 

   

 

 

   

  

   

 

   

  

   

  

  
  

   
  

    
  

    
    

   
   
     

 
    

   
   

 

  
  

    
   
    

    
    

   
    

  
  

  
 

      
 

      
  

     
    

  
   

   
   

 
   

     
    

   
   
     

  
   

     
  

    
     

   

    
   

   
 

     
   

   
   

    
  

  
  

    
   

    
      
   

   
    

 
   

   
   
    

   
    

     
    

     
   

    

  
 

   
  

  
    

  
  

    
   

    
  

 

    
   
    

Index 579 

Digital filters (Cont.)

design techniques (Cont.)
frequency transformations of lowpass

filters, 226-30 
[IR filters, 197-237, 268-69 
windows, 239-50 

matrix representation of, 143-48 
parameter quantization effects, 165-73 

FIR filters, 171-73 
{IR filters, 166-71 

signal flow graph representation of, 
137-43 

Tellegen’s theorem for, 173-81 
network-sensitivity formula, 178-81 
nroof of transposition theorem,

176-78 

reciprocal and interreciprocal
networks, 175-76 

Digital image processing, 487-90 
Direct form networks: 

FIR systems, 156-57, 171-73 
IIR systems, 148-51, 166-70 

Discrete Fourier transform, 87-135 
computation of, 284-336 

chirp z-transform algorithm, 321-26 
decimation-in-frequency FFT 

algorithms, 302-7 
decimation-in-time FFT algorithms,

290-302 

effects of finite register length in, 
444-61 

FFT algorithms for N a composite 
number, 307-15 

general, in FFT algorithms, 315-21 
Goertzel algorithm, 287-89. 325 

defined, 87 
discrete Fourier series: 

properties of, 91-96 
representation of periodic sequences,

88-96 
finite-duration sequences, 99-101 
Hilbert transform relations for, 353-58 
linear convolution using, 110-15 
properties of, 101-10 

circular convolution, 105-9 
circular shift of sequence, 101-3 
linearity, 101 
symmetry properties, 103-5 

samples of the z-transform, 96-98 
two-dimensional, 115-20 

Discrete Hilbert transform, 337-75 
for complex sequences, 338, 358-65 

design of, 361-63 

Discrete Hilbert transform (Cont.) 
for complex sequences (Cont.)

representation of bandpass signals,
363-65 

for discrete Fourier transform, 353-58 
minimum-phase condition, 345-53 
real-and-imaginary-part sufficiency for 

causal sequences, 339-45 
Discrete random signals, 376-403 

averages, 382-87 
definitions, 382-86 
time, 386-87 

discrete-time random process, 377-82 
Bernoulli process, 378-82 
random process descriptions, 379-82 

response of linear systems to, 391-95 
spectrum representations of 

infinite-energy signals, 388-91 
correlation and covariance sequences. 

388-89 
power spectrum, 390-91 
z-transform representations, 389-90 

Discrete-time impulse, 9 
Discrete-time random process, 377-82 

Bernoulli process, 378-82 
random process descriptions, 379-82 

Discrete-time signals and systems, 6-44 
defined, 6, 7, 11 
linear shift-invariant systems, 7, 11-15 

causality, 15, 16 
convolution sums, 12-15, 32-34 

frequency-domain representation of,
18-24 

linear constant-coefficient difference 
equations, 16-18 

stability, 15 
symmetry properties of Fourier 

transform, 24-26 
two-dimensional, 30-34 

sampling of continuous, 26-30 
sequences, 8-11, 30-34 
symmetry properties of Fourier 

transform. 24-26 

ny 

Eigenfunction of system, 36 
Elliptic filters, 223-26 
Energy. in sequences. 10 



 

  

 

    

   

    

  

  

   

 

   

  

   

  
  

  
  

  

  

 
   

 

  

 

  

     

  

  

 

 

   

    

   
  

   

     

    

   

 
  

  

  

    

    

  

 
 

    

    

  

 

 

   

     
   

 

   

 

   

  

  

   
 

  

   

    

 

 

    

 

 

   

   
     

   

   

  

 
   

   

   

 

   

   

  

   

  

 

 

   

    

  
   

   

  

   
  

     
    

     
 

   
   
    

 
    

   

    
   

   
   

   
   

   
 
    

  
   

  
   

      
   
   

  
  

    
     

    
   

    
      

     
    

  
   

   
   

     
     

   
  

  

    
     

   
  

  
    

 

      
    

  
    

  
    

  
 

   
   
  

  
 

    
     

  
  

     
  

  
    

    
      

    
    

   
  

    
    

    
  

    
    

   
    

   
  

  

    
     

   
    

 
    

580 Index 

Ensemble averages, 382-87 
definitions, 382-86 

Ensemble of sample sequences, 379 
Envelope of sequence, 361 
Equiripple approximation for FIR filters, 

255-68 

Ergodic process, 387 
Even function, 25 
Even sequence, 24, 26 
Exponential sequences:

complex cepstrum of, 501-3 
multiplication by, 60-61 

Fast Fourier transform, 286 
decimation-in-frequency, 287, 302-7 

alternative forms, 307 
‘n-place computation, 305-7 

decimation-in-time, 286-87, 290-302 
alternative forms, 299-302 
in-place computations, 294-99 

general computational:
chirp z-transform algorithm, 321-26 
coefficients, 319-20 
considerations in, 315-21 
indexing, 316-19 
multidimensional FFT, 320-21 

for N a composite number, 307-15 
quantization effects in: 

coefficient quantization, 460-61 
fixed-point, 447-56 
floating-point, 457-60 

in spectrum estimation, 555-62 
FFT (see Fast Fourier transform) 
Filters (see Digital filters) 
Finite-area sequence, 117 
Finite-duration sequence, 18, 99-101 
Finite impulse response (FIR) system, 18 

basic network structures for, 155-65 
based on polynomial interpolation 

formulas, 163-65 
cascade form, 157 
direct form, 156-57 
frequency-sampling structure, 160-63 
for linear phase systems, 157-60 

compared to IIR system, 268-69 
design of, 237-39 

computer-aided, 250-68 
windows. 239-50 

Finite impulse response system (Cont.)

finite register length effects in 
realizations of, 438-44 

fixed-point, 438-41 
floating-point, 441-44 

parameter quantization effects in, 
171-73 

Finite register length, effects of, 404-79 
in discrete Fourier transform 

computations, 444-47 
coefficient quantization in FFT 

algorithms, 460-61 
fixed-point FFT algorithms, 447-56 
‘loating-point FFT algorithms.

457-60 
wmber representation, 406-13 

fixed-point and floating-point binary
numbers, 406-7 

negative number representation.
408-9 

truncation or rounding, 409-13 
realizations of FIR filters, 438-41 

fixed-point, 438-41 
floating-point, 441-44 

realizations of IIR filters, 418-38 
fixed-point, 423-32 
‘loating-point, 432-38 
zero-input limit cycles, 419-23 

sampling analog signals, 413-18 
FIR (see Finite impulse response (FIR) 

system)
Fixed-point binary numbers, 406-7 
Fixed-point implementation fast Fourier 

transform algorithms, 447-56 
Fixed-point realizations: 

of FIR filters, 438-41 
of IIR filters, 423-32 

floating-point binary numbers, 406-7 
Floating-point realizations: 

of FIR filters, 441-44 
of IIR filters, 432-38 

Flow-graph:
digital networks, 137-43 
FFT algorithms, 291-308, 312-18 
transposition theorem, 153-55 

Formants, 512 
Fourier transform: 

of continuous-time signals, 26-29 
discrete (see Discrete Fourier transform) 
frequency-domain representation of 

discrete-time systems and signals. 
[8-24 

iwymmetry properties of, 24-26 



 

     

     

     

   

      

     

     

   

  

   

  

  

     
   

  

  

  

    

   

   

  

  

 

  

  
 

    

 

 

 

   

   

   

    

   

  

  

    

  

  

  

  

   

    

 

  

   
   

  

  
 

      

  

   

  

  

 

  

  

 
  
 

    

   

  

  

   

  

  

  

   

     

   

  

   
   

   
   

    
   

   

 

 

    
     

  
   
    

    
 

   
   

  
       

   
    

   
   

  
   

   
  

   
  

     
    

 

   
   

      

    

   
   

   
 

   
   

   
    
   

    
   

   
      
    

   
   

   
     

    
    

   
   

  
   

   
  

     
  

  
  

    
    

 
    

     
    

   
   

     
   

   
   

   

    
   

   
   

    

Index 58I 

Fourier transform (Cont.) 
see also z-transform 

Frequency-domain representation, 18-24 
Frequency response, 19 
Frequency-sampling, 27, 160-63, 251-55 
Frequency transformations, 226-30 
Fricative sounds, 512 

3 

'] 

Hermite interpolation formula, 165 
Hilbert transform relations (see Discrete 

Hilbert transform) 
Homomorphic deconvolution, 337 
Homomorphic signal processing, 480-531 

complex cepstrum, properties of, 
500-507 

exponential sequences, 501-3 
minimum-phase and maximum-phase 

sequences, 503-6 
poles and zeroes on unit circle, 506-7 

computational realizations of 
characteristic system D*, 507-11 

complex logarithm, 507-9 
logarithmic derivative, 509-11 
minimum-phase, 511 

for convolution, 490-500 
generalized superposition, 481-84 
homomorphic deconvolution, 

applications of, 511-27 
dereverberation, 519-24 

estimation of speech patterns, 512-19 
restoration of acoustic recordings. 

524-27 

image processing, 487-90 
multiplicative systems. 484-87 

[IR (see Infinite impulse response (IIR) 
systems)

image processing, homomorphic., 487-90 

Impulse, discrete-time, 9 
Impulse invariance design: 

analog-digital filter transformation, 
198-203 

Butterworth filter, 214-16 
Chebyshev filter, 221-22 

Infinite-energy signals, 377 
spectrum representations of, 388-91 

power spectrum, 390-91 
properties of correlation and 

covariance sequences, 388-89 
z-transform representations, 389-90 

Infinite impulse response (IIR) system, 18 
basic network structures, 148-53 

cascade form, 152-53 
direct form, 148-51 
parallel form, 153 

compared to FIR filters, 268-69 
design of, 197-237, 268-69 

from analog filters, 197-211 
Butterworth filters, 211-18 
Chebyshev filters, 218-23 
computer-aided, 230-37 
elliptic filters, 223-26 
lowpass, frequency transformations 

of, 226-30 
finite-register length effects in realization 

of, 418-38 
fixed-point, 423-32 
floating-point, 432-38 
zero-input limit cycles, 419-23 

parameter quantization effects in. 
166-71 

Initial value theorem, 61 
Intensity representation of images, 488 
[nterreciprocal digital networks, 175 
Inverse filtering, 132 
Inverse z-transform, 52-58 

Cauchy integral theorem, 52. 65 
complex integration, 52-55 
partial-fraction expansion, 56-58 
power series, 55-56 
ase of. 54-55 

[Lagrange interpolation formula, 163-65 
Lagrange structure, 163 
Laplace transform, 45 
Laurent series, 47 
Least-squares inverse design. 236-37 



 

  

     

  

 
   

  
  

  

  

  
   

  

  

 

 

   

 

 

   

   

    

  

    

   

   

   

  

  

  

   

 

   

  

   

   
    

   

   
   

 

   
 

   

   

    

  

  

   

  
 

  

   
   

    

   

  

  
 

   

   

   

   

 

   

     

  

   
  

  

  

  

  

    

   

    

  

  

   
      
   

  
    

   
   

   

   
   

    

  
 

   

  
  

    
  

  
    

    
 

 

     
 

   
     

    
    

 

    
   
   
   
    

  
    

 

  
 

    
 

   
     

    
    

    
  

   
  

    
    

    
 

   

 

   
    

   
  

   
    
    

 

     
    

   
   

  
   

 

    
    
    

  
    

      
   

    
   

   
   
   

   
     

    
     

 

   

582 Index 

Left-sided sequences, 50-51 
Limit cycle behavior of filter, 405 
Linear constant-coefficient difference 

equations, 16-18 
Linear convolution, 105, 110-15 
Linear-phase finite-duration impulse 

response systems, 157-60 
Linear shift-invariant discrete-time 

systems, 7, 11-15 
causality, 15, 16 
convolution sums, 12-15, 32-34 

frequency-domain representation of,
18-24 

linear constant-coefficient difference 

equations, 16-18 
stability, 15 
symmetry properties of Fourier 

transform, 24-26 
two-dimensional, 30-34 
z-transform and, 67-73, 75-77 

Linearly independent random variables, 
R17 

i 

Matrix representation of digital networks, 
143-48 

Maximum-delay sequences, 353 
Maximum phase lag, 352 : 

Maximum-phase sequences, 353, 503-6 
Mean-square error, minimization of. 

232-33 

Mean square magnitude, 458-59 
Minimum-delay sequences, 353 
Minimum-phase condition, 345-53 
Minimum-phase lag, 352 
Minimum-phase sequence, 347, 348. 

352-53, 503-6 
Multidimensional fast Fourier transforms. 

320-21 

Multiplicative homomorphic systems,
484-87 

Negative numbers, representation of, 
408-9 

Networks (see Digital filters)
Newton interpolation formula, 163. 165 

90-degree phase shifter, 360 
Noncomputable flow graph, 146 
Number representation, effect on 

quantization, 406-13 
fixed-point and floating-point binary

numbers, 406-7 
negative number representation, 408-9 
truncation or rounding, 409-13 

Numerical solution of differential equation.
203-6 

Nyquist rate, 29 

N 

Odd function, 25 
Odd sequence, 23, 26 
One’s-complement representation, 408-9 
Overflow, 405 
Overflow oscillations, 422 
Overlap-add method, 113, 114 
Overlap-save method. 113-15, 130 

Pp 

Parallel form networks, 153, 168-69 
Parseval’s relation, 66, 125 
Partial-fraction expansion, 56-58 
Periodic conjugate antisymmetric 

component, 104 
Periodic conjugate symmetric component

104 

Periodic convolution, 65, 93-95 
Periodic sampling, 27, 195 
Periodic sequence, 10, 88-96 
Periodograms:

averaging, 548-49 
averaging of modified, 553-54 
as estimate of power spectrum, 541-48 

definition of, 542-43 
general variance expressions. 545-48 
variance of, 543-45 

Phase lag, 352 
Plosive sounds, 512 
Poisson kernel, 343 
Poisson’s formulas, 338 
Pole-zero plots, 47-48, 51, 70-73 
Polynomial interpolation formulas, 163-65 
Power series, expansion of z-transform. 

55-56 

Power spectrum. 390-91 



 

   

  

    

    

  
    

 
  

   

  

   

  

  

 

   
   

   

 

  

  

  

   

   

    

   
 

  

   

   

    

  

   

    

 

  

  

 
  

  

    

    

   

  
 

  

  

   

  

   

 

   

 

   

  
    

  

  
 

  

   

  

  

  

   

  
  

   

  
 

   

 

 

  

  

    
   

     
 

     
 

   
     

  
   

    
   

    
 

   
   

  
    
    

 

    
  

   
   

   
    

 

    
 

     
   
  

  
 

    
    

 

     

   
    

     
  

   
   

  
   

 

   

     
     

    
   

  
   

   
    

   

    
  

    
 

 
  

    

   
     
   
   

  
   

 

    
   

 
   
   
    

   
   

    
   

  
    

  
  
   

index 583 

Power spectrum estimation, 532-34 
autocovariance estimates, 539-41 
cross covariance and cross spectrum. 

554-55 
estimation theory, basic principles of, 

533-39 

example of, 562-70 
fast Fourier transform in, 555-62 
neriodogram, 541-48 

definition of, 542-43 
general variance expressions, 545-48 
variance of, 543-45 

smoothed spectrum estimators, 548-54. 
562 

Bartlett’s procedure, 548-49 
Welch method, 553-54 
windowing, 549-53 

Probability density function, 380 
Probability mass function. 381 

MN} 

Quantization:
computation of discrete Fourier 

transform, 444-47 
digital filters, 165-73 

FIR, 171-73, 438-44 
IIR, 166-71, 423-38 

fixed-point fast Fourier transform, 
447-56 

floating-point fast Fourier transform. 
457-60 

number representation, effect on, 406-13 
fixed-point and floating-point binary

numbers, 406-7 
aegative number representation,

408-9 
truncation or rounding, 409-13 

sampling analog signals, 413-18 

D 

Random signals (see Discrete random 
signals)

Rational z-transforms, 58-59 
Reciprocal digital networks, 175-76 
Region of convergence, z-transforms and. 

47-582 58-59 

Reverberant environment, 521-24 
Right-sided sequences, 48-50 
Rounding, 409-13 
Roundoff noise, 405 

N 

Sample sequence, 379 
Sampling:

analog signals, quantization in, 413-18 
of continuous time signals, 26-30 
frequency, 27, 160-63, 251-55 
periodic, 27, 195 
z-transform, 96-98 

Saturation arithmetic, 430 
Seismic signals, 524 
Sensitivity formula, networks, 178-81 
Separable sequence, 31 
Sequences:

autocorrelation, 377, 384-86, 387, 
388-89, 391-93 

autocovariance, 377, 384-85, 388-89. 
539-41 

causal: 
defined, 16 
Hilbert transform and, 338-45 

complex:
conjugation of, 61 
Hilbert transform and, 338, 358-65 

conjugate antisymmetric, 24-26 
conjugate symmetric, 24-26 
convolution of: 

z-transforms of, 61-63 
correlation: 

computation of estimates, 556-62 
properties of, 388-89 

covariance: 
estimates of, 554-55 
properties of, 388-89 

discrete-time signals, 8-11, 30-34 
envelope of, 361 
even, 24, 26 

exponential;
complex cepstrum of, 501-3 
multiplication by, 60-61 

finite-area, 117 
finite-duration (see Discrete Fourier 

transform)
left-sided, 50-51 
maximum-delay, 353 
maximum-phase. 353. 503-6 



 

 
 

   

  

  
 

 

 

 
 

 

   

   

 

  

   

  
  

   

  

 

 

   

 

    

    

   

  

  

 
    

    

   
 

  

    

 

  

    

    

   

   

   
 

   

 

  

   

 

  

   

    

    

  

    

   

  

   

  

   

 

  

 

   

  

  
  

   

    

    

  

  

  

     

   

  

 
  
    

 
   

   
  

  
  

  
  

  
    
    

  

   
    

  
   

    
   

  
  

    
  

     
     

    
 

   
   

  
     

     

   
  

   
     

  
   

     
     

    
    

    
  

    
  

   

    
  

   
    

     
     

 

   
     

    
 

   
    

   
    

  
   
  
    

 

   
   

   

 

    
     
     

   
   

 

   

      
    

584 Index 

Sequences (Cont:)
minimum-delay, 353 
minimum-phase, 347, 348, 352-53, 

503-6 
odd, 24, 26 
periodic, 10, 88-96 
real, 81 
right-sided, 48-50 
sample, 379 
separable, 31 
two-dimensional, 30-34 
two-sided, 51-52 
unit-sample, 8-10, 30, 31 

Shift-invariant systems (see Linear 
shift-invariant discrete-time 

systems)
Sign bit, 408 
Sign and magnitude, 408 
Signal flow graphs:

digital networks, 137-43 
FFT algorithms, 291-308, 312-18 
transposition theorem. 153-55 

Signals:
analytic, 358-59 
defined, 6 
discrete-time (see Discrete-time signals 

and systems) 
random (see Discrete random signals) 

Sink nodes, 140, 141, 143 
Smoothed spectrum estimators. 548-54, 

562 

Bartlett’s procedure, 548-49 
Welch method, 553-54 
windowing, 549-53 

Source nodes, 139-40, 141, 143 
Spectral estimation (see Power spectrum 

estimation)

Spectrum representations of infinite-energy
signals, 388-91 

power spectrum, 390-91 
properties of correlation and covariance 

sequences, 388-89 
z-transform representations, 389-90 

Speech parameters, estimation of, 512-19 
Speech signals, echoes in, 522-24 
Stable system, 15, 32 
Stationary random process, 382 
Statistically independent random variables. 

382. 383-84 

Step invariance procedure, 203 
Stopband, 196 
Superposition, generalized, 481-84 

Symmetry properties, discrete Fourier 
transform, 103-5 

System, defined, 11 
System function, 67-73, 75-77 

Taylor’s series expansions, 163, 165 
lellegen’s theorem for digital filters. 

173-81 

network-sensitivity formula, 178-81 
proof of transposition theorem, 176-78 
reciprocal and interreciprocal networks. 

175-76 

Time averages, 386-87 
Transfer function matrix, 144 
I'ransition band, 196 
Transposition theorem, 153-55, 176-78 
Truncation, 409-13 
Two-dimensional discrete Fourier 

transform, 115-20 
I'wo-dimensional sequences and systems 

30-34 

I'wo-dimensional z-transform, 73-77 
I'wo’s-complement representation, 408-9 
Two-sided sequences. 51-52 

| 

Uncorrelated random variables, 383 
Unit-sample response, 20, 67-73, 75-77 
Unit-sample sequence, 8-10. 30. 31 

Vocal tract, 512-13 
Voiced sounds, 512 

A 

Welch method, 553-54 

Windowing:
design of FIR filters with, 239-50 
smoothing periodograms with, 549-53 



 

   

 

 
   

 

 

   

 

    

  

  
  

  

  

 

    

 

 

    

 

  

   

   

    

   

   

   

 

  
 

  

   

   

 

 

  

 

    
  

  
    

  
  

    
  

     
   

   
   

   
   

  
     

 
  

     
  

   
    

    
     
    

    
    

  
   

  
   

    
    

  
  

Index 585 

7 

Zero-input limit cycles, 419-23 
z-transform, 45-86 

chirp, 321-26 
correlation and covariance sequences 

and, 385-90 
defined, 45 
Hilbert transform and, 337-53 
inverse, 52-58 

Cauchy integral theorem, 52, 65 
complex integration, 52-55 
partial-fraction expansion, 56-58 
power series, 55-56 
use of, 54-55 

Laurent series, 47 
one-sided, 46 
pole-zero plot, 47-48, 51, 70-73 

z-transform (Cont.)

rational, 58-59 
region of convergence, 47-52, 58-59 
sampling, 96-98 
system function, 67-73 
theorems and properties, 58-67 

complex convolution theorem, 63-66 
conjugation of complex sequence, 61 
convolution of sequences, 61-63 
differentiation of X(z), 61 
initial value theorem, 61 
linearity, 59-60 
multiplication by exponential 

sequence, 60-61 
Parseval’s relation, 66 
region of convergence, 58-59 
shift of sequence, 60 
two-dimensional, 73-77 
two-sided. 46 
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